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Preface

This volume is based on nine series of lectures presented at the Abecedarian School
on Symmetries and Integrability of Difference Equations (ASIDE). The school took
place at the Centre de recherches mathématiques, Université de Montréal, June 27—
July 1, 2016. It was followed by an international meeting on the same subject,
SIDE 12, held in Sainte-Adele, Québec, Canada, July 33-9, 2016.

The SIDE meetings take place every two years since 1994 and it has become
a tradition that a school precedes these meetings. The school is aimed at graduate
students, postdoctoral fellows and other early career researchers (ECRs) to prepare
them for full participation in the actual meeting.

Lecturers at summer schools are usually famous or at least distinguished senior
scientists; the participants are usually ECRs. The ASIDE schools break with this
tradition. The lecturers and the students at the school were ECRs. The idea,
originally proposed by ECRs at the SIDE 8 meeting in 2008, was that this would
encourage a more informal atmosphere, make it easier to ask questions and have
in-depth discussions. A previous ASIDE school together with the SIDE 10 meeting
took place near Shanghai in 2012. This is the first time that ASIDE lectures are
published. They were carefully refereed by experts in the field.

The topics treated in each of the nine lecture series coincide with those treated
in the nine sessions of SIDE 12. The ASIDE lecturers were proposed by the session
organizers and were usually current or former graduate students or postdoctoral
fellows of the session organizers. Thus they all had in-depth and up-to-date
knowledge of the field they were lecturing on. The fact that their knowledge was
recently acquired meant that the lecturers were well aware of the difficulties they
had encountered. This was a great advantage from the pedagogical point of view.

The consensus was that the ASIDE experiment was a successful one. Most of the
participants stayed for the SIDE 12 meeting and contributed to and benefitted from
both events.

There were 95 participants at SIDE 12, 56 at ASIDE with a large overlap between
the two. Both SIDE 12 and ASIDE were made possible by generous support from
the NSF, the CRM and the UMI/CRNS.



vi Preface

Each of these lectures is an introduction to the corresponding SIDE session and
we are sure that they are of permanent value. The volume should be useful both to
beginners entering into the field and to seasoned practitioners.

Roma, Italy Decio Levi
Montréal, QC, Canada Raphaél Rebelo
Montréal, QC, Canada Pavel Winternitz

February 2017



Contents

Continuous, Discrete and Ultradiscrete Painlevé Equations ................ 1
Nobutaka Nakazono, Yang Shi, and Masataka Kanki

Elliptic Hypergeometric Functions...........................ooi 43
Fokko J. van de Bult

Integrability of Difference Equations Through Algebraic Entropy

and Generalized Symmetries ... 75
Giorgio Gubbiotti

Introduction to Linear and Nonlinear Integrable Theories

in Discrete Complex Analysis................cooiiiiiiiiiiiiiiiiiiiii i, 153
Ulrike Biicking

Discrete Integrable Systems, Darboux Transformations,
and Yang-Baxter Maps...........oooiiiiiiiiiiiiii 195
Deniz Bilman and Sotiris Konstantinou-Rizos

Symmetry-Preserving Numerical Schemes.................................... 261
Alexander Bihlo and Francis Valiquette

Introduction to Cluster Algebras...........................iiiiiiii.. 325
Max Glick and Dylan Rupel

An Introduction to Difference Galois Theory................................. 359
Julien Roques

Lectures on Quantum Integrability: Lattices, Symmetries and Physics ... 391
Mitosz Panfil

IndexX ..o 431

vii



Contributors

Alexander Bihlo Department of Mathematics and Statistics, Memorial University
of Newfoundland, St. John’s, NL, Canada

Deniz Bilman Department of Mathematics, University of Michigan, Ann Arbor,
MI, USA

Ulrike Biicking Institut fiir Mathematik, Technische Universitit Berlin, Berlin,
Germany

Max Glick Department of Mathematics, University of Connecticut, Storrs, CT,
USA

Giorgio Gubbiotti Dipartimento di Matematica e Fisica, Universitad degli Studi
Roma Tre, Roma, Italy

Masataka Kanki Faculty of Engineering Science, Kansai University, Suita, Osaka,
Japan

Sotiris Konstantinou-Rizos Institute of Mathematical Physics & Seismodynam-
ics, Grozny, Russia

Nobutaka Nakazono Department of Physics and Mathematics, Aoyama Gakuin
University, Sagamihara, Kanagawa, Japan

Milosz Panfil Faculty of Physics, University of Warsaw, Warszawa, Poland

Julien Roques Institut Fourier, Universit¢é Grenoble Alpes, UMR 5582 CNRS-
UGA, Gieres, France

Dylan Rupel Department of Mathematics, University of Notre Dame, Notre Dame,
IN, USA

Yang Shi School of Mathematics and Statistics, The University of Sydney, Sydney,
NSW, Australia

ix



X Contributors

Francis Valiquette Department of Mathematics, State University of New York at
New Paltz, New Paltz, NY, USA

Fokko J. van de Bult Department of Applied Mathematics, Delft University of
Technology, CD Delft, The Netherlands



Continuous, Discrete and Ultradiscrete Painlevé
Equations

Nobutaka Nakazono, Yang Shi, and Masataka Kanki

Abstract We give an introductory lecture on the theory of Painlevé equations,
which are one of the most important objects in the theory of integrable systems,
and their discrete counterparts. The lecture is divided into three parts: the Painlevé
equations, discrete Painlevé equations and ultradiscrete Painlevé equations.

1 Introduction

Before going into the details, let us briefly introduce Prof. Paul Painlevé. He was
the first mathematician to board an airplane and also Wilbur Wright’s first airplane
passenger. He later turned to politics and became the French Prime Minister twice in
1917 and in 1925. In this lecture, we study the theory of Painlevé equations, which
are six ordinary differential equations listed in Sect.2.1 and found by P. Painlevé
and his student B. Gambier. Moreover, we also study their discrete counterparts.

This lecture note is divided into three topics: (Sect.2) the Painlevé equations,
(Sect.3) the discrete Painlevé equations, which are discrete analogues of the
Painlevé equations, and (Sect.4) the ultradiscrete Painlevé equations, which are
ultradiscrete limits of the discrete Painlevé equations. In the following, we will
present a brief explanation of the content of each section.

In Sect.2, we focus on the Painlevé equations. The Painlevé equations have
special solutions expressed in terms of the special functions for particular values
of the parameters. As famous examples of special solutions, rational solution
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and hypergeometric solution are presented. The Painlevé equations have Béacklund
transformations, which generate an infinite number of special solutions starting from
one special solution. It is also known that the Bécklund transformations form an
affine Weyl group. In this part, we study the special solutions and the affine Weyl
group symmetries of the Painlevé equations using the Pyy equation as an example.

In Sect.3, as an example we derive a discrete Painlevé equation from the
Bécklund transformation s of the Pry equation of Sect. 2. In fact many of the first
examples of discrete Painlevé equations were found this way [1, 13], until the
classification of Sakai in 2001 [46]. We give a brief overview of this classification,
noting that it comprises of three lists of—additive, multiplicative and elliptic—
difference equations. One important aspect of the discrete Painlevé equations
highlighted here is their formulations as birational realizations of the affine Weyl
groups. We give two discrete Painlevé equations associated with the extended
affine Weyl group of type A, W(Ag)), an additive difference equation: d-Py,
and a multiplicative difference equation: ¢-Pry. Many interesting properties of the
discrete Painlevé equations are reminiscent of those of the Painlevé equations.
As an example, we derive the hypergeometric type special solutions for the g-
Prvequation. The section concludes with an overview on the hypergeometric type
special solutions for the elliptic and multiplicative difference Painlevé equations of
Sakai’s list.

In Sect. 4, we focus on the so-called ultradiscrete limits of the discrete Painlevé
equations, and the relations between theses ultradiscrete equations. In 1996, Toki-
hiro and his collaborators invented the limiting procedure called ultradiscretization
[52], by which various “integrable” cellular automata have been obtained. These
cellular automata are called the ultradiscrete equations and are defined over the
max-plus semifield. In this part, after introducing the technique of ultradiscretiza-
tion through examples, we present several ultradiscrete analogues of the discrete
Painlevé equations: i.e., second nonlinear difference equations over the max-plus
semifield. For example one of the ultradiscrete Painlevé II equations has the form

Xu+1 + X—1 — X, = a + max[0,n — X,,] — max[0,n + X,] ,

where n is the independent variable and a is a parameter. Many of the properties
in previous parts including the degeneration diagrams remain true even in this sim-
plified setting. Ultradiscrete analogues of special solutions described by piecewise
linear functions are also presented.

2 Painlevé Equations

The first part by N. Nakazono focuses on the Painlevé equations, which are
integrable nonlinear ordinary differential equations of the second order. It is
well known that the Painlevé equations have many interesting properties: special
solutions, affine Weyl group symmetries, Hamiltonian structures, isomonodromy
problems (Lax pairs), and so on. Here we study the special solutions and affine
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Weyl group symmetries using the Painlevé IV equation as an example. This section
is written based on [23, 32].

2.1 Introduction

A singularity that depends upon the initial conditions of the equation is referred to
as a movable singularity. For example, the differential equation

dw(t)

5 = O wn #0 (1)

can be exactly solved, and its solution is given by
1
t—c’

w(t) =

2)

where c is an integral constant. The solution has a singularity at a point ¢ = c. Since
¢ is determined by the initial condition at r = 1y, that is,

1

c=1tH——-;,
w(to)

3)

this singularity is a movable singularity. A differential equation is said to have the
Fainlevé property if its solutions do not have movable singularities other than poles.
For example, the Eq. (1) has the Painlevé property. With the Painlevé property,
Painlevé et al. classified all the rational ordinary differential equations of second
order of the form

Yy =R(.y.Y), “4)
where

y = (1) y’=Q o &

= — . 5
dt 4 dr? ©)

As a result, they showed that except for the differential equations which can be
integrated algebraically or transformed into linear equations or into the differential
equations solvable by elliptic functions, any differential equation of the form (4)
with the Painlevé property is reduced to one of the following equations (the Painlevé
equations) [2, 3, 42]:

Pi: Yy =6y"+1
Pp:y' =2 +ty+a
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/\2 / a2+ 5
Pm:y"=u—x+y—'8+yy3+—
y ! t y
\2
Py :y' = o) +4t +2(t2—oz)y+é
2y y
1 y —1)? ] +1
Pv:y":( )(y)2 (yz)(ay+'8)+g+ y(y )
2y — t y y—1
1/1 1 1 1 1
P ://=_ - - 2 - - - /
v 2(y+ 1" )() ( t—1+y—t)y

—D(y—t t t—1 St(t—1
+y(y )(y)a+ﬁ_+J/( )+( )
2(t—1)2 ¥ o =D (-1

Here, o, B, y and § are complex parameters. Starting from Py; we can, through

appropriate limiting processes, obtain the other Painlevé equations as the following
diagram of degenerations:

Py Py P

) 3) 2
Py Py Py
2 (1) 0)

We note that the numbers inside the parentheses indicate the number of essential
parameters of the equations.

In [33, 35-38], Okamoto introduced the notion of space of initial conditions
for the Painlevé equations. The space of initial conditions is a rational surface
constructed by resolving the singularities of the equation by blowing-up at each
singular point. The space of initial conditions is characterized by the root systems,
and its type is called by the type of the corresponding root system. In view of the
space of initial conditions, Py can be divided into three types: D(61)-, D(71)- and Dél)-
type by the values of parameters as follows:

Py v8#0
P/ : v=0,a6#0 (ord=0,8y #0)
Pjf : afp#0,y=0,8=0.

Therefore, it is quite natural to classify the Painlevé equations into eight types and
to consider the following diagram of degenerations:
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ph ph ph
P P P 6 P 7 P 8
2/11) (\I) I 1(11 ) 11(11 y 11(11 y
(Di”) (Ds7) (Ds”) (D7) (Ds”)
Py Py Py
(") (E5") (E5")

We note that the symbols inside the parentheses indicate the types of the space of
initial conditions.

Exercise 2.1 Find movable singularities of the following differential equation:

dw(r) w(t)?
a

(6)

2.2 Special Solutions

Painlevé et al. had a motivation to find a new class of special functions defined by
nonlinear differential equations. In this sense, the solutions of the Painlevé equations
are called the Painlevé transcendents. With the exception of special cases it is
known that the solutions of the Painlevé equations are really transcendental. On
the other hand, we are also interested in the special cases. We call such solutions
special solutions. Famous examples of special solutions, rational solution and
hypergeometric solution are well known. Note that the rational solution is a solution
expressed in terms of a rational function of the independent variable #,while the
hypergeometric solution is a solution expressed in terms of the hypergeometric
function.
In this section, we consider the rational and hypergeometric solutions of Pry:

2 33
y//z(y) +i+4zy2+2(t2—a)y+ﬁ~ Q)
2y 2 y

2.2.1 Rational Solutions

We construct the rational solutions of Py of the form

cit+ e
c3t+ ¢y ’

y= ®)

where ¢;, i = 1,2, 3, 4, are constants such that ¢;cq4 # cac3.
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Substituting (8) in Pry, we obtain the following equation:
Ag—4A 1t — 2A2t - 4A3t +A4l‘ — 80103(6‘1 +cicq+ C2C3)l‘ - 401031‘ =0, )
where

2
Ag = —C1C4 —2c10203¢4 — 302 + 30203 + 40{czc4 2,304 , (10)
Ay =C%C3C4 + 3c1c2 C]C2C3 2ac1czc4 + 26‘26‘4

- 2ac§C3C4 + 2,36‘36‘431 ,

(11)
90102 201c1c4 + 12C1C2C4 — 8acicrczes + 40203 a2)
—2ac5c3 + 2¢5¢; + 6Bcics
Az =3c?cz + 6C%C2C4 — 2010%0304 + 6c|c§C3 — 205clczc3
(13)
+ ZClczci + 26%6364 + Zﬁcgq ,
Ay = — 3¢ —8cicy — 24ctcacy + dacic; — 4cke
(14)
— 16cicac308 — 4c2cz Zﬂc3 .
From the coefficient of #°, we obtain
C]ZO or C3=0. (15)
Let us here choose the case
c3=0. (16)
Then, (9) becomes
3¢5 — dacye; + 2B + cich + dea(3eic; — 2acich + 2c5c)t
+ 2(9c3c3 — 2032 4+ 12¢icheq + 2635 + deier(3c? + 6eicy + 2007
+ cl(cl + 2¢4)(3cy + ZC4)t =0. (17
From the coefficient of #*, we obtain
c1+2c3=0 or 3ci+2c=0. (18)

Let us consider the case of

3c1 +2¢4=0. (19)
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This gives the following conditions:
=0, a=0, f=-%. (20)

Therefore, we finally obtain the rational solution

=——, 21
y 3 2D
when parameters take the following special values:
2
a =0, ,3:—5. (22)

Exercise 2.2 Find the other rational solutions in the form of (8).

2.2.2 Hypergeometric Solutions

In this section, we construct a hypergeometric solution which can be obtained
through the Riccati equation. Let

B=-2(+1)>. (23)
Then, Py can be reduced to the following first-order differential equation:
Y =yQ2t+y)—2(x+1). 24)

This equation is known as the Riccati equation. It is well known that the Riccati
equation can be solved by a hypergeometric function. In fact, letting

y=—-=. (25)
the Riccati equation (24) can be reduced to the following linear differential equation:
G’ =2tG' +2(a + 1)G . (26)

This equation is known as Hermite’s differential equation whose solution is called
the Weber function.

Remark 2.3 For
a=-n—1, 27
where n € Z >, (26) can be solved by using the Hermite polynomial:

G=H,®), (28)



8 N. Nakazono et al.
where

1\ Hzi —2/2
H(1) = (=1 () 29)
This gives the rational solutions of Pry. In this sense, the hypergeometric solutions
contain some rational solutions.

Remark 2.4 1t is well known that the coalescence cascades of hypergeometric func-
tions, from the Gauss’s hypergeometric function to the Airy function, correspond to
the diagram of degenerations of the Painlevé equations, from Py; to Py, in the sense
of the hypergeometric solutions [12]:

b pH N
Pyvi Py p Hf p HI7 p II?
Gauss Kummer Bessel X X
Py Py Py
Weber Airy X

OISO
D D . . .
Note that P/ , P;j and P; do not have hypergeometric solutions. In this sense,

solutions of the Painlevé equations can be regarded as nonlinear analogues of the
hypergeometric functions.

Exercise 2.5 Confirm that the Riccati equation (24) satisfies Py (7) under the
condition (23).

2.3 Bdcklund Transformations

In this section, we consider the Béacklund transformations which leave the form of
the Painlevé equation invariant but change the parameters. Here we present two of
the important properties of the Bicklund transformations: (1) generating an infinite
number of solutions starting from one solution, and (2) forming an affine Weyl
group, using Pry as an example.

2.3.1 A Bicklund Transformation
For later convenience, we use parameters «; and o, defined by

a=1—a—20, B=-2a7. (30)
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Then, Py is rewritten as follows:

2 2&2
y' = (y) +4ty +2( — 1+ oy + 200)y — —L . (31)
2y 2 y

Let us define the variable y by

_ 2t + —v -2« 4y(l —o) —«
y=—2t—y+( Yy =y 1, _Hd-o / ) (32)
2y Qt+y)y—y —2a

Then, y also satisfies Pyy:

_ N2 bt ~ 20(—12
y' = (y2)+7+4ty +2(% =2+ a) + 2w)y % (33)

Therefore, the transformation 7; defined by

Ti:(y, o1, 2) = (3,01 — L), (34)

is a Backlund transformation of Pyy.

Remark 2.6 'We can redefine a Bicklund transformation to be an operator on the
variables which commute with the operation of differentiation.

Remark 2.7 Compositions of Bicklund transformations are also Béacklund transfor-
mations.

Exercise 2.8 Confirm that y satisfies (33) if y is a solution of (31).

Exercise 2.9 Confirm that 7; commutes with d/dz.

2.3.2 Higher Solutions

In this section, we construct other special solutions of Pry by using the special
solutions given in Sect. 2.2 and the Bécklund transformation 7 given in Sect. 2.3.1.

Substituting the rational solution (21) with the conditions for the parameter (22)
or, equivalently,

30[1 = 30[2 =1 s (35)
into (32), we obtain the following rational solution of (33):

__1 2t 36)
Y=ET T3



10 N. Nakazono et al.

In other words, by applying the Bécklund transformation 7' to the known rational
solution (21), we obtain the following new rational solution of (31):

12 37)
PR
when
30[1 =-=-2 s 30[2 =1. (38)

In a similar manner, from the hypergeometric solution (25) with the condition of the
parameter (23), or equivalently,

o t+ay =1, (39)
we obtain the following new hypergeometric solution:

wG G G
=+~ -1,
G G 26

(40)
when
o +a,=0. 41

Repeating this procedures, we can obtain an infinite number of rational solutions
(see [18]) when

3y =1-3n, 3ax=1, (42)
where n € Z>, and an infinite number of hypergeometric solutions (see [27]) when
ai+ay=1—n, (43)

where n € Z>,.

Remark 2.10 The special solutions which can be directly obtained from equations
such as (21) and (25) are called seed solutions, while the solutions which can be
obtained from these seed solutions using Bicklund transformation such as (37)
and (40) are called the higher solutions.

Remark 2.11 1In general, higher solutions can be expressed by the ratio of determi-
nants whose entries are the seed solutions (for further details see Remark 6.1 of [23]
and references therein). The structure of the determinant is one of the most important
properties of the Painlevé equations, since it shows the connections between the
Painlevé equations and various areas, such as the theory of orthogonal polynomials,
that of two-dimensional quantum gravity, that of random matrices, and so on.

Exercise 2.12 Confirm that (37) with (38) and (40) with (41) are solutions of (31).
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2.3.3 Affine Weyl Group Symmetry
In this section, we show that the Bécklund transformations of a Painlevé equation

form an affine Weyl group.
Let us consider the following system of the differential equations:

fo=hth—=A +a, fi=H—f)+au, fLr=LHF—-f)+o, (44)

where
. , d
fi=fi(s) i=0,1,2), = —. 45)
ds
Here, f; and «; satisfy
atat+ao=1, fo+fi+tfhr=s. (46)

This system is equivalent to (31) and is called the symmetric form of Pry. Indeed,
we can obtain (31) from the system (44) as follows. From the system (44) and the
relation (46), we obtain

A=At +2L—3)+ar, 47)
A =fAh+26-9+AF +26-1), (48)
H=—hHQfi+fh—s) +a. (49)

Eliminating f> and f; from these three equations and applying the change of variables

y(1) NG
§) =——=, s=+2t, 50)
fi(s) NG
we obtain the Eq. (31).
We introduce the transformations {sg, s1, 52, 77} by the following actions:
o
si(ey) = aj—ajay;,  sify) =J§+J7MU . wl) =i, 7)) =fir1, O
where i,j € Z/3Z. Here, A = (a[j)fj=0 is given as the following symmetric 3 x 3
matrix:

2 —1-1
A=|-12 -1}, (52)
—-1-1 2
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which is the Cartan matrix of type Ag). The matrix U = (u;j)l.szo is given by the
following the skew-symmetric matrix:

U=[|-10 1]. (53)

These transformations are Bicklund transformations of Pry. The transformations
{S0, 81, 52, 7} satisfy the following relations

57 = (sisip))’ =1, (54a)

=1, ms= Si+17T (54b)

where i € Z/37Z. The relations (54a) are the fundamental relations of the affine
Weyl group of type A(zl). Therefore, these transformations generate the extended

affine Weyl group of type A': W(Agl) ) = (s0, 51,52, 7). Thus Py is said to have
the affine Weyl group symmetry of type A;l).

Remark 2.13 The transformation T defined by (34) is an element of \~V(A§1)).
Indeed, it is given by the composition of the generators of W(Ag”) as follows:

T, = msys . (55)
Moreover, we can easily construct the inverse mapping of 7} by the following:
7,7 = sysom? . (56)
0]

Other Painlevé equations except for Py and PE}‘ also have the affine Weyl group
symmetries [33, 35-38]:

W W )
Py; Py Py P P
(D) (A8 (2a1") (") (>)
Py Py P
(As) (AfY) ()

Inside the parentheses, we have presented the types of the extended affine Weyl
groups.

Exercise 2.14 Confirm that the transformations {sg, s1, 52, 7} are Bicklund trans-
formations of Pyy.
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Exercise 2.15 Confirm that the fundamental relations (54) hold under the
actions (51).

3 Discrete Painlevé Equations

This section by Y. Shi looks at the discrete analogue of the Painlevé equations.
Many remarkable properties of the continuous Painlevé equations remain true in the
discrete setting. With an emphasis on the affine Weyl symmetries of the equations,
we explore some of these properties such as Béacklund transformations and special
solutions. Material covered in this section is based on those of [23, 32], where
extensions and generalizations of this material can be found for the interested reader.

3.1 A Brief Introduction with an Example

Discrete Painlevé equations were initially recognized as difference equations aris-
ing from Bécklund transformations Bécklund transformations of the continuous
Painlevé equations [1, 13]. Many familiar features of the continuous Painlevé
equations also exist for the discrete Painlevé equations. For example, just as the
Painlevé equations can be seen as nonautonomous generalizations of the elliptic
equations, discrete Painlevé equations have been derived [7] by de-autonomizing
the QRT maps (integrable second order maps known as the discrete analogues of
elliptic functions [43]). More examples of discrete Painlevé equations have been
derived as reductions of discrete analogues of integrable PDEs [8, 16, 30, 31]; and
by a discrete analogue of the isomonodromy approach [14]. In 2001, Sakai gave
the classification for the discrete Painlevé equations [46] via a geometric approach
inspired by Okamoto’s work on the space of initial conditions for the Painlevé
equations [34].

Before going into the details of discrete Painlevé equations, we continue on with
the discussion of the Bicklund transformations of the fourth Painlevé equation (Pry)
from the last section and explain how a purely discrete Painlevé equation can be
derived through the symmetry of the Bécklund transformations of a continuous
Painlevé equation.

3.2 A Discrete Painlevé Equation Arising from the Backlund
Transformations of the Pyy Equation

In Sect. 2.3.1 we have seen that if y is a solution of the Py equation

N2 333 202
Y = ();y) + % +4n? +2(% — 1 4 o) + 200)y — 71 (57)
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here ’ = d/dt. Then the function y, related to y by the Bicklund transformation,

v+ Q2+ y)y—y — 20 4y(1 — oy — )

y = =2t —
Y 2y Qt+y)y—y -2

(58)

is also a solution of (57) with the corresponding parameters &; = «; — 1 and &, =
a;. This transformation is denoted by

Ti:(y, o, 02) = (3,01 — L) . (59)

Moreover in Sect.2.3.3, after a change of variables the Py equation was recast
into a more symmetric form

fo=hth—-fH) +a., fi=fHa—fo)+ar, fH=HF—fi)+a, (60)
here ’ = d/ds and

a+tar+a=1, fo+fi+thHh=s. (61)

Exercise 3.1 Verify that the simplest special (seed) rational solution of the Py
equation given by (21) and (22) in terms of the symmetric variables and parameters
is given by

) L' 115 ss 2
(ao,al,az,ﬁ],fl,fz)—(3,3,3,3»3,3)- (62)
In this symmetric parametrization, the Py equation can be described as a
birational realization of W(Agl)) = (89, 81,52, ), with the generators satisfying
the defining relations given in (54a).
Birational transformations associated with the generators s, si, 2, T given
by (51)-(53) are summarized in Table 1.
The Bicklund transformation (59), corresponds to a translational element of the
group W(A;l)), can now be expressed in terms of a composition of transformations
associated to the generators: T = ms,s].

Table 1 The Py equation as birational realization of W(Agl))

Qo ay a; fo h f
(o %)) o
S0 —o ap + o ay + @ Jo h+— Hh——=
Jo fo
. o . o
5] ap + o —o a + o fo—— h L+ —
h f
(0%} (0%
) ag + a o) + o —a fot+ — h—— i3
f i3

7 a a ao h f fo
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Transformations associated with the elements of W(Agl)) on the Py equa-
tion (60), that is their effects on the symmetric variables fy, fi,f> and parameters
ap, o1, 0 can be nicely visualized using the geometric realization of the Weyl
groups in Euclidean space. We now give a brief introduction on the Weyl group
and this geometric interpretation using the W(Ag” ) case as an example. We follow
closely the terminology and notation of Humphreys [11].

3.2.1 Weyl Group

Let Agl) = (Aj)o<ij<2 be an extended Cartan matrix of type A,

2 —1-1
(Ajo<ijca = -1 2 —1]. (63)
-1-12
Let V() be a 3-dimensional real vector space spanned by

AD = (o, 0,00} andlet§ = o + ) + a3 , (64)

then we see that {a;,a,68} is also a basis of VD, Let VIO* be a 3-dimensional
real vector space spanned by { &1, 1y, hs} and define a bilinear pairing ( , ): V() x
v* 5 R by

(o, hj) =65, (o hs) = (8, ) =0for1 <i,j<2, and (8,hs)=1.
(65)

Vectors o1, o, are called the simple roots, AD the set of simple affine roots, § the
null root and Ay, h, the fundamental weights, and finally P = Z{hy, h,} is the weight
lattice. Define the set of simple coroots A" = {of @), ey} in VIO* by

2
af = Ayh; and oy =—h —h . (66)

J=1
we see that oy’ + o)’ + ;= 0 and it can be easily checked that

<Oll‘,a’jv> =A,] (67)

for all i,j € {0,1,2}. For each i € {0, 1,2} define a linear transformation s; on
vy by

S,'Olj = Olj — (Otj,Oll-v)Ol,' = C(j —AjiOll' R (68)
and on V(V* we have
S,'.Otjv = Ollv —A,:,'O(iv . (69)
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The affine Weyl group of type A, is the group W(Ag)) = (s0,51,52), with the
generators satisfying

sz =1 s (Sij+1)3 =1 (] S Z/3Z) . (70)

The affine root system is given by @ = W(A").AD = (¢ +kS |« € D,k € Z},
where @ = W(A;).{o1, o} is the finite root system and W(A;) = (sq, ;) the
finite Weyl group of A, type. The affine Weyl group can be further extended by
a Dynkin diagram automorphism 7 to the extended affine Weyl group W(A(zl)) =
(s0, 51, 82, ), with the additional relation to (70):

=1, msj=spim. 71)

The group W(Agl)) decomposes into the semidirect product of translations on the
weight lattice P and the finite Weyl group acting on the weight lattice:

W(AY) = (14, tr,) X W(A) = Tp x W(A,) (72)
where 1, € W(A(zl)) (i = 1, 2) are the translational elements associated to the two
fundamental weights.

Let u € V, so that (6, u¥) = 0 and {(u, ") # 0. The translational element
associated to u in W(A;l)) is given in terms of a composition of reflections

Ly = S5—uSy (73)
and
wtﬂw_1 =tyy, WE W(Agl)) . (74)
The action of 7, on the simple affine roots «; for i € {0, 1,2} is given by
o =0 — (o, 1) = oy — pid (75)
where we have let (o;, ") = p;, that is 7, shifts o; by —p; multiples of 8.
The translational motions by the affine Weyl group can be understood by
considering the transformations on a hyperplane in V(V*_ Define a hyperplane H
in V(D* by,

H={heVVO*|(5h =1}. (76)

Then generators s,—xs associated with the affine roots o — k6 € ®D actonh € H
by the formula

Sa—is-h = h— (o, h) — k)t 17
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where a¥ € @V, k € N. The generator s,—s act by reflection about the plane Hy—s
given by

Hyws ={heH|{a,h) =k}, notethat Hy,_5 = H 4145 . (78)

Observe that 5,5 given in (77) are reflections about planes that do not pass through
the origin for k # 0, that is, they are affine transformations on H.

Exercise 3.2 Verify that the action of ¢, on H is given by
thh=h+u" . (79)

using (69), (73) and (77).

Remark 3.3 We will see later that it is the translations by weights on the weight
lattice P that give rise to the Béacklund transformations and “time evolution” of the
discrete Painlevé equations.

Recall, the Bécklund transformation 7 of the Py equation is given by
T, = Ip, = 7828 .« (80)

This is the translational element associated to the fundamental weight 4. Its linear
action on the simple affine roots is given by:

tny: (@, 01, @) > (ot + 8.0y = 8, 00) (81)
and as translational motion in the affine hyperplane H is:
thh=h+h . (82)

Exercise 3.4 Verify (81) using formula (75).

Exercise 3.5 Using (74) and (80), show that the translation by fundamental weight
h, is given by

I, = JT71S1SQ . (83)

3.2.2 The Parameter Space of the Py Equation

Now we can interpret the Pry equation (60), in particular its birational formulation
given in Table 1 using the objects of W(A(zl)) which we have just discussed. First,
let us look at the actions of the generators on the parameters ¢, o1, . Recall that,
the parameters satisfy the condition ¢y + o] + &, = 1. This condition is represented
geometrically as the triangular lattice in Fig. 1. This triangular lattice, namely the
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A, lattice, is associated to the infinite Weyl group W(A;l)) = (S0, 51,52, T) as
follows. The fundamental triangular region F of the lattice is bounded by the
reflection hyperplanes associated with three reflection generators s, 51, 52; whereas
the Dynkin diagram automorphism m acts by anti-clockwise rotation of 2m/3
centered at the center of F. The fundamental region F' can be mapped to any triangles
on the lattice by compositions of these transformations.

Exercise 3.6 Pick a general point inside F, p = (oo, 1, ) and verify geometri-
cally the transformations associated to sy, s, s> given in Table 1.

The special solutions of the Pry equation discussed in Sect. 2.2, correspond to the
special values of the symmetric parameters, are associated to the special points on
this lattice, can be easily read off. For example, the seed rational special solution in
Sect. 2.2.1 given by (62) can be located as the center of F', where g = ) = o0y = %
The seed hypergeometric special solutions of Sect.2.2.2 given by (25) and (26) for
the parameter value o; +a» = 1 or equivalently oy = 0 is represented as a line in the
A; lattice of Fig. 1. The chain of special solutions of rational and hypergeometric
type generated by the Bécklund transformation 7; discussed in Sect.2.3 are the

center of F and the line g = 0, shifted one step to the left by T, respectively.

oy =2 ag=1 ag=0 ayp=-1 ayg=-2 S1
A /
AY
\ >
A /
\ /
\ /
\ /
\ /
\ /
\ /
A /
\ /
\ /
\ /
\ /
\ /
\
Qg = 2 ‘\ ll
\ /
\ /
\ /
N/
\
ar =1 ¥
AN
/
7/ \
¢ /T ‘:)
/
/ \
a2 _O. .................... ?m—=——-——- .\\ ............... } 52
/ wt \
II \
/ \
/ \
/
s =-1 % AN
/ \
/ N\
/ \
’
’ ‘\
Qo = -2 'l 'Y
/ (J\
/
/ S0

a;=-1 a1 =0 a; =1 ap =2 ap =3

Fig. 1 The parameter space of Py
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H—ao+26 H—(m+5 Hao Hao+6 H(m+25 51
N

H—a2+25

H—Ut2+6

Ha2+6

H(12+26

S0

/
H0¢1+5 Hozl H—a1+5 H—al+26 H—al+36

Fig. 2 The A, lattice with the f-variables. The black vertices are the coroots and white vertices
are the weights. The (fy, fi,f>) variables are defined on the three edges of the fundamental region
F, that is, as ratios of the weights. Translation in the 7' direction is denoted by ~ and translation
in the opposite direction of 7T is denoted by —. The translated fundamental region F by T, 1>, T3
are also indicated on the lattice

Exercise 3.7 Locate the special rational et hypergeometrical solutions of the Py
equation given by (37) and (40), respectively, on the triangular lattice in Fig. 1.

3.2.3 An Additive Difference Painlevé Equation

To understand the actions of the generators on the (fy,fi,f>) variables given in
Table 1 we use the A, weight lattice P, associating the (fy,f1,f>) variables with
the three edges of the fundamental region F' (see Fig.2). Then transformations on
the f-variables are induced from the actions of W(Agl)) on the weights (vertices
of the lattice). In this representation, the parameters the Py equation «y, o1, a2,
associated with the simple affine roots of A, type, can be read off from the index of
the reflection planes Hy, 445 fori € {0, 1,2}.

For example, the fundamental region F bounded by the three reflection planes
Hy,, Hy, and H,,, is associated with the parameter values: g, o1, otp. The translated
fundamental region T.F is bounded by the hyperplanes Hy,+s, H—4,+s. Hy,, Which
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are associated with the parameter values: ap+ 1, &) — 1, ». Notice that the direction
of T is opposite to that on the parameter lattice in Fig. 1. This is because the
parameters are associated with roots in VD whereas the f-variables are associated
with weights in the dual space V(V*.

The birational formulation the symmetric form of the Py equation (60) given in
Table 1, that is the transformations associated to the actions of the generators, satisfy
the defining relations (70) and (71). We say that (60) has W(Agl)) symmetry.

Now using the formula for 7) = ms,s; and the transformations given in Table 1
we have

oo

W 7' (f) =t—fo—fi +

T(f) =t—fo—fi— (84)

o)
i’
and

Ti(ag) =ap+1, Ti(a))=a;—1, Ti(a)=o0>. (85)

Exercise 3.8 Verify (84)—(85).

Let x, = T{(f1) , yo» = T{(fo). Apply T) n times to system (84) and rearrange,
we obtain

Qp+n o] —n
X1 +Xp =1 —Yn — sy Yl Yn=t—x + .

n xn

(86)

Equation (86) was first found in [44], and its continuum limit shown to be the
second Painlevé equation [5], hence it is denoted as d-Py;.
Now define nT; = T;y 7, (i = 1,2, 3), then we have:

T\ =msys1 =ty , To=msos2 =tp—p , T3 =msiso=1_,, (87)

that is, they correspond to the translations by: &, h, — h; and —h;, respectively, and
it can be easily checked that they satisfy the relation

T\T,T;=1. (88)

Exercise 3.9 Identify the directions of translation by 7', T>, T3 in Fig. 2 and verify
that condition (88) is indeed satisfied. Follow the previous procedure and now let
Xy = T5(f1),y» = T5(fo). Obtain the additive difference for this case and compare
with system (86).
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e: Eél)

| s

¢: BV — ED — B — DD — AD (4, + A Dor(A; + A7) D gD 4D
1 1 1 \ ,
& BV —EV —>ED——b pP— 4l (24;)D—— 4" 3 AV
(Py1) (PV)\ (Pin)
AL —— 3 40 4
(Prv) (P (P)

Fig. 3 Sakai’s classification by symmetry [46]. The symmetry associated with the continuous Py
equation discussed in Sect. 3.2.3 is of type A(zl)

3.3 Classification and Some Properties of the Discrete Painlevé
Equations

Sakai’s classification (summarized in Fig.3) contains three types of difference
equations: additive, multiplicative and elliptic. The symmetries of some of the
additive type equations are also the discrete symmetries of the continuous Painlevé
equations (indicated in the bracket below).We have shown in the last section for the
case of the d-Py with Agl) symmetry share the same symmetry group with that of
the Pry equation.

3.3.1 Additive Difference

Just as we have seen in (86), the independent variable n change by discrete step
n — n + 1 while the dependent variable f(n) iterates by: f(n) — f(n + 1). This is
consistent with how one takes the continuous limit for an additive type difference
equation. Let the continuous independent variable be t = ne, then in the limit of
€ — 0, we have the usual definition of derivative of a function f (7).

L f@ DO —f(e) O —f(t _ df)
e—0 € e—0 € dr

3.3.2 Multiplicative Difference

Lett = 4", we see thatasn — n + 1, t — gt. That is, the independent variable
changes by multiples of g € C and the dependent variable iterates by () — f(qt).
Hence multiplicative type difference equations are also sometimes referred to as
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g-type equations. The continuous limit of the g-difference is obtained by letting
g — 1, and we have the usual definition for the derivative in g-Calculus,

1@ 1@ _ o0

g—1 qn(q — 1) dr

3.3.3 Elliptic Difference

The parameter and independent variables of the elliptic difference type equations
enter through the argument of the elliptic functions, for example in terms of the
Weierstrass g function: g(a) — gp(a + b). Iterations are computed using addition
formulae of elliptic functions.

In what follows, using an example from Sakai’s g-list of equations we discuss
some further relations and properties which the discrete equations share with their
continuous counter-parts. Such as admitting special solutions for particular values
of the parameters; possessing Biacklund transformations that give rise to affine Weyl
groups, and can be used to generate chains of special solutions.

3.4 A g-Discrete Analogue of the Fourth Painlevé Equation

A g-discrete analogue of the Pry equation (60), which we call the ¢g-Pry equation is
given by

- 1 + axfs + azraofofo
fo = ava\fi ,
1 + aofo + avarfofi

- 1 + aofo + aoaifof
h= a1azf21 T (89)

- 1 + aifi + aaxfifa
fo = azaqfo ,
1 + axfh + azaofofo

where " stands for the multiplicative difference iteration, that is, ¢ the independent
variable iterates by ¢ = gc; whereas the dependent variables change by fi(c) =
fi(gc); finally ag, a;, a, are the parameters of the equation. Moreover, we have the
conditions apaja, = q and fof1fo = qc2 on the parameters and the variables, so
system (89) is really a second-order nonlinear g-difference equation. It belongs to
Sakai’s g-list and is of (A, + A;)™® type.

Exercise 3.10 Verify that in the limit € — 0, the substitution a; = e/, fi=
—e Vi takes (89) to the symmetric Pry equation (60) for the ; variables, with
parameters «; fori = 0, 1, 2.
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Table 2 The ¢g-P1y equation as birational realization of W(Agl))

aop a a fo h f
_ ap + 14+a
So ay’ ayap axay Jo h ] :_ af;o f @ +j€0
_ 1+ aifi 1+ aifi
1 ;
s1 apa a aa Jo @+, h b @+,
_ 1 + afs 1+ azhs
) 1
2 o2 @ “ fo a+f f a + f f2
T a; a ap fi f Jo

The Bicklund transformations of (89) form \TV(AS) ) = (so,S1,52, ) group
symmetry. The transformations associated to the generators on f; and a; are
summarized in Table 2, they were first given in [19].

Notice the similarity between the transformations on the parameters a; of g-Pry
equation (89) and on that of the parameters ¢; of the Pry equation (60) given in
Table 1. Here, the parameters a; are related to the affine simple roots of VA\;(A(;) ): o
by relation a; = ¢* for i = 0, 1, 2. The transformations given in Table 2 satisfy the
defining relations (70) and (71) of W(A;l)). That is, the Bicklund transformations
of Pry equation (89) form W(A;l)) group symmetry.

Recall that the translational element associated to the fundamental weight &, is
T\ = tp, = msysy, in particular, we have

Ti(a)) = qap, Ti(a)=q 'ai, Ti(a)=a, (90)

f]_Czl + aofo q? 1+ aparTi(fr)
fifo ao+fo ' foTi(f) aar + Ti(fi)

Exercise 3.11 Verify (90)—(91) by direct computation.

Ti(fi) = Ti(fo) =

oD

Remark 3.12 We have seen from the discussion above that the Béacklund transfor-
mations of a discrete equation (89) give rise to another multiplicative difference
equation (91), where ay now has the role of the independent variable, that is
T1(ag) = qay, whereas apa; and c are parameters of (91). Equation (89) can then be
interpreted as a Bicklund transformation of (91), and vice versa. This comes from
the fact that time evolution of an equation and its Backlund transformations are both
discrete iterations. This property of the discrete Painlevé equations does not have a
counter-part in the Painlevé equations, where time evolution is differential.

3.4.1 Special Solutions of g-Painlevé Equations

Now we take a look at the hypergeometric type special solutions of the g-Painlevé
equations, but first we give a summary on the g-hypergeometric functions, where
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we have followed the conventions on the notations of the g-special functions in [4].
The general g-hypergeometric function (also referred to as the basic hypergeometric
function) is defined by:

md’n(alw--»am;bly---,bn;q,Z)

(ai; @i+ (am: 9 L t4n-m
B —1)g® 92
g(b1§CI)k"-(bn;q)k(q;q)k[( )'q ] 4 92)

where (a:q), = (1—a)(1—aq)---(1—aq" "), |g| <1.Form=2,n=1,a, = a,
a, = b and by = ¢, we have

(a; Q)r(b; @)x &
,biciq, 93
2¢1(a,biciq.2) = kéo PR (93)

it is the g-discrete analogue of Gauss’s hypergeometric function. Equation (93)
solves the g-discrete analogue of Gauss’s hypergeometric equation

(abz—g)o%— (a—i—b)z—(1+2))0¢+(z—1)¢=0, (94)

where oy(x) = oy = y(gx).

Exercise 3.13 Show that the g-hypergeometric series (93) becomes the hypergeo-
metric series

o (@)n(Bn
2P, Brysz) = g—(y)nn! z

in the limit ¢ — 1, where (), = a(¢ +1)--- (¢ + n—1).

Remark 3.14 Lettinga = ¢*, b = ¢P, ¢ = ¢”, the above can be easily shown using
the fact that (1 — ¢*)/(1 —¢q) — k,as g — 1.

3.5 q-Hypergeometric Type Special Solutions of q-Prv

Recall that in section Sect.3.2.2 on the special solutions of the Pry equation (60),
a hypergeometric type special solution is associated with a line in the parameter
space given by oy = 0 for example (see Fig. 1). Similarly, the g-Prv equation (89)
admits a hypergeometric type special solution when the parameter takes the value
a, = ¢ = ¢° = 1. In this case o = —1 and the ¢-Pyy equation reduces to a
g-Riccati equation [19], that is a first-order nonlinear difference equation:
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. q (1—¢*A)fi —agc?
fi=—— .
ao h
In the same way that the Riccati equation (24) can be linearised by a Cole-Hopf

type transformation (25), the g-Riccati equation (95) can be linearized by a discrete
analogue of the Cole—Hopf type transformation:

(95)

_ 4G
fi= ©wG (96)

Then (95) implies a second-order linear g-difference equation for the variable G,

G=(1-¢HG+a’G, 97)

which is the g-Hermite-Weber equation: 1¢;(a3/q%; 0; ¢*, ¢>c*) in the notation of
g-hypergeometric function (92). In a further specialization ay = g, solutions of (97)
are g-Hermite polynomials.

All of the discrete Painlevé equations in the degeneration diagram (Fig.3)
of Sakai’s classification (except for the three types in the last column on the
right) admit hypergeometric series special solutions. The simplest (seed) special
hypergeometric solutions for each symmetry types in the classification have been
obtained via a geometric approach [20-22]. Geometry gives the specialization of
parameters for when discrete Painlevé equations reduce to a discrete Riccati type
equation. The discrete Riccati equation is then linearized to a second-order linear
discrete equation with which a hypergeometric series is identified. Corresponding
to the degeneration diagram we have the following elliptic and multiplicative type
hypergeometric special solutions,

BV
(12711)

B EfV g pg"” A = (A A) D> (A + A D
(1079) s77) G¢2) GQé1) o) (¢1(a;059,2)) (161(0;—9:9.2))

(98)

The symbol ,V, denotes the terminating very-well-posed elliptic hypergeometric
series; W, is the very-well-posed g¢-hypergeometric series. When the g¢-
hypergeometric series terminates for particular values of the parameters it leads to
the following corresponding g-orthogonal polynomials [25] summarised in Table 3.
There exist also another type of hypergeometric special solutions for the symmetric
discrete Painlevé equations, which are discussed in [17].
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Table 3 g-hypergeometric Balanced Wy | Ismail Masson Rahman
series and their corresponding

g-orthogonal polynomials in sW7 Askey Wilson

the terminating case Balanced 3¢, Big g-Jacobi
261 Little g-Jacobi
191 g-Laguerre

191(a;0;9.2) | Stieltjes Wigert

4 Ultradiscrete Painlevé Equations

Section 4 by M. Kanki focuses on the so-called ultradiscrete limits of the dis-
crete Painlevé equations, and on the properties regarding theses ultradiscrete
equations. Various types of “integrable” cellular automata have been obtained
through ultradiscretization. These cellular automata are called ultradiscrete equa-
tions and are defined over the max-plus semifield (R, 4, max). In this section,
after introducing the technique of ultradiscretization through examples, we present
several ultradiscrete analogues of the discrete Painlevé equations: i.e., second order
nonlinear difference equations over the max-plus semifield. For example one of the
ultradiscrete Painlevé II equations has the form

Xu+1 — X + X—1 = a + max[0,n — X,,] — max[0,n + X,] ,

where n is the independent variable and a is a parameter. It will be introduced in
later sections as udPy, from the paper of Ramani and others [45].

4.1 Introduction

In Sect.3 by Y. Shi, we introduced discrete versions of the Painlevé equations;
how they have been discovered, how to classify these equations, and so on. In
this section we will try to further “simplify” those equations by a method called
ultradiscretization. In 1996, T. Tokihiro et al. invented a limiting procedure called
ultradiscretization [52]. The procedure was used to correlate the discrete KdV
equation with a cellular automaton of Takahashi—Satsuma [47, 49]. It is a powerful
tool to discretize the dependent variables of discrete dynamical systems, by which
various “integrable” cellular automata and their solitary wave solutions have been
obtained. These cellular automata are called the ultradiscrete equations and are
defined over the max-plus semifield.

In this section, after introducing the technique of ultradiscretization through an
example of the ultradiscrete KdV equation and its cellular automaton interpretation,
we present several ultradiscrete analogues of the discrete Painlevé equations
(ud-Painlevé equations) [6, 19, 45]. The ud-Painlevé equations are second-order
nonlinear difference equations over the max-plus semifield. Many of the properties
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in previous sections remain true even in this simplified setting. For example, the
ud-Painlevé equations have coalescence cascaded, which is in parallel to those
for continuous and discrete Painlevé equations. A t-function form, which is an
analogue of the bilinear equation in a discrete setting, is introduced for the ud-
Painlevé equation, and its piecewise linear special solution is presented following
the paper by Takahashi et al. [50].

Lastly we remark on several applications. One of the weak points of ultradis-
cretization is that it is not usually applicable to equations with minus signs. Later,
the method of “ultradiscretization with parity variables” was constructed, which
widens the application of ultradiscretization to equations with arbitrary signs [28].
We will also discuss the relation of our topics to other closely related areas such as
tropical geometry and integrability detection of ultradiscrete equations.

4.2 Ultradiscretization

In the case of discrete equations (or difference equations), independent variables
take only discrete values (usually integer values: e.g., sub/superscripts t,n € Z),
however dependent variables can take continuous values in R (or in C). In the
ultradiscrete equations, both the independent and dependent variables take only
discrete values. In this section, we briefly review the ultradiscretization procedure
and the ultradiscrete equations. Originally, Tokihiro and others had considered
the name ‘“nonanalytic limit” for this method, and later the fashionable name
ultradiscretization was given by B. Grammaticos.

The process of ultradiscretization is done by discretizing the dependent variables
of a discrete equation by the following limiting procedure:

i g0

For example, if we have a dependent variable u in the discrete equation, we first
introduce a parameter € > 0, and the new dependent variable U by

u=-exp(U/e) .

Then, by taking the limit lim._, 4 € log(-), on both sides of the equation for u, we
obtain the equation for U. It is trivial that € log(u) goes to U in this setting. One
minor but important restriction is that the original variable u should have a positive
value so that we can take a ultradiscrete limit.

Let us introduce two basic properties of ultradiscrete limit (ud-limit):

(1) A multiplication a - b becomes an addition A + B, when we take the ud-limit by
a = exp(A/e€) and b = exp(B/¢).
(ii) In the same setting as in (1), an addition a+ b becomes maximization max|A, B].
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Proof of (i)
lim elog(a-b) = lim elog(e“t®/<) =A +B. o
Jim log(a-0) = i, clog(e**/) = +
Proof of (ii)
lim el b) = lim elog(e*c + e?¢) = max[4, B] . o
Jm e og(a + b) Jim e og(e +e ) max[A, B]

Exercise 4.1 Confirm the last equality to obtain max|[A, B].

4.3 Ultradiscrete KdV Equation

Korteweg—de Vries equation (KdV equation) [26] is the following partial differential
equation for the dependent variable u(x, t):

ou 46 ou . Au 0
— u— + — =0.
ot ax  0x3
The KdV equation has soliton solutions [54] and an infinite number of conserved
quantities. One of the integrable full discretized versions (i.e., both of the indepen-
dent variables ¢ and x are discretized) of the KdV equation is as follows [10]:
t+1 + O_t

(1480 or ™" =607 \0 Wiy s 99)

n n n
where 7, t are independent variables, 6! = o (n, 1) is the dependent variable, and § is
a parameter. It is worth noting that Eq. (99) can be derived by a reduction from the
famous Hirota—Miwa equation [9] (which is also called the discrete KP equation).
The Hirota—Miwa equation is derived through the Miwa transformation from the KP
hierarchy.

We shall show an ultradiscrete version of (99). Let us introduce a new parameter
€ by

§=re7le,

Next we define a new dependent variable o, (¢) by

aiter = exp (1)

which will be a variable of the ultradiscrete KdV equation. By taking the logarithms
of both sides of (99), we have



Continuous, Discrete and Ultradiscrete Painlevé Equations 29

P+ o+ elog(l+e7)

t—1 t+1 t t

+ ot -1 +

— Elog % exp (M) + exp (M)} . (100)
€ €

If we suppose that pf, (¢) continuously depends on €, and that
lim p!(€) := p,
Jm, @ = g,

exists for every n,t € Z, then we have from (100) that

Pt + ot = max[plR + o = 1o 4 Pl - (101)

Equation (101) is called the ultradiscrete KdV equation, which is closely related
to the cellular automaton of Takahashi—Satsuma [47, 49]. The cellular automaton of
Takahashi—Satsuma is now called the Box and Ball system (BBS). The BBS consists
of a one-dimensional array of boxes with balls in some of the boxes. We suppose
that there are an infinite number of boxes, and there are only a finite number of
balls, and count the location of the box from a certain point (n = 0) to the right.
The dependent variable u/, of the BBS denotes the number of balls in the nth box
at the time step ¢. A ball of BBS moves from one box to another according to the
following rules (see Fig. 4).

The number of balls in the nth box at time step 7 is the dependent variable u/,. To
obtain the state at time ¢ + 1 from the state at time ¢, we sweep from the left to the
right and move the balls as follows:

1. We move the ball at the most left-hand side (ball “1”) to the nearest empty box
to the right of the ball “1.”

2. We move the second ball from the left (ball “2”) of the initial state at time ¢, to
the nearest empty box to the right, excluding the one used in 1.

3. We repeat this movement until every ball is moved exactly once.

IS N

Time t OB ) o o
Time t+1 @) (] [ N )

Ball1 O moves to the nearest empty box to the right.

Ball2 @ moves to the nearest empty box, excluding the one
used for the ball 1 in previous step.

Fig. 4 Evolution rule of the box and ball system (a cellular automaton related to the ultradiscrete
KdV equation)
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From n=0 (left) to n=17 (right):

h=0 h=5 h=10 py=4
=0 OO0 O 00
t=1 00O O|0
t=2 00 00O
t=3 00 00O
t=4 (ONO) 00

Fig. 5 A soliton solution of the box and ball system (BBS). An array of m(> 0) balls moves to
the right with a speed m. The array is an analogue of the soliton solution of the (continuous) KdV
equation, and is called the solitons of the BBS

In this paper, let us suppose that the capacity of each box is one: i.e., we only
consider #/, = 0 and u!, = 1. Then the rules from 1 to 3 can be written down as
the evolution equation:

n—1
+1_ - ¢ ' +1
u, —m1n|:1—un, E (g, — uy, :|,

k=—00

where we have assumed that the total number of balls in the system is finite. The
relation of !, with the variable p, of the ultradiscrete KdV equation (101) is as
follows:

t o0
ph= Y > u. (102)

§=—00 m=n

where the summation is essentially finite. When we describe (102) in Fig. 5 of the
time evolution of the BBS, the number of balls in the rectangle in the upper-right
corner from the cell at (n, 1) is equal to the value of p! . For example, we have pg =0,
ps =2, 08 =5,p5=0,py =1, p5 =4, and so on. We can easily reassure that the
Eq. (101) is satisfied forn = 8, = 1:

p5 + pg = max[pg + pg — 1, pg + pg] -

Exercise 4.2 Pick up several p’s in Fig. 5, and confirm that (101) is satisfied, by
counting the number of balls in the upper-right corner above (n, f).

Note that (101) is a piecewise-linear equation. The ultradiscretization is a process
to construct a piecewise-linear equation from a fully discrete one. Piecewise-linear
equations can be interpreted as evolution rules for cellular automata, and are useful
not only in the theory of integrable systems but also in the modeling of phenomena
in physics and engineering. For further study, we pick up [48, 53] on generalizations
of the BBS: e.g., the capacity of the box can be larger than one, and [24] on
integrable nature such as their conserved quantities.
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4.4 Ultradiscrete Painlevé Equations (ud-Ps)

We will apply ud-limits to the discrete Painlevé equations. We mainly review the
paper The ultimate discretization of the Painlevé equations by Ramani et al. [45].
In the paper [45], the ultradiscrete versions of the discrete Painlevé equations are
systematically constructed.

Before starting, let us note that ud-limit of the Riccati equation

ax, + B

Xppl = ———
n+1 VXn T35

becomes just a linear equation as explained in [45]. (Since the Riccati equation is a
linearizable equation, this result is not strange.) We need more complex structures
(in particular we need more than first order recurrences) for the discrete equations
to yield nonlinear ultradiscrete equations. Therefore we will study second order
difference equations whose typical nonautonomous examples are discrete Painlevé
equations.

As one of the simplest examples, let us introduce one of ultradiscrete Painlevé I
equations (udPy). We use the following form of the discrete Painlevé I equation:

A" 1
Xn+1Xn—1 = X_ + ; s (103)

where A is a positive constant. Equation (103) is of the multiplicative type, and is
often called the g-discrete Painlevé 1 equation since the nonautonomous term g”"
was originally used instead of A" here. In this section we only use multiplicative
types, not additive types. Let us suppose that x,, > O for every n, and introduce € by
A = e!/¢ and a new dependent variable X,, by

x,=exp|— | .
€
Then (103) is equivalent to

Xn Xn— _Xn _2Xn
exp (ﬁ) = exp (n_) + exp ( ) . (104)
€ € €

By taking the ud-limit of both sides of (104), we obtain

Xot1 + X—1 = max[n — X, —2X,] ,
and thus

Xn+1 + Xn—l + 2Xn = Il’laX[X,1 + n, O] . (105)
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Equation (105) is one form of the ultradiscrete Painlevé I equation (udP;). Note
that we often use the symbol (A)4+ := max|A, 0] for simplicity. The identity A +
(—A)+ = (A) + is often useful in the deformations of equations. Then udP; becomes

Xn+l + Xp—1 + 2 n = (Xn + l’l)+ . (UdPI—l)

The form of ultradiscrete Painlevé I equation is not unique. Another form of the
ultradiscrete Painlevé I equation is

X1 + X1 = (X, + 1)y, (udPr3)  (106)

which is obtained by taking the ultradiscrete limit of another version of the discrete
Painlevé I equation:

Xn+1Xn—1 = An-xn +1.

We can obtain one form of the ultradiscrete Painlevé II equations from a discrete
analogue of the Painlevé II equation:

alx, + A"
Xn+1Xp—1 = TM)C) , (107)

where « is a nonzero parameter. By taking the ultradiscrete limit of (107) as A =
el/¢ and o = e?/¢, we obtain

Xpt1 + X1 — Xy =a+ (}’l _Xn)+ - (}’l + Xn)+ ’ (udPII—Z) (108)

where a is a constant. Equation (108) is one of the two ultradiscrete Painlevé 11
equations introduced in [45]. Another form is

Xot1 + X1 =a+(n—X) 4 — (n+ X))+, (udPry)  (109)

which comes from the ultradiscrete limit of another discretization of the Painlevé 11
equation

(x, + A"

_ 11
X, (1 + aA™x,) (110)

Xn41Xp—1 =

We list other ultradiscrete equations only with brief explanation. Here is the
ultradiscrete Painlevé I1I equation (udPryy):

Xo+1 + Xum1 — 2X, = (n+a_Xn)+ + (n_a_Xn)+
Xy +b+n)y — Xy —b+n)g. (udPy) (111)
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The following coupled system is the ultradiscrete Painlevé V equation (udPy):

Xo+1 + X = (Y,,)+
Y, +Y, 1 = (Xn - a)+ + (Xn + a)+ + (Xn - b)—i— + (Xn + b)+ . (112)
_(Xn+c+n)+_(Xn_C+n)+

Other ultradiscrete Painlevé equations (udPyr;, udPpy.;, udPp.,, udPy;) can be
found in [45]. In [19], the authors have obtained another form of the ultradiscrete
Painlevé IV equation from the symmetric form of the (g-)discrete Painlevé IV
equation.

4.5 Degeneration Diagram of Ud-Painlevé Equations

We explain one of the main properties of the ultradiscrete Painlevé equations:
degeneration diagram (coalescence cascades). The ultradiscrete Painlevé equations
have the following cascades in Fig. 6, which is quite similar to those for continuous
and discrete Painlevé equations. Here, the arrow P — Q indicates that the equation
Q is derived from P by introducing a large parameter §2 in the parameters of
ultradiscrete Painlevé equations and by taking a limit 2 — +oo. This limiting
process can be seen as a ultradiscrete ‘degeneration,” by which the number of
discontinuities of the piecewise linear equation is decreased one by one at each
limit. As we can see in the work by Joshi and Lafortune [15], a discontinuity of
an ultradiscrete piecewise linear equation can be interpreted as an analogue of a
singularity of discrete (and continuous) mappings.

)
f ud-P, ud-P, \
N g, 0

ud-P\,l ud-PV Ud-PIVq/ (1) \ U((i(-)l;l—Z
4 2
@ ® @ ud-p, , /
1
ud-p, , & DNy wip,

K @) (0) j

e Asolid arrow indicates a limiting process w.r.t. the large parameter Q.

* An (integer) under the equation is the number of its essential parameters.

Fig. 6 Coalescence cascades of ultradiscrete Painlevé equations. Under each equation, we have
added the number of essential parameters, that always coincides with the case of continuous
equation
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As an example we show how to obtain udPy3 (106) from udPy, (108). Let us
take

_ _ _ 1
a=-82, n=-2-m, X,=5Z,—m) -2,

in (108). Then we have

LGt —m+ D)= 2} 4 (LG —m— 1) = 2} + (=3 —m) + 2}

:_Q+(_Q_m_%(Zl7l_m)+9)+_(_9_m+%(Zm_m)_g)-i- B

and thus

%(Zm—i-l +Zp—1) = %(Zm + m) + max[—%(Zm + m),O]
— max[ 282 + 3Z,, — 3m,0] . (113)

When we take the limit £2 — +o00 in the last term of (113), we have
max[—282 + %Zm — %m 0] —0.
Therefore the large parameter limit of (113) is
Znt1 +Zn—y =Zn+m+ (=Zy —m)y = (Zn +m)4 ,

which is nothing but the ultradiscrete Painlevé I equation (106).

Exercise 4.3 Check other degenerations. For example, introduce a large parameter
£2 in ud-Painlevé V as X, = 2+ (Z,,—m)/2 (and also suitably transform parameters
a and b), to derive ud-Painlevé III as a coalescence limit.

It is worth noting that the number of parameters in the ultradiscrete Painlevé X
equation is always equal to the number of essential parameters in the (continuous)
Painlevé X equation (X = 1,2,3,4,5,6). Therefore it is natural to conjecture
that, a mechanism similar to that for continuous Painlevé equations which has been
reviewed by Nakazono in Sect. 2, should apply to the coalescence cascades (Fig. 6):
e.g., affine Weyl groups, the space of initial conditions, and so on. However, the
complete classifications of the ultradiscrete Painlevé equations is not done, and we
do not have enough knowledge on the underlying structures of the ultradiscrete
systems. For example, it is not clear how to define singular points of ultradiscrete
equations. For example, a criterion for integrability of ultradiscrete equations is
proposed in [15] and further developed in view of the tropical geometry in [40].
The work can be considered as a tropical counterpart of an integrability criterion for
discrete equations called “the singularity confinement test” [7]. However, the notion
of the space of initial conditions does not seem to be well-defined for ultradiscrete
systems. In the continuous and discrete cases, symmetries of the evolution of the
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equations appear as affine Weyl groups, whose complements are the symmetry
groups of the space of initial conditions. We can formulate symmetries for ud-
Painlevé equations in terms of affine Weyl groups. For example, in [41], the authors
study tropical representations of affine Weyl groups—a representation of the group
without subtractions has an ultradiscrete limit—so that elements of the groups
describe the evolution of many of the ud-Painlevé equations in [45] and [19].

4.6 Special Solutions to the Ud-Painlevé Equations

In [50], rational solutions of the two types of ultradiscrete Painlevé II equations
and those of the ultradiscrete Painlevé III equation are presented. The results are
in perfect parallel to the continuous and discrete cases. As in the case of discrete
equations, we have ultradiscrete analogues of the bilinear equation. For example, in
the case of ultradiscrete Painlevé Il equation (109), by conducting the transformation
Xy = Ty—1 — Tu—2 »

we obtain a “bilinear” form

T, + maX[TH—Z, Tp—1 + l’l] = T3+ maX[Tl’l—l s Th—2 + I’l] +a. (1 14)
In the ultradiscrete world, x changes to +, and + changes to ‘max,” therefore, (114)

is indeed analogous to a bilinear equation in the “discrete world.” For the simplicity
of the following computations, let us slightly transform (114) and use

T, + max[t,—2, Ty—1 + n —a] = T,—3 + max[t,—1, T,—2 + 1], (115)

as one form of bilinear udPy; equations. We can construct a special solution
m—1
T, =y _max[0.n—3j] . (116)
=0

for a = 4m with m € Z . The same 1, can be expressed in another form:

T, = max [jn — %j(j— D], (117)

0<j<m

whose graph is easier to understand: 7, is a weakly monotonously increasing
piecewise linear function increasing its slope atn = 3j (j = 0,1,...,m —1).
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Exercise 4.4 Prove that expressions (116) and (117) give the same t,,, and that they
are solutions to (115).

The form (116) can be seen as the ultradiscrete analog of the Casorati determinant
special solutions for discrete equations, and the form (117) can be seen as an
expansion of the “determinant.”

4.7 Ultradiscrete Limit with Sign Variables

One of the weak points of ultradiscretization is that we require the original equations
to possess only plus signs (in other words, free of minus signs). In order to overcome
this difficulty, the generalization of the ultradiscrete limit is introduced. The method
is called “the ultradiscrete limit with sign (or parity) variables”, and it enables us
to ultradiscretize directly equations with arbitrary signs [28]. Let u be a dependent
variable of a discrete equation. If u # 0, we introduce a parity variable w by w =
u/|u|, and the amplitude variable U by U = € log|u|, where € is a positive small
parameter. By introducing the parity function s(w), by

1, w=+1

s(@) = {0, w=—1,

we can rewrite the variable u as
u = {s(w) — s(—w)}e¥’* .
An ultradiscrete analogue of s(w) is defined as

0, w=—+1

—00, w=-—1,

S(w) = {

Therefore the ultradiscretization of u is defined regardless of its sign as

: Uley _
ELHE()elog(s(cu)e ) S(w)+ U .

Mimura et al. have constructed the ultradiscrete analogue of the g-Airy function.
The ultradiscrete g-Airy function that they have constructed is one of the special
solutions of the ultradiscrete Painlevé Il equation [28]. They are also intensively
studying special solutions of other ultradiscrete Painlevé equations by using the
ultradiscrete limit with parity variables. Takemura and Tsutsui have constructed the
ultradiscrete analogue of the g-discrete Painlevé VI equation [51].
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4.8 Answers to the Exercises in Sect. 4

Here are hints and answers to the exercises.

4.8.1 Solution to Exercise 4.1
We prove the case of A > B. It is not hard to see that

elog(ec +eP/¢) = A+ elog(1 +e®M/) 5> A (¢ > 40) .

4.8.2 Solution to Exercise 4.3
Let us introduce a new variable m and a parameter « as
a=R+a, b= —a, n=m-— 52, X,1=[2+%(Zm—m)
The coupled form (112) of udPy can be written down in one equation as
Xot+1 +2Xy + X1 = (V) 4+ + Y1)+,
where we can substitute the second equation of (112) in the right-hand side. Since

X, — oo when £2 — oo, we have ¥, > 0 for £2 > 0 that is large enough. Thus the
term ()4 is omitted, and the equation udPy should be

X1 + 2X, + Xpi
=Y, + Y
=X, -2 -0+ + X, +2+0)+ + X, — 2+ o)+
+ X+ -y - X +c+m—2)y —Xy,—c+m—2)4.

Substituting Z,, in the right hand side, and taking the limit £2 — oo, we have

Zn+1 + Zp—1 — 2m

=En—m+20)4 + Zn—m—20)1 —(Zn+m+2c)4 — (Zn+m—20)4 .
(118)

Since we have

Zn—m=E20)1 =M F20—Zy)+ —mE20+27Z,,



38 N. Nakazono et al.

(118) becomes

Zpt1 — 22+ Zp—1 = (m + 20 — Zm)+ + (m —2a— Zm)+
- (Zm +m+ 2C)+ - (Zm +m— 2C)+ s

which is nothing but the udPyy equation (111), where the parameters are b — 2c,
a — 2.

4.8.3 Solution to Exercise 4.4

First it is easy to prove that 7, in (117) is equal to

0 (n<0)
= 1qjn—3jG-1)  GBi-D<n<3)(=12,....m—1)

mn — %m(m —1) @Bm-1)<n).

Since we have Zf;[l) (n—3j) =kn— %k(k — 1) for a nonnegative integer k, we can
prove that (116) is in fact equivalent to (117). Next we prove that (117) is a solution
to (115). For a fixed j € {0,1,...,m — 1}, it is enough to confirm that (115) is
satisfied for 7, of three casesn = 3(i—1),n=3(G—1)+ landn =3(G —1) + 2.
For example, when n = 3(j — 1) we can obtain by direct computation that

3 =30-1D({-2), T2 =5(G—-1DGE—4),
To1 = 3G —1DGi—2), T, = 3G —1).
Therefore (115) is equivalent to
T+ T2 =T33+ Th—2+n,

which is identically satisfied. The remaining cases of n = 3(j — 1) + 1 and n =
3(j — 1) + 2 can be proved in the same manner.

4.9 Conclusion of Sect. 4

In Sect.4, we have introduced ultradiscrete analogues of the discrete Painlevé
equations. After introducing the technique of ultradiscretization through the cellular
automaton of box and balls (BBS), we have presented several ultradiscrete ana-
logues of the g-discrete Painlevé equations: i.e., second-order nonlinear difference
equations over the max-plus semifield. Many of the properties in previous sections
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have been shown to remain true even in this simplified setting, including the
degeneration diagram and the special solutions. We have omitted many of the
interesting properties of the ultradiscrete Painlevé equations. For further reading, we
pick up [41] for the relation with tropical curves, [29, 39] for the special solutions
other than those introduced in [50].

Acknowledgements Authors thank Profs. Tetsuji Tokihiro, Masatoshi Noumi and Akane Naka-
mura for helpful comments.
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Elliptic Hypergeometric Functions

Fokko J. van de Bult

Abstract These lecture notes discuss some of the basics of elliptic hypergeomet-
ric functions. These are fairly recent generalizations of ordinary hypergeometric
functions. In this chapter we first discuss both ordinary hypergeometric functions
and elliptic functions, as you need to know both to define elliptic hypergeometric
series. We subsequently discuss some of the important properties these series satisfy,
in particular we consider the biorthogonal functions found by Spiridonov and
Zhedanov, both with respect to discrete and continuous measure. In doing so we
naturally encounter the most important evaluation and transformation formulas for
elliptic hypergeometric series, and for the associated elliptic beta integral.

1 Introduction

While the theory of ordinary and basic hypergeometric functions goes back to the
time of Euler and GauB, the study of elliptic hypergeometric functions only started
in the late 1990s, after the publication of a paper [2] by Frenkel and Turaev. As
a testament to the usefulness of hypergeometric functions, and specifically also
elliptic hypergeometric functions, Frenkel and Turaev introduced the elliptic hyper-
geometric functions when studying solutions to the Yang-Baxter equation. Since
then, elliptic hypergeometric functions have appeared in many other applications.
To get an impression of their applications you can browse the list of papers on
elliptic hypergeometric functions on the website of Rosengren (see the note at the
top of the bibliography).

Given the name, it might come as no surprise that to understand elliptic
hypergeometric series and integrals it is important to understand both ordinary
hypergeometric functions and elliptic functions. The theory of elliptic hypergeo-
metric functions is really a reflection of the theory for ordinary hypergeometric
functions, but usually twisted in a slightly more complicated way. One of the ques-
tions one should often ask is “I know hypergeometric functions satisfy this property,
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does it have an elliptic hypergeometric analogue?” and the other way around “What
is the ordinary/basic hypergeometric version of this elliptic hypergeometric result?”
On the other hand the basic building blocks for elliptic hypergeometric series are
elliptic functions, so it is important to know the basic properties of elliptic functions
as well.

This explains the order of these notes: First we briefly discuss the basics of (basic)
hypergeometric series, then the basics of elliptic functions, before we consider the
elliptic hypergeometric functions themselves. We then continue by showcasing a
few of the most important identities satisfied by elliptic hypergeometric functions.
In particular we will be focused on the generalizations of the classical orthogonal
polynomials (Legendre, Jacobi, Wilson, etc.) to the elliptic level.

2 Hypergeometric Series

A general reference for ordinary hypergeometric functions is [1].

Definition 2.1 A hypergeometric series is a series Y  d,, for which the quotient of
two subsequent terms r(n) = d,+1/d, is a rational function of n.

The name hypergeometric originates from the geometric series Y poox' =
1/(1 — x), which is a special case of hypergeometric series where the quotient
r(n) is a constant function. Other examples of hypergeometric series are e* =
Y o X"/(n!) and the binomial (1 + x)" = Y i (})x".

Notice that any rational function can be factored

_(nt+a)nt+a)---(n+a)
Tt b))t o) (nt by

Thus the zeros are at n = —a; and the poles at n = —b;. This means that

r(n)

n—1

dy = do [ ] rk) = do

k=0

(ay,az, ... ,a,),,zn
(b1,by,...,by),

where we use the notation

Definition 2.2 The pochhammer symbol (a), is defined for n € Z> as

n—1
@n=[]@a+5.
k=0

Note that this implies that (a)g = 1. We use an abbreviations for products of these
pochhammer symbols:

(al, Ay ..., 0r)y = (al)n(aZ)n te (ar)n
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Considering this general expression for the terms of a hypergeometric series we
introduce the notation

Definition 2.3 The hypergeometric series are defined as
P“ } Z(wna»n
bl,..., (1 b17-~~ s)n

Notice the 1 which is always added as a numerator parameter. First of all (1), =
n!, so it indeed appears in the series we gave before. Indeed we have

e’ = oFO[:§xi| ;o (I+x)"= 1F0|:__n; —x:| :

Thus it often saves us some writing. But more importantly it means that the
summand d, = 0 for n < 0 (in generic cases), so the starting point of our series is
an inherent boundary. If you really do not want the 1 as a b-parameter, you can add
it as an a-parameter, after which the (1), in the numerator cancels to the (1), in the
denominator, so the geometric series is written as 1/(1 — x) = [ Fo(1; —; x).

For positive integer n the series for (1 4 x)” only contains a finite number of
nonzero terms. Such a series is called a rerminating hypergeometric series. You can
easily spot them in the ,F notation, as one of the numerator arguments must be a
negative integer.

To consider a series as an analytic function, we need to consider whether it
converges. Since hypergeometric series are defined by a pretty property for the
quotient of two subsequent terms, the ratio test can be easily applied. Indeed we
have to consider the limit lim, o (7). Any rational function has a limit at infinity,
and this gives the following result for the convergence of hypergeometric series:

Theorem 2.4 The series ,Fy(ay,...,a,;by,...,bs;z) converges if one of the fol-
lowing holds

e [t is terminating
e Ifr<s
e Ifr=s+1and|z] <1

and it diverges if one of the following holds

* [t is nonterminating and r > s + 1
o It is nonterminating and r = s + 1 and |7] > 1.

Hypergeometric series are intricately linked to the Gamma function.

Definition 2.5 The Gamma function is defined as the unique meromorphic function
which equals

o0
r@:/rHWm
0

for N(z) > 0.
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Note that I"(z + 1) = zI'(z) (by integration by parts), so we can easily extend
the domain of the function to C \ Z < once we have defined it for %(z) > 0. This
difference equation also ensures that I" has simple poles at Z <, as it would imply
for example that for %(z) > —1 we have I'(z) = (1/2) f;:o t*e~" dt, which is an
analytic function times 1/z. The first relation to hypergeometric series comes from
the fact that

(a)n = ”ﬁfl_)n)

which only uses the difference equation for the Gamma function. Thus hypergeo-
metric series can be written as

plaran ] _ FLbi....b) i Fa+n...a+nl) ,
"Slby,...b"| I(a,....a ~ I'd+n,by+n,....,by+1)
using the same abbreviation for products of Gamma functions as we introduced
before for pochhammer symbols. The second relation to hypergeometric series
comes from integrals. Consider the integral (over a complex contour)

—ico I'(c+s) =2 2mi

/'ioo I'(a+s,b+s,—s) ds
where the integration contour separates the poles of I"(a + s) and I'(b + s) from
those of I"(—s). (Notice that 1/I'(z) is an entire function). The contour, and the
poles are pictured in Fig. 1.
The (—z)* is defined using a branch cut at the negative real axis (for —z, so not
for the integration variable s). Shifting the contour to the right we encounter all the

Fig. 1 The contour for the !
Barnes’ integral weaves
between the poles of the
integrand

X X X X X X

XX X X
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poles of I'(—s). If we move the contour over those poles, the limit of the resulting
integral goes to zero (use Stirling’s formula to prove this). Thus the result of the
original integral is the infinite series of residues we have to pick up. That is

(=2)°

/ioo I'(a+s,b+s,—s) ds
—ico I'(c+s) 2mi

_ > I'a+s,b+s,—s) s
_;Res( Fets) (—=2) ,S—n)

I'(a+s,b+s,—s) S > Res(%ﬁs)( 2)',s = n)
=R (—2)%s=0 ZR

F(C + S) CS(M(_Z)S,S = 0)

n=0 I'(c+s)

_ I'(a,b) < (a. b),, gy F(a,b) (a,b), o
~ T X =T Zen”

n= 0

which is the hypergeometric series »F. Thus integrals involving Gamma functions
are related to hypergeometric series by the picking up of residues. And a third
relation is that a hypergeometric series can sometimes be evaluated, that is, written
without an infinite sum in terms of simple functions, using Gamma functions. For
example the famous evaluation (for convergent series)

a,b. _F(C,c—a—b)
zFl[c’l:|_F(c—b,c—a)' M)

Exercise 2.6 Use Stirling’s formula to show that the Gaul} hypergeometric series
2F1(a, b; c; 1) converges for R(c —a — b) > 0. When does a hypergeometric series
~+1F, evaluated at z = 1 converge?

Exercise 2.7 Fill in the details of the derivation that

—ico I'(c+s) S 27i I'(c)

/‘i°° I'(a+s,b+s,—s) ds  I'(a,b) |:a,b i|
= 2F ;1 .

That is, show that (when the series converges) the integrand converges to zero as
N(s) — oo.
3 Basic Hypergeometric Series

A generalization of the hypergeometric series are the basic hypergeometric, or g-
hypergeometric series. The basic reference on this topic is [3].
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Definition 3.1 A basic hypergeometric series is a series Y d, for which the
quotient of two subsequent terms r(n) = d,+1/d, is a rational function of ¢".

We will assume from now on that |g| < 1. Notice that this means that r(n)
is periodic with period 27i/log(g). Many results from ordinary hypergeometric
series generalize. There exists a g-Gamma function which generalizes the ordinary
Gamma function, but it is actually often more convenient to work with the g-
pochhammer symbols:

Definition 3.2 The g-pochhammer symbols are defined forn € N U {oo} as
n—1
(@q)n=]]0—ad),
k=0

For n = 0o we often omit the subscript;

Notice that the infinite product (a;q) = (¢; q)co converges for |g| < 1. If the
rational function is factored as

_U-ag)--(—aq"),
(1—big") -+ (1 — byg")

r(n)
then we can express the terms in the series using the g-pochhammer symbols as

(017 ce ,ar;q)n n

d, = d, .
' O(blv---abs;q)nz

Notice that lim,_,«, r(n) = z, so the g-hypergeometric series converge for |z| < 1.
We want to keep this discussion brief, so we will end with mentioning that the
limit ¢ — 1 returns us to the theory of ordinary hypergeometric series, as

a+k 1

n—1
(9" @n . 1—gq
m :||11m—=||a+k=an-
=1 (1 —g)" plintag 1—¢q k=0( ) =@

4 Elliptic Functions

As for information about elliptic functions, I like the by now ancient Modern
Analysis [12]. We just need a few basic results.

Definition 4.1 An elliptic function is a meromorphic function f: C — C which is
periodic in two directions. That is, there are w;, w, € C \ {0} with w,/w; ¢ R such
that f(z + w;) = f(z) fori = 1,2.
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We will often write elliptic functions as functions of x = ¢° instead of as
functions of z. One of the two periods is then equal to 27/ log(g). If we write
the other period as log(p)/ log(g), we see that f(x) = f(q°) = f(g*T'°eW)/lee@)) —
f(px). Thus we say a function is p-elliptic if it is invariant under multiplying the
argument by a factor p. In this section we will not use this notation yet, but we will
once we get to elliptic hypergeometric series.

It can be convenient to consider the group w;Z + w,Z (under addition) which
acts on C. A fundamental domain of this action is the parallelogram with vertices
0, wy, w1 + wy and w;.

It should be realized that the condition of ellipticity is a rather strict condition.
For example

Theorem 4.2 An analytic, elliptic function is constant.

Proof Let f be an analytic, elliptic function. On the closure of the fundamental
domain f is a continuous function on a compact domain, hence it is bounded. But
as it takes all its values on this fundamental domain, f is bounded on C. Liouville’s
theorem now shows that f must be constant. O

Moreover it can have only as many zeros as poles

Theorem 4.3 If f is an elliptic function, which is not constant zero, then it has as
many poles as zeros counted with multiplicity.

Proof Assume no poles/zeros are located on the boundary of the fundamental
domain D. If there are, you should shift the fundamental domain so that this is the
case (which is possible since there are at most countably many poles/zeros). Then
consider the integral [ f'(z)/f(z) dz/(2i) which gives the difference between the
number of poles and the number of zeros. The contour consists of four parts: let’s
call the line from 0 to w; the bottom, the line from w; to w; + w, the right side, the
line from w; + w, to w, the top, and the line from w, back to O the left side. This
is consistent with the following picture (note that if the orientation of the contour is
different the argument remains the same)

w1+ Wy
()

This integral now evaluates to zero, as the part of the integral over the left edge
of the fundamental domain equals the part of the integral over the right edge with
opposite orientation. (One shift by a period does not change the integrand). Thus the
left and right edge cancel each other. Likewise for the top and bottom edge. O

And you can even prove
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Theorem 4.4 If an elliptic function f has poles in a fundamental domain at
Pi,--.,Px and zeros at 7y, . .., zx (multiple polesi/zeros listed multiple times) then
Zﬁzlp,, = Zﬁ:l z, mod w1 Z + w,Z.

Proof Consider the contour integral faD 7f'(z)/f (z) dz/ (2wiz), with the contour as
before. Now the integral of the bottom edge plus the integral of the top edge equals
the integral —w; [ f'(z)/f(z) dz/(27i) along the bottom edge 0 to w;. However since
f(w1) and £(0) are identical, the difference log(f) (w;) —log(f)(0) must be a multiple
of 2i. Thus the sum of the integrals over the bottom edge and the top edge is an
integer multiple of w,. Likewise the sum of the integrals over the left and right edges
equals an integer multiple of w;. O

Together the last two theorems imply that no elliptic function with just a single
pole/zero in a fundamental domain exists. This fact can often be used to prove
identities for elliptic functions:

If you can show an elliptic function has at most one pole in a fundamental
domain, it must be constant!

5 Elliptic Hypergeometric Series

Elliptic hypergeometric series first appeared in [2], in which Frenkel and Turaev
were considering solutions to the Yang—Baxter equation. In the second edition of
[3] a chapter was added about elliptic hypergeometric series, which gives a nice
overview, but for some aspects it was written a bit prematurely as the theory was at
the time in big development. A nice introduction, a little more expansive than this
one, can be found in the recent lecture notes [7] by Rosengren.

The definition of elliptic hypergeometric series should not come as a surprise
anymore:

Definition 5.1 An elliptic hypergeometric series is a series Y _ d, for which the
quotient of two subsequent terms r(n) = d,+1/d, is an elliptic function of n.

We would like to proceed as before by factoring the quotient r(n) in elementary
building blocks for elliptic functions, but we can’t do that using elliptic functions.
Indeed nonconstant elliptic functions must always have both multiple zeros and
multiple poles, so they won’t function well as bricks in our construction. Therefore
we consider the theta functions

Definition 5.2 We define the theta functions as

o

0(x:p) = (x.p/x:p)oo = [ [(1 = p0)(1 = p**1/x) .
k=0
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The associated theta pochhammer symbols are given by

n—1
0(x:p:q)n = 0(x:p)n = [ | 0(x¢":p)
k=0

(where we often suppress the g-dependence).

These theta functions are a different way of writing the Jacobi theta function.
The product formula is related to the Jacobi theta function using the famous Jacobi
triple product formula:

o0
®.q/%.q: Poo = Y ¢V (—0)".

k=—o00

Now observe that these theta functions have a simple behavior if you multiply x
by p:

O(px:p) = 0(1/x:p) = (1/x.px:p) = @

1
7 (p/x,x;p) = —=0(x;p) .
— X
So if we now write

_ 0(ar1q", ..., a,q";p)Z
0(bvq",...,b.q"%p)

r(n)

we have a function which has one period 27i/log(q) and a second period
log(p)/ log(g) if the balancing condition [],_, ax = [],—, bx holds (and observe
that we have to take as many numerator terms as denominator terms). Note that
0(aq"; p) is an entire function of n and in a fundamental domain of 27i/ log(¢)Z +
log(p)/log(q)Z it has a single zero. Thus these theta functions allow us to write
elliptic functions with given zeros and poles as a simple product. Like the ,Fj
notation we now define

Definition 5.3 If the balancing condition aa; - - - a, = gb1b, - - - b,—; holds then we
define

£ [al,...,a,.z]_i O(ay,...,a:;ph &
rr—1 LECH B .
bi,....b_ = 0(q.b1,....br—1:p)k

Let us consider the convergence of this series. The ratio test does not work as the
limit as the argument of an elliptic function goes to infinity does not exist. While
you can have convergent elliptic hypergeometric nonterminating series, in practice
everybody only works with terminating series. That is series with a 6(¢™"; ¢); in the
numerator, which becomes 0 for k > n.
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It turns out that most results, and the only series we will encounter throughout
these lecture notes, are so-called very well-poised series, which are a special case:

Definition 5.4 Assuming r is even and the balancing condition
b]bz . br—6 — ar/2—3qr/2+n—4

holds, the terminating very-well-poised series is given by

Veoi(as by, .. b—6,q7 " q.p)

. a, tq/a,+q./ap, by, ..., b,—¢,qg "
-t j:ﬁ,:I:./ap,aq/bl,...,aq/b,_6,aq”+l’q

_ X": 6(ag®;p)  6(a,bi.....b—6,q ") /
— O(a:p) 0(q.aq/bi,....aq/b—s,ag" \ip)i"

Proof of equivalence of two expressions above Here we use

2k—1 2k—1 oo

0G:p) = [[a".pg /x:p) = ][]0 =220 = p" g7 /)
r=0 r=0 s=0
2k—1 oo

= [TTTa - vxa?p™) 0 + Vxg7p)

r=0 s=0 _r s —_r
x (1= pStV2g™ 2 | x) (1 + piHD2q™2 1 )
2k—1
= [ [ &g £ pxq”?. 247 \/p/x. £pg~"* | /x: p)
r=0
2k—1
= [ 6 vxqg"? +/pxq"*:p)
r=0

= 0(:*:\/;» :l:\/q_xv i\/p—x’ iquxap)k

which implies

0(ag™:p)  Olag:p)u  O(+./aq, £q/a, +/pqa, +q./pa:p)

0(a;p) 0(a: p)ax 0(£a, £./aq, £ /ap, £ ./apg: p)x

0(xq+/a, £q./ap; p)i
0(+Va, £ /ap;p)r
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It should be noted that for ordinary and basic hypergeometric series we have

a+2k  (a/2+ 1) 1—ag™  (£qJa:q)
a (a2 T l-a  (EJaqnx

thus we only need 1 or 2 parameters for this first factor instead of 4. So a very well-
poised 19 Vs corresponds to the basic hypergeometric very-well poised s W, and the
ordinary hypergeometric very-well poised 7Fg.

As far as I know, all identities for elliptic hypergeometric series (and integrals)
are based on a single identity:

Theorem 5.5 Forw,x,y,z € C\ {0} we have

1 1 1
;e(WXil,yZil;p) + —G(Wyil,zxil;p) + ze(wzil’xyil;p) =0.
Z

Proof One of the most common techniques for proving identities involving theta
functions is to use the argument that elliptic functions with more zeros than poles
are constant zero. Let us consider what happens if we change w — pw. Then the
first term becomes

1 1 1
;9(pwxi1,yzil;p) _ ;e(wxil’yzzl:l;p)(_ _)(_ i)

= lQ(szil,yzj“;p iz :

y w
By symmetry the other two terms are also multiplied by 1/w? upon setting w — pw.
So we do not have an elliptic function (it could not really be because it is analytic
and has zeros). However if we divide by the first term the left-hand side does become
an elliptic function in w, which is even (invariant under w — 1/w)

+1 +1

y 0wy ot ip) y Owz i p)
z O(wxE yzEl p) - x O(waxt! yzEl p)

fw)y=1+

In a fundamental domain, this function has at most a (simple) pole at w = x and
w = x~!. If we set w = z we obtain that the function vanishes:

y 0y, ot p) y0@/y:ip)

2 0 i 0=1+4+2 0,
7 O(zxt!, yz % p)

f@=1+ 200/zp)

using the identity 6(1/x;p) = —(1/x)0(x; p). Likewise there are zeros at w = y*!
and w = z~'. As a nonconstant elliptic function with at most two poles can have at
most two zeros the function f(w) must therefore be constant zero. O

As a generalization of the ordinary Gamma function, there is an elliptic Gamma
function [9] which satisfies the simple difference equation

I(gx) = 0(x:p) e (x) ,



54 EJ. van de Bult

ensuring that

Ie(xq")
I(x)

00 p)k =

This is a reflection of the difference relation I'(z + 1) = zI'(z) and (a);y = ['(a +
k)/ I (a) for the ordinary Gamma function.

Definition 5.6 The elliptic Gamma function is defined as

1 _pr+lqs+l/x

I =Lxp.g) = [] o

r,s>0

Notice that the elliptic Gamma function is symmetric under p < ¢. In a
specific way you can consider it to be the simplest function satisfying the difference
equations I.(gx) = 0(x;p)le(x) and I.(px) = 0(x; g)[(x). Where the ordinary
Gamma function has poles at the negative integers, the elliptic Gamma function
has (generically simple) poles at x = pZ=¢%=0; as any function must if it is to
satisfy the two difference equations. Just to be explicit: the elliptic Gamma function
is itself not an elliptic function, however it can be used to simply express elliptic
hypergeometric series.

Exercise 5.7 Prove the following basic relations for theta functions:

(@) O(px;p) = 0(1/x:p)

(b) 6(p"x:p) = (=1/x)"p~ B (x: p)

Exercise 5.8 Prove the following basic relations for the elliptic Gamma function:
(a) Reflection identity: I, (x, pg/x) = 1

(b) Limit: lim,—o Ie(x;p. q) = 1/(z; @)oo

(c) Quadratic transformation: I'.(x%; p, q) = I.(%x; N/ N
(d) Quadratic transformation: I'.(x; p, q) = I'u(x, gx; p, ¢°)

Exercise 5.9 Calculate the residue

1
@)
Exercise 5.10 Show that an ,V,_; is a p-elliptic function of its arguments, as long

as the balancing condition bb, - --b,_¢ = a’/>3¢"/**"~* remains satisfied. Thus
for example

Res (%Fe(az);z = l/a)

rVr—l(a; bla ey br—6a q_n; ‘]»P) = rVr—l(a;pbl’bZ/p» b3a e »br—ﬁa q_n,q,P) .
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6 6j-Symbols and Spiridonov—Zhedanov Biorthogonal
Functions

This section introduces the biorthogonal functions of Spiridonov and Zhedanov
[11].

The Askey scheme and g-Askey scheme [4] contain many families of orthogonal
polynomials. We will not reprint them here, because the schemes take up a lot
of space. Basically they contain all classical families of orthogonal polynomials'.
The (g)-Askey scheme can even be generalized to include pairs of families of
biorthogonal rational functions. That is: we consider two families of rational
functions ¥ = {fy,f1,...} and § = {go,g1,...} and a bilinear form such that
(fus &n) = Spmpn- Generalizing in this way you can make the schemes a few times
larger. On the elliptic level the scheme for pairs of families of biorthogonal functions
becomes very simple: There is just one family.

However, everything in the (g-)Askey scheme is a limit of this family. To be
completely honest this is not completely fair, as there are biorthogonal functions
with respect to a continuous measure, and specializing the product of two parame-
ters to ¢~V you obtain biorthogonality with respect to a finite point measure (for a
finite set of functions). This difference is similar to the relation of Wilson to Racah
polynomials. So in a way you might consider there to be two pairs of families of
biorthogonal functions. In this section we will focus on the discrete biorthogonality
on a measure with finite support, while in Sect.8 we consider the continuous
measure. In Exercise 8.6 you can verify the relation between these two measures
yourselves.

I feel that Rosengren’s [8] elementary derivation of the biorthogonality using
6j-symbols is a nice exposition, so I will follow that here. We first introduce the
functions

h(x;a) = 0(ak,aé " p), E+E=x.

which are entire functions of x for a # 0. Then we can consider (for given N, a and
b) the set of functions

B = {(x; a)hy—i(x;0) | 0 < k < N} .

Then these N + 1 functions are all of the form f(x) = ]_[;V:1 0(a;€, ajE~"; p). That
is, writing £ = e?™ and F(z) = f(e*™ 4+ e~2"i%), we have even theta functions of
degree 2N with characteristic 0, which means these functions satisfy: f(—z) = f(2),
fz+1) =f(z) and f(z + 1) = e ZNEFDf(7) where p = e?™I*. These functions

'You might ask: What is classical? There are many different definitions based on properties such
a classical family should have, which result in different families being called classical or not. As
far as I know any definition includes only families from the (¢)-Askey scheme, but some are more
restrictive. I just use the definition “Everything in the (g-)Askey scheme is classical.”
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form a space of degree N + 1. It turns out that if
plafb g |1-N<k=N-1}, p'ab¢{q"|0<k=N-1]

the functions in B form a basis of this space. But if we replace the parameters a and
b by c and d, we obtain another basis for this same space. As such there is a basis
transformation

N
he(ox; @)hy—(x;b) = Y Rila, b, ¢, d; N; g, pYhy(x; )hy—i(x; d) .

1=0
Let us calculate these coefficients R}. First we prove a binomial theorem

Theorem 6.1 We have

N

hv(x;a) =) C(a, b, ) (x; b)hy—i(x; ©)
k=0

with

vy @ p)nb(a/c,¢" " ac; p)ib(a/b, abg"; p)n-i

CkN =gq .
0(be; p)nO(q. (b/c)g*N:p)i0(q. (c/D)g*: p)n—k

Compare this theorem to (x + y)¥ = Y3 (V)" .

Proof We will prove this using recurrence relations for the binomial coefficients, so
let us see what happens if we increase N by one: First of all

hyy1(x;a) = hy(x; a)@(agqN,ag_qu;p) .

To get a nice expression on the right-hand side we have to somehow write

hi(x; b)hy—i(x; )0 (akq"  as ' ¢V p)
= c1hi(x; b)hy—+1(x; €) + ol 1 (x; D)y (x; ¢)

that is

0(atq". as~'q";p) = c10(cEq"*, €' ¢" i p) + c20(bEG" bET ¢ 1 p)

Now we need to find an identity between three terms involving theta functions, so we
hope we can apply Theorem 5.5. We have got three terms of the form 6 (sg*!; p) for
s =aq",s = cqg"F and s = bg*, so we know what the parameters in Theorem 5.5
should be. Taking w = &, x = aq",y = bg" and z = c¢"~* the identity from the
theorem becomes
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1 1 - b
s0Eaq" g7 a7 beg", —q" " p)
q C

1 — _r C _
Q(qu",éb ‘g7 ac ™ —q ";p)
a
o 9($ch k gel gt aqu+k,EqN—k;p) 0.

Using 6(1/x; p) = —(1/x)6(x; p) we can clean this up to

b
G(aEqN, at~'q" . beq", —612"_”;17)
c
aq* k pe—1 k wN—k € —k
+ —0| b§q . bE™ ¢ acq™ ", —q "ip
c a
1 N a n_
+ (6 e abg ™ S Hip ) =0
and then find

(acg®™*, (a/c)q": p)
0(bcg, (b/c)g**N: p)

0(abg"**, (a/b)g"~ kvP) —k 1
Bbeq™ /by Fap) CET kT

0(aq".at™"'q " p) = 6(béq* . bE~" 4" p)

Therefore we find the recurrence relation

o _ Blacg™ ™ (@/)ghip) - Blabg™ ™ (a/b)d"Hip)
0(beg™, (b/c)g?*N=2p) 1T B(begV, (c/b)g"Hip) *

With the initial conditions Cj = 1 and CY, = Cy,, = 0 the coefficients are
determined uniquely. Indeed we can now prove the formula for C}' by induction.
Note first that 1/0(q: p)—1 = 0(qq~";p) = 0, so indeed the expression satisfies the
initial conditions CY, = Cy,, = 0. Next we use induction and using Theorem 5.5
once more in a tedious calculation find that our formula for C} is correct. 5]

Now we can determine the coefficients R,’( explicitly by twice applying this
binomial theorem:
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Theorem 6.2 We have

0(q:p)n
0(q:p)10(q: p)n—1

b b b
G(QCiI;P)kQ(bd‘]N_Z,E§P) 0(—,bc; ) 9(—;p)
;1 \€ N—k \C N—I
X
9(561"”;17) O(L—Jq‘l;p) 9(cd,é;p) 0(be;p)
d ;1 \C N—I ¢ N

C N ¢ 4 QN C 1 _y gc
X12V11(_q Vg g g N =qN cd, —¢'" —)-

R (a,b,c,d;N;q,p) = g™

b b d ab " b

Proof Indeed we have
Py (x; a)hy— (x; b)

k
= > Ci(a,c,bg" ) hi(x; )hy—i(x; b)

j=0
k N—j
=YY Cla,c.bg O (b, cq d)hjm(x; i (x: d)
j=0 m=0
N min(k,l) )
=Y " CHa.c.bg"™HC (b.cd . d)hu(x: Yhy—i(x: d) .
=0 j=0
Thus we obtain
min(k,l) )
Ri(a, b,c,d;N;q,p) = Z Cj’-‘(a, c, qu_k)C;\i;](b, cq, d)
=0
which is exactly the series from the statement of the theorem. O

Note that we can find several different expressions by using a different proof. So
this gives transformation formulas for the , V.

Having proved that these elliptic hypergeometric series form the coefficients in a
base transformation, we can derive some properties. First of all

Theorem 6.3 (Biorthogonality) We have

N

Y Ri(a,b,c.d;N;q,p)R}'(c,d,a,b;N:¢,p) = 8y -
=0
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You can view this theorem as (R;, R") = §,,,, where - denotes the parameter, and
the bilinear form has support on the set of integers {0, 1, ..., N}.

Proof Perform the basis transformation first from the basis i (x; a)hy—i (x; b) to the
basis i;(x; ¢)hy—;(x; d) and then back again. This gives

hy(x; a)hy—i (x; b)

Ri(a, b, c,d;N; g, p)h(x; ¢)hy—i(x; d)

Rf((a, b,c,d;N; q,p)R{(c, d,a,b;N:; q,p)hj(x;a)hy_j(x; b)

~.
I
<)

Il
M- 1M 1
M=

~.

Il
S
-

Il
)

Ri(a,b, c,d;N; q,p)R{(c, d,a,b;N;q,p)hj(x;a)hn_j(x; b) .

M=

Then we see that the final series only has a nonzero term for the j = k case, and the
corresponding coefficient must be 1. O

If we consider the special case of the biorthogonality where n = m = 0, the
series in the functions R, and R} both contain just a single term, and thus the
resulting identity becomes an evaluation of a single sum. This summation is the
original Frenkel-Turaev summation formula [2]

Theorem 6.4 We have

0 aqg aq aq
_7_’_5a;
¢*t'a _, biby biby baby T 0
10Vol a;b1,b2,b3, ——,¢q = .
bibabs p(94 94 94 _a9_.
by by by bibabsl),

Proof For n = m = 0 the result simplifies to

N
1= ZRé(a,b, c,d; N, q,p)Rg(c, d,a,b;N;q,p)
k=0
_ 6@bep)y
O(cd,b/a,ab;p)y

3 g D’ b/ s OB dat iy
= 0(q. (c/d)g"*=N be: p)ib(q. (d/c)g*: p)n—«
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Next we use the elementary identities

= 0(x;
6(xg™": )i = 6(pa/x:p)k 60(x; p)N—k = O(pa'=N/x: D) (pql(fl\f?/);: Pk
= —9 ; — 0 P 0 ;
Q(qu§[7)k 9(();_ ))2: 0(xg k§17)N—k _ (g ;Il\l_N(l/’z/x)ZPk)k

k
O(px;p)i = (— )1—6) 7 O 00

to obtain

_ 0(bct', dat'; p),
O(dc®!, ba*!; p)y

% i 9((C/d)(]1_N§P)2k g(ql_N/(bd)v b/d’ Cailv (C/d)q_N» q_N;p)k k
k=0

0((c/d)qV:p)a 0(q.bc.qc/d. g Ve/b.qg N (1/d)a* i p); |

= Olbe ", da” i)y 10V Eq_N' ¢ écail,q_N .
O(dct!, ba*t!; p)y

d’ ' bd’d
Renaming the parameters gives the desired result. O

Exercise 6.5 Prove the addition formula

N
R(a,b,e,f;N;q) = ZRfl(a,b,c, d;N;q)R/(c,d,e,f;N;q) .
k=0

Exercise 6.6 The two functions which are biorthogonal are quite similar. Find a
relation

R,Z{(a,b, c,d;N;q,p) = PrefactorR;‘(?; N;q,p) .

You can do this by choosing a new set of parameters such that the arguments in the
12V11 on both sides are equal.

7 Elliptic Beta Integral

In contrast to the ordinary and basic hypergeometric theory, we do not want
to consider nonterminating elliptic hypergeometric series. Thus to find a proper
generalization of nonterminating identities we consider integrals. The elliptic beta
integral was proven by Spiridonov [10]. Taking the proper limit p — 0 and then
g — 1 you can reduce it to the classical beta integral (proper means that we let the
parameters behave in a certain way as p — 0 and ¢ — 1), but many other famous
integrals and nonterminating series of hypergeometric type are possible limits as
well. For example the identity (1) is also a limit.
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Theorem 7.1 For parameters satisfying the balancing condition ]_[?=1 t, = pq we
have

(P P)(‘I q) H T (trzzl:l) dz 6
F (z*?) 2miz = l_[ Ie(tt5) .

Here the contour € is a deformation of the unit circle traversed in positive
direction which contains the poles at z = t,p?=°g%=° and excludes the poles at
=1 IpZ=0gZ=0_ In particular for |t,| < 1 you can take the unit circle itself.

There are several different proofs, but I prefer the one below. The bilinear form
returns later as the form with respect to which we obtain biorthogonal functions.

Proof Let us define the bilinear form

2)

e @) T, N6zt dz
21'[” lr(”)/f() O T zri

Here we want f(z) and g(z) to be even (that is, 7 — z !-symmetric) mero-

morphic functions such that f(z)Ie(tsz*")/Te(g "t6z%") is an analytic function
(which restricts the poles of f) and likewise g(z) I(tszF")/ Te(q'tsz*") is analytic.
The contour then has to be adjusted to consider the poles of I'.(g™"tz*"') and
To(q'sz).

Let us also consider the difference operator

Z O(u12°, uaz®, uzz®, urupu3z %;p)

a/2
2) . 3
O (uyuy, uyus, urutz, 72%; p) @) ©)

(D(u1, uz, u3)f)(2) =

o==%1

First observe that D maps even functions to even functions, and a direct calculation
shows that p-elliptic functions are mapped to p-elliptic functions. Then the result
of the application of the difference operator to the constant function 1 is an even
p-elliptic function with poles at most when 6(z*2; p) = 0. But this means it must
be a constant function. Plugging in the value z = u; the term with 0 = —1 vanishes
and we obtain

O(u, upuy, usuy, upusz; p)

(D(u1, uz, u3)1)(z) =
O(uyua, uyuz, upus, u3; p)

This identity can also be viewed as a form of the fundamental theta-function identity
from Theorem 5.5. Moreover we can calculate that

(D(t1, 12, t6)f , &)i....

_ —1/2 —1/2 —1/2
= (f,D(q /t3,q /t4,q /t5)g>ql/2[l‘ql/ZZZ‘q—l/Zts_q—l/zl4’q—l/2tsyql/2té
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where we apply the difference equation 0(z; p)I.(z) = I.(qz) several times, split

the sum in its two constituent parts and shift the integration variable z — zg~'/%°

and then recombine. Notice that we do not have to worry about the contour in the

shift, as we have defined the contour as separating several different poles and that

definition just shifts the contour along with z. We also have to use the balancing

condition []°_, #, = pq to equate 8(q'/*t,12162°: p) = O(tatats/ (g7%2%): p).
Specializing this to f = g = 1 we obtain for the constant term

(L, )y = (1, l)ql/ztl.ql/ztz.q—l/zm’q—1/2,4’q—1/2,5.q1/2t6 .

In particular we can shift three parameters by some half-integer power of ¢ upwards,
and three others downwards. Applying this twice we obtain

<1» 1)[1,...,t5 = (17 l)qll,tz.t3,t4,15.q71t5 .

Thus if we consider the constant term as a function of #; up to #s (with #; determined
by the balancing condition), it is invariant under multiplying one of the parameters
by an integer power of ¢q. Due to p < ¢ symmetry it is also invariant under
multiplication by integer powers of p.

Since the constant term is a meromorphic function of the parameters, and since
for generic values of p and g the set pZ g% has an accumulation point (other than 0
or infinity), we can conclude that the constant term is a constant function. It remains
to see what the constant is.

Therefore we want to evaluate it at a single point. For 7,#, = 1 there is no contour
of the desired shape as the pole at z = #; should be included, whereas the pole at
7z = 1/t should be excluded (and in this specialization they are at the same point).
The same holds for the poles at z = t, and z = 1/#,. This problem can be resolved
by shifting the contour first over the poles at z = #; and z = 1/#, picking up
the associated residues, and then specializing to #;#, = 1 (which is then perfectly
possible). Due to symmetry the residue at z = f; is minus the residue at 7 = 1/1
(and we have to add the one at z = #; and subtract the one at z = 1/#;) so this gives a
factor 2. The prefactor of the remaining integral contains the factor 1/l (t;;) = 0
at f1t, = 1, so the remaining integral vanishes. The result of the constant is thus
equal to twice the residue at z = #; evaluated at #;#, = 1. Thus we find

2 H?,s:l Fe(trts) Fe(ZiZ) z’
r<s

nn=1

_ @ [Tl eqh o o (re(n/a,Z _ n)
Hf.lvzl Fe(trts) F(ﬁtz) Z

_ I F/n)
l—lf,s=2 Fe(trts)r(tl_z)

nn=1

_ 1
= ———
nn=1 Hr,s=3 Fe(trts)
r<s

t1h=1
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where in the last step we use that I(x) = I.(pg/x) and that t3t4 = pq/t\hatsts =
pq/tste (and similar). O

To make the connection from integral to elliptic hypergeometric series we again
can use the technique of picking up residues (as we did for ordinary hypergeometric
series). In order to specialize the elliptic beta integral to #;#, = ¢~ " we have to
change the contour by moving it over the poles at zt' = #,¢* for 0 < k < n and
their inverses. After picking up these residues we can make the specialization. Due
to the prefactor 1/ (#,t;) of the integral, the remaining integral is multiplied by
zero. Thus we are left with a sum of residues: Y ;_,Res(-,z = 114*). This will be
a terminating elliptic hypergeometric series. In fact, in this way we will recover the
original Frenkel-Turaev summation formula (Theorem 6.4).

A series obtained in this way will be an elliptic hypergeometric series for any
integral [* A(z) dz/(27iz) for which the integrand satisfies

Algz) _ Alpg2)
AR)  Apz)

In particular we will only consider integrals which satisfy this condition. For the
elliptic beta integral it can be checked directly by using the difference equations of
the elliptic Gamma function and some elementary identities of the theta function.

Transformations for more complicated integrals can now be easily derived. For
an elliptic beta integral with 8 parameters (satisfying a balancing condition) the
symmetries can be obtained by iterating the identity below.

“)

Theorem 7.2 For parameters ]_[f=1 t. = (pq)? define the integral

; ; 8 +1
> > r= Iﬂe 754 dz
I(t],...,[g;p,q)z(pp)z(q q)/;l_[ 1 ( )

I.(z¥?) 2mig

where the contour circles the origin in positive direction separating the poles of
I'.(t,7) from those of T(t,/z). If |t;| < 1 then we can take the unit circle. Then we
have

4 8
151 71
I(t1,....t8;p.q) = 1_[ IL(tt5) ]_[ Fe(t,ts)l(g,...,;,tso,...,tgo;p, q)

ros=1 r.s=5
r<s r<s

where 02 = tithtsty/(pq) = pq/(tstetatg).

Proof The equation is obtained by evaluating in two different orders the double
integral

// Loz W [T)0) T((t/0)) [Thes Le(w®) dz dw
€xe

(22, wt2) 2miz 2mwiw
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If you turn this integral into a series by specializing two parameters to (for
example) ttg = gV you obtain a |,V series on both sides of the equation. As
this can be done for both sides of the integral transformation at once, you can derive
transformation formulas for the |,V in this way.

Exercise 7.3 Show that an elliptic beta integral

/ 22 rnz*") dz
T (z?) 27iz

satisfies (4) if and only if (]_[2'"Jr4 ) (pg)™.

Exercise 7.4 Show that the beta integral

(p:p)(4:9) / [T L) dz ﬁt _ oy
2n1§r<s§2m+4 Q(trts) F(Ziz) 27‘[iZ ’ "

evaluates at ##, = ¢~ " to the series
) n+mt
prefactor 5,48 Vo7 (l‘] shitz, ..ty ————, q_") .
13+ loynts

Also determine the prefactor explicitly. Hint: Move the integration contour over an
appropriate sequence of poles and pick up the associated residues.

Exercise 7.5 Obtain Frenkel-Turaev’s summation formula for a 1oVy as a special
case of the elliptic beta integral evaluation.

Exercise 7.6 (a) Assume the balancing condition a*q"*? = b byb3bybsbs holds.
Obtain the transformation formula

12Vi1(a; b1, by, by, ba,bs, b, g ";p, q)
P a aq aq
aq,
I\ b babs bsbe T ),
~ ,(9q aq ag aq
0 P
by bs b babsbs " ),

a’q aq aq
V ; y b4, bs, b, q7"; p,
T 1](b1b2b3 baby” biby’ 191172 B u q)

as a special case of Theorem 7.2. Alternatively you can derive this directly
copying the proof of the transformation for the integrals, using a double sum
and Frenkel-Turaev’s summation formula.
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(b) Iterate the above formula to obtain
12Vi1(a: by, by, b3, by, bs, bs, q " p. q)

( b ag aq aq aq )
0| aq,

D bibs biby bibs bibg !l
e(aq by aq aq aq aq )
b]vpb1’b3’b4’b5 ’

b by aq aq aq aq _,
x pViul ——:b1, —, , , , g ")
q"bz aq” b2b3 b2b4 bzbs b2b6

(c) Can you find more transformations satisfied by the ,V; by iterating the
transformation from part (a)? (You should be able to find two more, one of
which is the inversion of summation transformation which sends the summation
index k — n —k.)

8 Continuous Biorthogonality

This section discusses a slightly more general pair of families of biorthogonal
functions than we did before. The difference between what we did before is
similar to the difference between Wilson polynomials and Racah polynomials, in
that a specialization of parameters in the Wilson polynomials gives the Racah
polynomials, such that you obtain only a finite set of orthogonal polynomials (which
then are orthogonal to a discrete measure). The discussion here follows the work of
Eric Rains [5, 6], who actually generalized the theory to multivariate biorthogonality
(such as how Koornwinder polynomials generalize Askey—Wilson polynomials). In
these notes we restrict ourselves to the univariate case though; which makes some
formulas more explicit.
The relevant functions are defined as

Definition 8.1 Suppose t513t4u1u, = pg then we define

Ru(z: 1t 1, 13, ta; Uy, un)

hopdt o w1 4 4 4
:12V11 ot ,q n,tlz 7_7_7_;psq .
uy Uiy Uity Utz uyty

Recall the bilinear form introduced to prove the elliptic beta integral (2). These
functions are biorthogonal with respect to this form. To be precise we have
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Theorem 8.2 We have

(Ro( 5ttt 13, ta3 Uy, U2), Ry (-5 11 2 o, 13, 84 U, W) )1y 1,13 1000 00

14 qt1 pqh
9(—§P) 9(61, s, Ly, 31y, —, —; p)
§ i uz 2n U u n -n

n.m va » P 1 q
9(—;p) 9(— tity, tit3, ity —, —'p)
ujuy on \UllU2 huy hu n

Observe that u; and u, are interchanged in the second function; hence we have
biorthogonality and not plain orthogonality. After specializing tt, = ¢~ this
biorthogonality reduce to the biorthogonality from Theorem 6.3 (see Exercise 8.6).
The proof of this biorthogonality follows at the end of these notes.

The biorthogonal functions are self-dual

Theorem 8.3 We have
k., . ) N T S TSP
R.(t1g":t1 o, t3, tasu1, un) = Ri(f19"; 115 1, 13, 145 U0y, 1)

for dual parameters

. hif3t . oot
h= ==, #h=n,0=234, —==(=12).
P4q Ur ur
Proof This can be seen by directly plugging the values in the definition. O

The biorthogonal functions are “eigenfunctions” of the difference operator
from (3) (with “eigenvalue” 1).

Theorem 8.4 We have

D@y, t1, )R, (-:¢"%t1 1 410, a7V P13, ¢V P 145 ¢V Pur, g7V Puy)

=R,(-:t1 1 th, 13, t4;u1, u2) .

Proof You can apply the difference operator to the individual terms on the left-hand
side and equate the results term by term. The required theta function identity is
(what else) Theorem 5.5. |

On the level of elliptic hypergeometric series the previous result is an example
of a contiguous relation. It relates three series whose parameters are almost equal,
they differ only by some (integer) powers of g. There is an identity between any
three 1, V1’s whose parameters differ by some integer powers of g, though making
it explicit is often quite a lot of work.?

2One might observe that the name “contiguous relation” is somewhat of a misnomer. It is not so
much that the relation itself is contiguous (which means “next to”) but that it relates functions
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A less trivial result is the fact that the biorthogonal functions are symmetric under
permutations of ¢, t,, t3 and #4 (up to a factor independent of z). From the definition
as a series you can only read off the permutation symmetry of #,, #3, and #4. Indeed
we have

Theorem 8.5 We have

Ri(z: 1t ta, 13, 14 U1, un)
Ri(t2:t1 : o, 13, 14511, U)

Ri(zitr 1 t1, 13, ta; U1, u) =

and

0(ta2t3, oty p/ (uat2), gty /U1 p)n
0(qta/uy, tit3, tita, p/(t1u2); p)n

Ru(taity 1, 13,45 U1, un) =

Proof The evaluation of R, (t3;t) : ty, 13, t4; Uy, up) is Frenkel-Turaev’s summation
formula, Theorem 6.4. We can apply it after cancelling identical parameters from
the numerator and the denominator of the elliptic hypergeometric series.

The #; <> t, symmetry of the biorthogonal functions is given by a transformation
formula for ;,V;;’s. This formula can be derived as a discrete version of the
transformation for elliptic beta integrals from Theorem 7.2 by setting the product
of two parameters equal to ¢ ", see Exercise 7.6. O

Given the symmetry above and the difference operators, we find that the R, are
“eigenfunctions” of D(u, t;,13) (etc.) with “generically different eigenvalues” for
different n (as we will see shortly). Since the D’s are “self-adjoint,” we would expect
that biorthogonality now follows directly. Unfortunately the fact that the parameters
change after applying the difference operators/taking the adjoint means that the
standard proof does not apply anymore. Thus we have to resort to a slightly different
proof.

Proof of biorthogonality Using the symmetry of the biorthogonal functions, and the
effect of the difference operator D(u,, t;, ;) we find that

D(uy, 13, t)R, (-1 ¢ %11 1 VP12, '8, ¢ * 143 ¢V Pur, g7V Pur)

O(titaq" ", q"t3ta, uaty 11 /Uy p)

- Ry(-5t1 11y, 13,83 Uy, up) .
0(t112/q, tsts, ustr g™, (t1 /ur)q"; p)

at parameter values which are contiguous. A better term which is sometimes used, would be
“contiguity relation.” However in these notes I prefer to use the terminology of the standard work

[1].
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Thus we obtain as result of repeated difference operators

D(uy, 11, :)D(q"ur, gV 13, VPR, (- 511 2 1, 13, 145 quiy, w2/ q)

_ 0(ng". ¢ "ita, w0 /uis p)
0(n112, 1314/ q. uat1 g7, (11 /u1)q"; p)

Ry(-5t1 1, 13, t4; U, o)
and likewise
D(uy, 11, 13)D(q"ur, P ta, VPR, (- 51y 2 1, 13, 143 qui, 12/ )

9(l1136]",61"_ll2f4,M2t1,l1/M1;P)
)Rn(' it h, 13,14 U, W)

iy
9(f1t37 7 uwtig~", (ty/u1)q"; p

Now notice that we have two different (second order) difference operators, which
map the same old R, to the same new R, with a different factor. In particular we find

D(uy, 11, :)D(q"?ur, g7V t3, g7 PR, (- 311 1 1, 13, 14 quiy, 2/ q)

_ O(hig", q" "t3ts, 113, 1214/ q; p)
0(t1t2. 1314/ 9. 113G", "' 1214 p)

x D(uy, t1,13)D(q"ur, g7 ta, g VP)Ry (<5t 2 1, 13, 1y qui, ua [ q)

Now we observe that these generalized eigenvalues are different for different
choices of n (for generic values of the 7,). Let us write

Ly = D(uy, t1,5)D(q"*uy, g V13, V1) |
Ly = D(uy, t1,5)D(q"*ur. g~ 12, 47" ?14) |
L} = D(uz/q. 1. 12)D(q " ur. g7 13,47 ?14) |
Ly = D(uz/q.t1.13)D(q™ " ur. g *12. 7" ?13)

and then re-express the difference equations as

LiR,(-:t1 : t, 13,14, qui, U2/ q)
= Aip(ti, o, t3, ta, w1, u) Ry (- 5y 2t 13, tas Uy, Up)

Note that L} is the same as L; with u; <> u/g, so we also have difference equations

LIR,(- 3ty @ 1o, 13, 143 U, Uy)

= A‘:]1(tl’t27t3»t45ul’u2)Rn(. ;tl : t25t3’t4;u2/Q’ qul) *
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Now we can calculate

(Ru(-5t1 it 13, tasuy, ), Ry (-5 11 2 1o, 13, ta o, 1) gy,

1
= (LiR, (- 5ty i o, 13, 43 quy, un/q), R (- 511 < 1, 13, 145 Uo, U) )ty
1,n
1 *
ZT(Rn( it it qui, ua/q), LT R (-5t b, 13, 84 U, U1) )t qua i /g
1,n
A{*
1.
=7 Z(Ru(- 0t b3,k quy, un/q), R (511 2 b, 13, a5 U2/ 4, QUL ) by qus i/
1.n
)Lz nl
(Rt sttty u, w2) R (<31 2 b 13, Ly o, 1) ) -
)Ll nkzm

Thus we see that the bilinear form vanishes unless the prefactor equals 1. However
we have

A2 nk*
AL ,1)&*

131y hn 1 h
o\ titr, — p Juot1g™" —q";p o\ utzg". q" t214,uzl‘1,u—2p
u 1

131 iy 151
9(t1tzq",q”“t3t4, usty, —;P) 9(l1l3, — ., upt1q™", —q”;p)
uj q u

qh 1912 . 4l
9(l1l261 "ty quity, — ,P) 9(l113, 7 ,quitig" —qm;P)
7

X

13t qh _ qh
G(tltz, Lquit g™ —q’";p) H(tltsqm,q’” ltzt4,qu1t1,—:p)
q up up

_ O(nng".q" ity n3q" "t p)
0(nnq". q" ' t314. 113", " 1143 p)

And thus the prefactor is generically not equal to 1 (except when n = m). O

We will not prove the squared norm formula for the biorthogonal functions under
the continuous measure. There are several proofs in the quoted literature. The proof
in [6] proceeds by induction using a raising operator, and you can explore this in the
exercises. This raising operator also gives rise to a Rodriguez-type formula for the
biorthogonal functions: If you define

Dy (uy : uy @ uz, ug, us)f (z)

0(pqua/uy; p) %, 6(u,2%: p)
p) Z 0

 O(uaus, upug, urtts, Ul (pqz° Ju1,2%°; p)

1(q°"*2)
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where

Pq

e = ——
Ui uzU4Us

then the following identity holds:

1/2

Di(uy ity : 1y, 13, )R, (-5 4711 1 410, 4" 13, ¢ P10 7V Pur, g7 Puy)

=Rot1(-1t1 1 1, 13, 145 11, U) @)

Indeed you can now write R, as the result of applying » difference operators
consecutively on the constant function 1, which is a Rodriguez-type formula.

Exercise 8.6 (a) Specialize the biorthogonal functions of this section at t;, = ¢~V
and z = t;¢*. Now show that there is a change of parameters which turns the
resulting functions into the biorthogonal functions of Sect. 6. That is, you want
an identity

Ri(tig" ;11 : 1/(t1qV), t3. t43u1, up) = prefactor R (a. b, ¢, d; N) |

where t, = t,.(a,b,c,d,N) and u, = u,(a,b,c,d,N).
(b) Check that interchanging u; and u, corresponds to changing Rf‘ (a,b,c,d;N) to
Rl(c,d,a,b;N).

You can now check that the biorthogonality for the Ri of Sect.6 is indeed a
special case of the biorthogonality of the R; from this section. Note that in the
special case t;t, = ¢~ there is no proper contour for the integral defining the
biorthogonality. In order to make sense of the integral, you have to move the contour
over the poles at z = 11,114, . . ., 114" before taking this specialization, thus creating
discrete point masses in the measure at these values.

In the final exercises you can explore difference equations satisfied by the
biorthogonal functions.

Exercise 8.7 In this exercise you will derive the elliptic hypergeometric equation:
the second order difference equation satisfied by the biorthogonal functions gener-
alizing the Askey—Wilson difference equation.

(a) Show that

12Vii(a; by, by, b3, bs, bs, bs,q7"; p, q)

b, by bib
G(bz,—z,—l,ﬁ;p)
a big aq

= Vii(a; b byq, b3, by, bs,bs,q"";
(bl b1 by babs )12 11(0, 1/q, 24, 03,04, D5, D6, 4 ,p,q)
o —, —, =, —p
q aq by a

+ (b2 <> b3)
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by considering this identity term by term. The notation means that we have a
second term on the right-hand side, identical to the first term except with b, and
b3 interchanged.

(b) Use the transformation formula from Exercise 7.6(a) on all three terms of the

above transformation to obtain other contiguous relations, in particular the
relation

12Vii(a; by, by, b3, ba,bs, bs,q " p. q)
a by b3 aq
9 T 3 _; 0 _;
_ (bl ag"t!" bigq p) ﬁ (ber P

- b b
0 _1’%’_3’17 r=4 0 L’p
aq” bz bz b]br

x 12Vi(a; b1q,b2/q, b3, bs, bs, b, q”"; p. q)
+ (by < b3)

(c) Combine the contiguous relations above to obtain a relation

o 4 by big by bybs aq aq aq
b ag ™ by by a bibs bibs bibg

ol b4,
b b P

9(2 by byg by bibs aq aq aq )

b2 ’ aq”+1 ’ b] ’ b3 ’ a ’ b2b4’ bzbs’ b2b6 P

ol .
b by P

G(blq bzq b1b2 1 b3 a a a )

+

b, ’ by ’ aq ’ b3’ aq"’ b3b4’ b3l?57 b3b6;p
by b )
9 _’_;
(qb; gby ¥

x12Vii1(a; by, by, b3, ba,bs, bs. g " p, q)

ol b by by by
1,;,W,?J’ aq
- (55
0 aq bl. _ (ber )
—,—p r=3
by b,

x12Vii(a; b1, b2/ q. b3, ba, bs, be, g7 "; p, q)
+(b1 < by)
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Hint: You need to use either one of the two relations above twice. Recall that the
12 V11 is permutation symmetric in its 6 b,-parameters to obtain different versions
of the same contiguous relation.

The coefficient on the left-hand side is of course unique, but can be written in many
ways as the sum of three products of theta functions. For example the left-hand side
of this equation is symmetric under interchanging b3 and b4, which is not apparent
from its explicit expression. It might well be that you found a different expression.
If you want to show equality between any pair of these different expressions you
need to use Theorem 5.5.

(d) Derive a difference equation of the form
A(2)Ru(q2) + B(2)R.(2/q) = C(2)R(2)

using the above contiguous relation.

Exercise 8.8 In this exercise you will prove the Rodriguez-type formula for the
biorthogonal functions.

(a) Prove the following difference equation by equating both sides termwise. You
have to shift the summation index of one of the two series on the right-hand side
first.

12Vii(a: by, by, b3, by, bs.be.q """ p. q)
= V(@ b1/q, by, b3, by, bs,bs,q"; p, q)

b
2 n.
O(aq,aq ,aqn+2,b1q ,p) S Obyp)

0 aqn+1’aqn+2’%’£;p ., 0(aq/b,:p)
by’ ag?

x 12Vi1(aq?; b1, baq, b3q, baq, bsq, beq, ¢ p, q)

(b) Now apply the symmetry of the |,V of Exercise 7.6(b) to all three sides of the
previous equation to derive the relation

12V11(@; by, by, b3, by, bs, bs, g " p, q)

0 b1b3 p, M4 94 aq
aq, , 02, s s >
9 aq”"“ 2 b3b4 b3b5 b3b6 P
( by by aq aq aq aq )

x 12Vii(aq; b1g. baq, b3, bs, bs, be,q” " p. q)
+ (by < b3).

(c) Use this relation to prove (5).
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Exercise 8.9 In this final exercise you will prove the squared norm formula for the
biorthogonal functions. Define the difference operator

] (uoz", u0q7°, uﬂz", %Z";p)
LEMHIGERY e (g%
o==+1

(a) Show that D_ is “adjoint” to the D operator in the sense that

(Dy(ui = 11 : 12,13, 14)f(2), 8(2)) 1,

= (f(Z),D_(q73/2u2)g(Z))ql/Z[r.q—l/Zul’4—3/2,42 .

(b) Show that the following relation holds term-by-term

pVi(@bi,....be.q" ":p.q)

b
G(b], 1, abq ,qana
a —n
= 2 12Vii(a; biq, by, b3, by, bs, b, q ";p, q)

by bib;
9 n n o o__ ,—
(CI aq, b2 P P)

+ (b1 < by) .
(c) Apply symmetries of the 1, Vj; to all terms in the above relation to derive

V@b, ... be.q"":p.q)
9(b3 b1b3 aq” blbz a da a )

( by a a a )
0|aq", —,—, —, —, —
g by bybs bsbe’ bsb6
by b
XIZVII(a -4 = ,b3,by, b5, bs, g~ )
q q q
+ (b2 < b3).

(d) Use the above relation to show that

D_(qPup)R, (- 111 < to, 13, 1y uy , )
= MiRic1 (34" 1 470,415, 4" P 7V Pun g i)

for some coefficients A,,.
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(e) Using induction, prove the quadratic norm formula (R,,R,) = --- from

Theorem 8.2.
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Integrability of Difference Equations Through
Algebraic Entropy and Generalized Symmetries

Giorgio Gubbiotti

Abstract Given an equation arising from some application or theoretical considera-
tion one of the first questions one might ask is: What is its behavior? It is integrable?
In these lectures we will introduce two different ways for establishing (and in some
sense also defining) integrability for difference equations: Algebraic Entropy and
Generalized Symmetries. Algebraic Entropy deals with the degrees of growth of
the solution of any kind of discrete equation (ordinary, partial or even differential-
difference) and usually provides a quick test to establish if an equation is or not
integrable. The approach based on Generalized Symmetries also provides tools
for investigating integrable equations and to find particular solutions by symmetry
reductions. The main focus of the lectures will be on the computational tools that
allow us to calculate Generalized Symmetries and extract the value of the Algebraic
Entropy from a finite number of iterations of the map.

1 Introduction: The Meaning of Integrability

The topic of these notes will be discrete equations of different kinds and their inte-
grability properties. We will consider ordinary difference equations, i.e., relations
of the form

Un+k :fn(un+k—l,'--»ulz+k/) P k/skvn €eZ s k/ <k (1)
where the unknown function u, is a function of the discrete integer variable n €
Z. We will also discuss differential-difference equations, i.e., equations where the

unknown is a function u, (¢) of two variables, one continuous ¢ € R and one discrete
n € Z. Typical examples of such equations are the so-called Volterra-like equations:

“:L = fu(Uns1, tn, un—1), neZ, )
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or Toda-like equations:
Lt;: an(l/t;, Up+1, Up, un—l) s ne Z, (3)

where by a prime we indicate the derivative with respect to ¢. Finally we will deal
with two-dimensional partial difference equations defined on a square lattice for an
unknown function u,, ,, with (n, m) € Z2, i.e., relations of the form:

Q(“n,m, Un+1,m> Unm+1, Mn+1,m+l) =0, (na m) € Zz~ (4)

If the function Q is a multiaffine irreducible polynomial of its arguments we
say that (4) is a quad-equation. This will be the kind of two-dimensional partial
difference equation we will consider mostly.

We wish to study the integrability of these equations. The notion of integrability
comes from Classical Mechanics and roughly means the existence of a “sufficiently”
high number of first integrals. Indeed given a Hamiltonian system with Hamiltonian
H = H(p,q) with N degrees of freedom we say that this system is integrable if
there exists N integrals of motions, i.e., N functions H; i = 1, ..., N which Poisson-
commutes with the Hamiltonian:

(H,H}=0. 5)

The Hamiltonian, which commutes with itself, is included in the list as H; = H.
These first integrals must be well-defined functions on the phase space and in
involution:

{Hi.H} =0, ije{l,...,N} ©6)
and finally they should be functionally independent:

d(Hi.....H,) - N (7)

rank =
a(plv~~'7pnvqlv-~~vqn)

Indeed the knowledge of these kinds of integrals gives the knowledge of the
remaining N — 1 integrals and this is the content of the famous Liouville theorem
[89, 129]. When more than N independent integrals exists, we say that the system
is superintegrable [37, 110]. Note that in this case the additional integrals will not
be in involution with the previous ones. Integrability in Classical Mechanics means
that the motion is constrained on a subspace of the full phase space. With some
additional assumptions on the geometric structure of the first integral it is possible
to prove that the motion is quasi-periodic on some tori in the phase space [9, 10].
In the infinite-dimensional case, i.e., for partial differential equations, the notion
of integrability has been studied and developed in the second half of the twentieth
century. In this case one should be able to find infinitely many conservation laws.
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These infinitely many conservations laws can be obtained, for example, from the so-
called Lax pair [75], that is an overdetermined linear problem whose compatibility
is ensured if and only if the nonlinear equation is satisfied. A bona fide Lax pair can
be used to produce the required conservations laws, with the associated generalized
symmetries (see Sect.3.2). The form of the Lax pair will be different depending
on the kind of equation we are considering. It is worthwhile noting that Lax pairs
can be used also in Classical Mechanics [33] and that there exist examples of Lax
pairs which are not bona fide [19, 22, 82, 85,91, 92, 113, 114], the so-called fake Lax
pairs. These fake Lax pairs cannot provide nor the infinite sequence of first integrals,
nor the generalized symmetries, so they are useless in proving integrability.

In general we can say that integrability is a property affecting the regularity of the
motion. In the case of discrete equations given an initial condition we can compute
the whole set of solutions with machine precision. The question of regularity can
seem futile, but in fact what we want is to understand the behavior of the given
equation without having to compute a full sequence of iterates!

As a final remark on terminology it is worthwhile noting that the concept of
integrability and the concept of solvability are very different. This can be easily
explained with an example, the famous logistic map:

Upt1 = du, (1 —uy). (8)
The solution of this equation is given by [115]:
U, = sin®(co2" 1), ©)

where ¢y is an arbitrary constant linked with the initial condition via uy =
sin’(co/2). Equation (9) is very sensitive to the initial condition, which is the
intuitive definition of chaos. Indeed computing the derivative with respect to the
initial condition we have:

du,

= 2"sin(co2" ") cos(co2"1). (10)
dCo

Thus we can see that the error grows exponentially with n, which is one of the
indicators of “chaos.”

If by integrability we mean the existence of a Lax pair then the proof of the
integrability of an equation is a highly nontrivial task and there is no general
algorithm to do so. So in these notes we will provide the methods of Algebraic
Entropy and Generalized Symmetries which can be used to detect integrability
without the need of proving (or disproving) the existence of a Lax pair.
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2 Algebraic Entropy

In this section we will focus on the integrability detector called Algebraic Entropy.
In Sect.2.1 we will expand the intuitive idea given in the example of the logistic
map. Then we will introduce the precise definition of Algebraic Entropy for
difference equations, differential equations and quad equations. We will address
the problem from the theoretical point of view discussing mainly the setting and
then derive the main properties of Algebraic Entropy and we will discuss briefly
the geometric setting of the Algebraic Entropy. In Sect.2.2 we will discuss the
computational tools that allow us to extract the value of the Algebraic Entropy from
finite sequence. In Sect. 2.3 we will provide some relevant examples.

2.1 Definition and Basic Properties

As we saw in the example of the logistic equation (8) the notion of chaos is related
with the exponential growth of the solution with respect to the initial condition.
Equation (8) possesses an explicit solution therefore it is easy to understand a
posteriori its properties. Let us now consider the general logistic map with an
arbitrary parameter r € R:

Unt1 = 1, (1 — uy). (11)

We wish to understand how this equation evolves, therefore we fix an initial
condition 1y and we compute the iterates:

U = —rué + ruy , (12a)
a =~ + 2P — (° + P + P (120)
us = —r'uy + 4r'ul — (6r" — 2r°)uf + (4" + 6r°)uy + Lot., (12¢)
ua = =%l + 8P — 2815 1 4l + Lo, (124)

where by l.o.t. we mean terms with lower powers in uy. Then it is clear that there
is a regularity in how the degree of the polynomial u, in uy, d,, grows. Indeed one
can guess that d, = 2" and check this guess for successive iterations. This is a clear
indication that our system is chaotic as it was in the solvable case r = 4. This should
be no surprise since the generic r case is even more general!

This simple example shows how examining the iterates of a recurrence relation
can be a good way to extract information about integrability even if we cannot solve
the equation explicitly. However in more complicated examples it is usually impos-
sible to calculate explicitly these iterates by hand or even with any state-of-the-art
formal calculus software, simply because the expressions one should manipulate
are rational fractions of increasing degree of the various initial conditions. The
complexity and size of the calculation make it impossible to calculate the iterates.
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It was nevertheless observed that “integrable” maps are not as complex as generic
ones. This was done primarily experimentally, by an accumulation of examples, and
later by the elaboration of the concept of Algebraic Entropy for difference equations
[14, 28,31, 111, 122]. In [121, 124] the method was developed in the case of quad
equations and then used as a classifying tool [61]. Finally in [27] the same concept
was introduced for differential-difference equation and later [123] to the very similar
case of differential-delay equations. In our review we will mainly follow [45].

The basic idea, given a rational map, which can be an ordinary difference
equation, a differential-difference equation or even a partial difference equation,
is to examine the growth of the degree of its iterates as we did for (11), and extract
a canonical quantity, which is an index of complexity of the map. This will be the
algebraic entropy (or its avatar the dynamical degree).

For theoretical purposes it is usual to consider maps in a projective space rather
than in the affine one. One then transforms its recurrence relation into a polynomial
map in the homogeneous coordinates of the proper projective space over some
closed field':

xi = @i (x), (13)

with x;, x; € JN where 4N is the space of the initial conditions. The recurrence is
then obtained by iterating the polynomial map ¢;. It is usual to ask that the map ¢;
be birational, i.e., it possesses an inverse which is again a rational map. This fact is
of crucial theoretical importance, as it will be explained at the end of this section.
The space of the initial condition depends on which type of recurrence relation we
are considering. Let us enumerate the various cases.

1. If we are dealing with a k — k” order difference equation in the form (1) the initial
conditions will be just the starting (k — k')-tuple:

JN = {uk/,ukr+1,...,uk_z,uk_l}. (14)

To obtain the map we just need to pass to homogeneous coordinates in (1) and
in (14). Note that the logistic map we considered above (11) is a polynomial map,
but it is not birational, since its inverse is algebraic.

2. If we are dealing with a differential-difference equation of the discrete (k — k')h
order and of the pth continuous order, the space of initial conditions is infinite
dimensional. Indeed, in the case the order of the equation is k — k’, we need the
initial value of (k — k’)-tuple as a function of the parameter ¢, but also the value
of all its derivatives:

IN = Wl (), ud) (), (1), 1 (1) emo (15)

I'The reader can think this field to be the complex one C, but we will see in Sect. 2.2 that in practice
finite fields can be useful.
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where by u}’) (1) we mean the j-derivative of u;(r) with respect to z. We need
all the derivatives of u;(r) and not just the first p because at every iteration the
order of the equation is raised by p. To obtain the map one just need to pass to
homogeneous coordinates in the equation and in (15).

For both kinds of equations we are in the position to define the concept of
Algebraic Entropy. Indeed if we factor out any common polynomial factors we
can say that the degree with respect to the initial conditions is well defined, in a
given system of coordinates, although it is not invariant with respect to changes of
coordinates. We can therefore form the sequence of degrees of the iterates of the
map ¢ and call it d;, = deg ¢:

1,...,1,d,d»,d3,dy,ds, ..., dg, ... . (16)
N———
k—k

The degree of the birational projective map ¢ has to be understood as the maximum
of the total polynomial degree in the initial conditions JN of the entries of ¢. The
same definition in the affine case just translates to the maximum of the degree of
the numerator and of the denominator of the kth iterate in terms of the affine initial
conditions. Degrees in the projective and in the affine setting can be different, but
the global behaviour will be the same due to the properties of homogenization and
de-homogenization. Then the entropy of such a sequence is defined to be:

o1
n = kl_l)lgo %logdk. a7

Such limit exists since from the elementary property of any pair of birational maps
@ and ¥:
deg(y 0 @) < deg ¥ deg . (18)

Furthermore the inequality (18) proves that there is an upper bound for the Algebraic
Entropy:

n < dego. (19)
We see then that if = 0 we must have
dy ~ k', withv e Ny, ask — oo. (20)

We will then have the following classification of equations according to their
Algebraic Entropy [61]:

Linear growth: The equation is linearizable.
Polynomial growth:  The equation is integrable.
Exponential growth:  The equation is chaotic.
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Furthermore it is easy to see that the Algebraic Entropy is a birational invariant
of such maps. Indeed if we suppose that we have two birationally equivalent maps
¢ and ¥ then there exists a birational map y such that:

Yy =) 'ogpoy Q1)
implying:
deg Wk < Kdeg (pk, (22)

where K € N is a constant depending on the degree of the map y. Since we can
obtain an analogous equation as ¢ = y o ¥ o y ! we conclude that ny = 7,.

To clarify the theory we presented we now give three very simple examples of
calculation of the Algebraic Entropy of difference equations.”

Example 2.1 (Hénon Map) In this example we consider the so called Hénon map

of the plane [56]. It relates the iterates of a two component vector (x,,y,) via the

recurrence3 :

Xn+1 = 1— ozxﬁ + Y, (23a)
Ynt+1 = Bxn. (23b)
It easy to see that it can be written as a second-order difference equation:
U1 = 1 — 1 + Bu,— (24)
Computing the degrees of the iterates we get:
1,1,2,4,8,16,32,64,128,256,512. .. (25)
The Hénon map is of degree 2. It is easy to see that the sequence it is not only
bounded by 2%, but it saturates its bound. The sequence is exactly fitted by 2* and its
entropy will be log 2.
The trajectory of this map as system (23) in the plane are displayed in Fig. 1,

which clearly shows the “chaoticity” of the system.

Example 2.2 (Nonsaturating exponential difference equation) Consider the
second-order nonlinear difference equation:

Up+1 = QUpUy—1 + ﬂun + yuu—1, (26)

2We will consider the degrees always computed in the affine setting.
3In the original work we have the particular choice of parameters « = 1.4 and 8 = 0.3
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0.4

0.2

Fig. 1 The Hénon map in the plane (x,y) with @ = 1.4 and b = 0.3 and the initial conditions
(XO,yo) = (0.6, 02)

where «, B and y are real constants. Computing the degrees of the iterates we get:
1,1,2,3,5,8,13,21,34,55,89, 144,233,377 .. .. 27

Also this map is of degree 2, but now its growth is different. We see that from the
second iterate there is a drop in the degree, so d; < 2* asymptotically. The reader
may recognize in this sequence the Fibonacci sequence. The Fibonacci sequence is
known to solve the second-order linear difference equation:

dir1 = di + diy. (28)

This means that we have asymptotically:

1 5\*
dk~( +2f) (29)

and the algebraic entropy of the recurrence relation (26) will be:
1 5
n = log ( +2f), (30)

i.e., the logarithm of the Golden Ratio.

Example 2.3 (Hirota—Kimura—Yahagi equation) Consider the nonlinear second-
order difference equation:

Up ity = U, + B2 (31)
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This equation possess the first integral [62]:

2unun—l
Ku,, u,—) = ————, 32
( 1) i+ B (32)
ie.,
K(un+lv un) - K(Mf’h un—l) =0, (33)

along the solutions of (31). First integrals are a constraint to the motion of a system,
so in this case we expect a great drop in the degrees. Indeed we have:

1,1,2,4,6,8,10,12, 14,16, 18,20, 22,24,26,28 . .. (34)

The degrees appear to grow linearly: di = 2k and the discrepancy from the
saturation starts from the third iterate.

Now we introduce the concept of Algebraic Entropy for quad equations which
was introduced in [121]. We will follow mainly the exposition presented in [124]
with some generalizations which were given in [50].

In the case of quad equations the situation is more complicated than in the case
of one-dimensional equations. First of all in the one-dimensional case one has to
worry only about the evolution in two opposite directions (this was the meaning of
the birationality condition). In the two-dimensional case we have to worry about
four possible directions of evolution corresponding to the four ways we can solve
the quad equation. In general, initial conditions can be given along straight lines
in the four directions. However usually it is preferred to give initial conditions
on staircase configurations. The evolution from any staircase-like arrangement of
initial values is possible in the quadrilateral lattice. This in principle does not rules
out configurations in which are present hook-like configurations (see (4) in Fig. 2).
This kinds of configuration will require compatibility conditions on the initial data,
since they give more than one way to calculate the same value for the dependent
variable which is not ensured to be the equal. The staircases need to go from
(n = —o0o,m = —o0)to(n = oo, m = 00), or from (n = —oc0, m = +00)
to (n = oo, m = —o0) because the space of initial conditions is infinite. We will
restrict ourselves to regular diagonals which are staircases with steps of constant
horizontal length, and constant vertical height. Figure 2 shows four diagonals. The
ones labeled (1) and (2) are regular. The one labeled (3) would be acceptable, but
we will not consider such diagonals. Line (4) is excluded since it may lead to
incompatibilities.

Given a line of initial conditions, it is possible to calculate the values u,,, all
over the two-dimensional lattice. We have a well defined evolution, since we restrict
ourselves to regular diagonals. Moreover, and this is a crucial point, if we want to
evaluate the transformation formula for a finite number of iterations, we only need
a diagonal of initial conditions with finite extent.
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4) 2 3)

e

Fig. 2 Regular and nonregular staircases

For any positive integer N, and each pair of relative integers [A;, A,], we denote
by A(M) PRI regular diagonal consisting of N steps, each having horizontal size
I = ( A1, height I, = |A;], and going in the direction of positive (resp. negative) ny,
if A > 0 (resp. Ay < 0), for k = 1, 2. See Fig. 3.

Suppose we fix the initial conditions on AY » A . We may calculate u over a
rectangle of size (NI} + 1) x (NI, + 1). The d1ag0nal cuts the rectangle in two
halves. One of them uses all initial values, and we will calculate the evolution only
on that part. See Fig. 4.

We are now in a position to calculate “iterates” of the evolution. Choose some
restricted diagonal A[l o]’ The total number of initial points is ¢ = N(/; + L) + 1.
For such restricted initial data, the natural space where the evolution acts is the
projective space P? of dimension g. We may calculate the iterates and fill Fig. 4,
considering the ¢ initial values as inhomogeneous coordinates of P?. Evaluating the
degrees of the successive iterates, we will produce double sequences of degrees
d,El) . The simplest possible choice is to apply this construction to the restricted

diagonals Afi)l, L) which we will denote A(ﬂ A(N) A(N) and AN . We will call

them fundamental diagonals (the upper index (N) is omltted for infinite lines). The
four principal diagonals are showed in Fig. 5.
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)
Ay

Fig. 3 Various kinds of restricted initial conditions

SRR SEEEL Rt SRR el R

Fig. 4 The range for the initial conditions Af—)z, 1

The pattern of degrees is then of the form

1d™ D a"? . dP, a
11 dV?dY 4y,
11 4P 4P
11 4?4

11 4P

11

To each choice of indices [£1, £1] we associate a sequence of degrees d,g)i L

We shall call the sequence

O 0 m 0
1, dl.:l::l:’ dZ.:I::l:’ d3,:|::|:’ d4,:|::|:’ t

the principal sequence of growth. A sequence as

O 000
1, dl.:l::l:’ d2.:|::l:’ d3,:|::|:’ d4,:|::|:’ t

85

(35)

(36)

(37)
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Fig. 5 The four principal diagonals

with [ = 2 will be a secondary sequence of growth, for I = 3 a third, and so on. The
fundamental entropies of the lattice equation are given by:

i . 1 i
MYy = Jim o logd, 4. (38)

The existence of this limit can be proved in an analogous way as for one dimensional
systems. We note that a priori the degrees along the diagonals of a quad equation
do not need to be equal, however in most cases they are.* In the cases in which
the degrees along the diagonals are not equal it is important to isolate repeating
patterns in (35). For the moment the only known examples of such behavior are
the trapezoidal H, equations and the Hg equations which are nonautonomous two-
dimensional lattice equations with two-periodic coefficients [16]. They possess a
principal and a secondary sequence reflecting the periodicity of the coefficients.
At the moment quad equations exhibiting more complicated behavior are not
known. An explicit example is discussed in Sect. 2.3 following the paper where this
“extended notion” of growth of degrees for quad equations was introduced [50].
Equations with higher periodicity, as those introduced in [42], may have different
behavior, but they are still unstudied from the point of view of Algebraic Entropy.
One may wonder about the origin of the drop of the degree. It is actually
geometrically very simple, and comes from the singularity structure. We will discuss
this problem in the case of difference equations, since the other cases are essentially
the same, but they are less intuitive. We recall that to a difference equation (1) of

“In the original definition in [124] those degrees are supposed equal.
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order n = k — k' we can associate a map projective map ¢: P* — P". A point of
homogeneous coordinates [x] = [xg,x1, ..., X,] is singular if all the homogeneous
coordinates of the image by ¢ vanish. The set of these points is thus given by n + 1
homogeneous equations. This set has co-dimension at least 2: it will be points in P2,
complex curves and points in P3, and so on. One important point is that, as soon as
the map is nonlinear, and this is the case we will be interested in, there are always
singular points. The vanishing of all homogeneous coordinates means that there is
no image point in P". The mere vanishing of a few, but not all coordinates, means
that the image “goes to infinity”, but this is harmless, contrary to what happens
in affine space. This is what projective space has been invented for: to cope with
points at infinity, which are not to be forgotten when one consider algebraic varieties
and rational maps. Moreover, using projective space over closed fields simplifies a
lot the counting of intersection points by Bezout theorem. The maps we consider
are almost invertible. They are diffeomorphisms on a Zariski open set, i.e., they
are invertible everywhere except on an algebraic variety. We can find this set as
follows: suppose the map ¢ and its inverse ¥ = ¢~ ! are written in terms of
homogeneous coordinates. The composed maps ¢ oy and respectively y og are then
just multiplication of all coordinates by some polynomial «, and respectively iy :

g oY (ix]) = k(D Id([x]) . ¥ 0 @([x]) = Ky ([x]) Id([x]) . (39)

The map ¢ is clearly not invertible on the image of the variety of equation «, ([x]).
What may happen is that further action of ¢ on these points leads to images in the
singular set of ¢. This means that «,([x]) (or a piece of it if it is decomposable)
has to factorize from all the components of the iterated map. This is the origin of
the drop of the degree! This is the link between singularity (in the projective sense)
and the degree sequence. A graphical explanation of this procedure is illustrated

schematically in Fig. 6.
\ H/

— S e

I r’

Fig. 6 A possible blow-down blow-up scheme in [P?
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This is the link with the famous method of singularity confinement [43, 66, 108].
If for all components of the variety k,([x]) = 0 one encounters singular points
of ¢ in such a way that some finite order iterate of ¢ (once the common factors
are trimmed) define nonambiguously a proper image in P" , we have “singularity
confinement.”

The relationship of the notion of Algebraic Entropy with the structure of the
singularities of maps and lattice equations have been used also as a computational
tool. Examples of such approach are given in [29, 112, 119] and more recently in
[126] where it was also proved that for equation of order higher than the second not
all the singularities play the same rdle.

2.2 Computational Tools

Now that we have introduced the definition of Algebraic Entropy and discussed the
origin of the dropping of the degrees, it is time to turn to the computational tools
which help us to calculate it.

First of all it is clear from our first example with the logistic map that the
complexity of the calculations grow more the more iterates we compute. A good way
to reduce the computational complexity of the problem is to consider a particular
set of initial condition given by straight lines in the appropriate projective space [P4.
This corresponds to the following choice of inhomogeneous coordinates:

it i
=GP (40)
oot + /3()

In the case differential-difference equation we will assume that the parameter 7 is
the same which describes the “time” evolution of the problem.

A useful simplification consists in using only integer numbers in the computa-
tions. Since we want to avoid accidental cancellation the best way is to consider
only prime numbers. This means that we must choose the «;, B; and the eventual
parameters appearing in the equation as prime numbers. A final simplification which
can speed up the calculations is to consider the factorization of the iterates on a finite
field K, with p prime. This is particularly useful since otherwise we are dealing
with factorization over the integer domain and the most common algorithms for
factorization over the integer domain actually at first compute factorization over
finite fields [127].

With these rules we should be able to avoid eventual accidental cancellations and
therefore to have a bona fide sequence of degrees. Since the result is experimental
it is still better to do it more than once to be sure of the result. In [46] a python
implementation of these ideas is given in the case of lattice equation. The prime
number p is chosen adaptively as the next prime after the square plus one of the
biggest prime in «;, B; and the equation parameters.
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Now let us assume that we have computed our iterations and we are given the
finite sequence:

do.dy, ... dy. (41)

To obtain information about the asymptotic behavior of such a sequence (41)
we calculate its generating function [74], i.e., a function g = g(s) such that its
Taylor series coincides with the elements of the obtained series. In looking for
such functions it is important to try to use the minimum number of dy possible.
It is reasonable to suppose that such a generating function is rational even if it is
known that it is not always the case [55]. Such generating functions can therefore
be calculated by using Padé approximants [12, 107].

The Padé approximant is a way of representing a function as a rational function,
i.e., as the ratio of two polynomials. Indeed let us assume to know a function f =
f(s) analytic in some domain D C C containing s = 0.°> Therefore the function f
can be represented as power series centered at s = 0:

f) =) dis*. (42)
k=0

To find the Padé approximant of order [L : M] for the function f means to find a
rational function:

PEM(s)y  ap + ays+ -+ + agst
QUMI(s) 1+ bys+ -+ bysM’

[L:M](s) = (43)

such that its Taylor series centered at s = 0 coincides with (42) as much as
possible (here PIE“Ml(s) and QM (s) are assumed to be polynomials). Notice that
the choice of by = 1 into the denominator [i.e., in the polynomial Q[L:M] (s)] is
purely conventional, since the ratio of the two polynomial PIMl(s) and QUM (s) is
defined up to a common factor. A Padé approximant of order [L : M] has a priori
L + 1 independent coefficients in the numerator and M independent coefficients in
denominator, making L 4+ M 4 1 coefficients at all. This means that given a full
Taylor series as in (42) and a Padé approximant of order [L : M] we will have a
precision of order s“+¥+1:

f(s) = [L: M](s) + O(s"M*). (44)

In the same way as a polynomial is its own Taylor series a rational function is its own
Padé approximant for the right choice of L and M. This is why the best approach
in the search for rational generating functions is the use of Padé approximants: by
computing a sufficiently high number of terms if my generating function is rational

SThis is always possible to be done up to a translation.
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I will eventually find it. Without going into the details of such beautiful theory we
note that the simplest way to compute the Padé approximant of order [L : M] (43) is
from Linear Algebra and one only needs to compute two determinants:

dr—m+1 dp—y+2 ... dr dr+1
dr—m+2 dp—y+3 ... dpv1 diso
Q[L:M] (s) = : : : : , (45a)
dr— dp ...diyy— dity—
dr dp+1 ... dpym—1 ditm
M sM=1 s 1
dr—m+1 dr—m+2 N
dr—m+2 dr—m+3 coo o dpy
PIEMI(2) = , (45b)
dp— dr eov dpyy—
dr dr11 vo. diym
Yo des™ TSI T s LS dis®
and then the Padé approximant of order [L : M] is given by [65]:
P[L:M] (S)

That is all we need from the theory of Padé approximants to calculate generating
functions. The interested reader can consult the above references for a more
complete exposition.

Suppose now we have obtained a generating function using a subset of elements
of (41). Such a generating function is a predictive tool, since we can confront
the next terms in (41) with the successive terms of the Taylor expansion of the
generating function. If they agree we are almost surely on the right way. This is the
reason why it is important to find the generating function with the minimum number
of dj possible. If we used all the terms in the sequence (41) then we need to compute
more iterates in order to have a predictive result. Notice that since the sequence (41)
is a series of degrees, i.e., of positive integers, if the Taylor series of the generating
functions give rise to rational numbers it can be immediately discarded as a non-
bona fide generated function. A reasonable strategy for finding rational generating
functions with Padé approximants is to use Padé approximants of equal order [j : j]
which, as stated above, need 2j 4 1 point to be determined. Let us remark, that a
rational generating function satisfies a finite order linear recurrence relation [30].

Once we have a generating function we need to calculate the asymptotic behavior
of the coefficients of its Taylor series. To do this we will use the inverse Z-transform
[26, 30, 67] method. Indeed let f(7) be a function expressible in Laurent series of
only negative powers of its argument:
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o0
f@) =) dir™ (47)
k=0
The inverse Z-transform of f is the defined to be [67]:

Z7f @Ok = Zim /Cf(r)r"_1 dr, kel (48)

where C is a simple closed path outside of which f(7) is analytic. If f is rational
function, C can be taken as a circle of radius R enclosing all the singularities of
f(7) in the complex t plane. By the residue theorem [23, 130], this implies, as the
rational functions have only a finite numbers of poles ;; € C,j € {1,..., P}:

P
Z7'[f(0)] = Y Res{f(r)r" ). (49)
e =7
Indeed given the generating function g which is expressed as the Taylor series
oo
gls) = ) dis’, (50)
k=0

i.e., a series of positive powers of s, we have by the definition (48):
di = Z gz k. (51)

Since we suppose our generating function to be rational, g(t~") is again a rational
function and we can easily compute it using the residue approach (49).

Formula (49) will be valid asymptotically, and for rational f(r) we can estimate
for which k it will be valid. Assume that f(7) = F(r)/@(r) with P, @ € CJz], i.e.,
polynomials in 7. Indeed if ¢ = 0 is a root of @ of order ky we must distinguish the
cases when k > kg + 1 and k < ko + 1. For k < ky + 1 we will have a pole in 7 = 0
of order ky + 1 — k. So the general formula (49) will be valid only for n > ky + 1.
In the case of rational generating functions g(s) = P(s)/Q(s), with P, Q € C[s] we
will introduce a spurious T = 0 singularity in g(z™") if we will have deg P > deg Q.

From the generating function we can get the Algebraic Entropy, defined by (17).
Recalling that notion of radius of convergence R of a power series [130]:

R = Jim EARG (52)

and the continuity of the logarithm function we have from (17) that the Algebraic
Entropy can be always given by the logarithm of the inverse of the smallest root of
the denominator of g:
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= min log|s|™". (53)
" {s€C|Q(s)=0} gls

To conclude this section we examine the growths of Examples 2.1, 2.2 and 2.3
using the generating functions in order to have a more rigorous proof of their growth.

Example 2.4 (Growth of the Hénon Map) The first and very trivial example is to
consider the growth of the Hénon map (23) [or (24)] as given by (25). We see that
computing the Padé approximant with the first three points, i.e., [1 : 1](s) we obtain:

1—s
1:1 = . 54
[1:16) = - (54)
This first Padé approximant is already predictive since
[1:1](s) = 145+ 25 + 45> 4+ 85* + 165° 4 325° + O(s%). (55)

So we can conclude g(s) = [1 : 1](s). This obviously gives the growth as dj = 257!
for every k > 1.° The only pole of g(s) is then sy = 1/2 which according to (53)
yields n = log 2.

Example 2.5 (Growth of the Map (26)) We see that in this case the Padé approxi-
mant [1 : 1](s) gives exactly the same result as (54), therefore it does not describe
the series. The next one [2 : 2](s) instead gives:

[2:2](s) = % (56)

—s2

which is predictive. We conclude that in this case g(s) = [2 : 2](s). This gives the
growth:

dy (57)

54351445\ 5-3v5(1- 5\
10 2 + 10 2 ’

which, as we said before, has the asymptotic behavior (29). The poles of (56) are
then:

-1 £45

> (58)

S+

and as |s4| > |s—| the algebraic entropy is given by (30).

SWe note that in terms of the iterations the first 1 in (25) have to be interpreted as d—;, but this is
just matter of notation.
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Example 2.6 (Growth of the Hirota—Kimura—Yahagi Equation) We now consider
the very slow growth of (31) given by (34). Again the [1 : 1](s) is the same as
in (54) and therefore does not describes (34) as well as [2; 2](s). On the other hand
[3 : 3](s) gives:

s+ —s+1
(1—s)

and again this approximant is predictive. So we conclude that g(s) = [3 : 3](s) and
that d; = 2k — 2. Since the only pole lays on the unit circle we have that the entropy
is zero.

[3:3](s) = (59)

2.3 Examples

In this section we will discuss four examples, one for recurrence relations one for a
differential-difference equation and finally two for quad equations.

Example 2.7 (Solvable Chaos [44]) We consider an instructive example taken from
[44] to see what happens if one considers transcendental transformations in place of
birational ones. Our starting point is a trivial linear second-order recurrence relation:

Wpy1 + Oy = kKW, , ke N. (60)
This linear map has obviously constant degree of growth d, = 1. We can obtain
from it a nonlinear equation if we apply the transcendental transformation:

U, = tan w,. 61)

Under such transformation we have:

u + Uup—
ol TPl — tank arctan(uy)], (62)
1 - Up+1Up—1

where the right-hand side is in fact a rational function of u, depending on the value
of k € IN. We shall consider the cases k = 1,2, 3.

Case x = 1: In this case (62) becomes the trivial equation:

Up+1 + up—y = u, (63)
L — up -

It is almost immediate to see that if we compute u,4, and substitute u,
from (63) into it we find u,42 = —u,—1: the equation is periodic of period 3.
Its degree of growth is then trivially:

1,1,2,1,1,2,1,1,2,... . (64)
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Its generating function is given by:

252+ s+ 1
= = —, 65
8k=1(s) =) (65)
and the entropy is clearly zero.
Case k = 2: In this case (62) becomes:
Up+1 + Up—1 — 2u, . (66)
1 — syt 1 —u?
This case has growth of degrees:
1,1,3,5,7,9,11,13,15,17, 19, . .. (67)
with generating function:
2s —s+1
= = — 68
gk=2(5) e (68)

with clear zero entropy and growth of degrees dy = 2k — 1 for k > 1. In fact this
equation possess a first integral:

At 2 (69)
I - Up—1Up

which is a discrete Riccati equation. This discrete Riccati equation can be
linearized through the Mobius transformation:

y = —i— —. (70)

to

i—cv,— G+ c)v,— =c. (71)
So up to now the transcendental transformation has preserved somehow the
linearity of the equation.

Case k = 3: In this case (62) becomes more interesting:

3
Up+1 + Un—1 _ 3un —u,

= . 72
1 — 1ty 1—3u2 (72)

The degrees of its iterates are:

1,1,4,11,29,76,199, 521, 1364,3571, ... (73)
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exhibiting a clearly chaotic behavior. The generating function for the
sequence (73) is given by:

252 =25+ 1

_ . 74
s2—3s+1 74)

gr=3(s) =

The Algebraic Entropy is then given by:

n=10g(3+ﬁ), (75)

2

while the degrees asymptotically grow as:

dy (76)

k k
1+ V53445 +1—«/§ 3-45
2 2 2 2 ’
Therefore (72) is both chaotic and solvable! Using a transcendental transforma-
tion we have linearized a chaotic equation.

In Fig.7 we confront the trajectories of the cases k = 2 and k = 3. We see
the equations as maps in the (x,y)-plane by making the identification (x,,y,) =
(4, uy—1). The reader can easily see the difference between the regular structure of
the case k = 2 for different initial values and the complicated structure of the case
Kk = 3.

This example shows that if we consider more general transformations than the
birational ones then Algebraic Entropy can’t be used as an indicator of integrability.

Example 2.8 (The YdKN equation [133, 134]) Consider the class of differential-
difference equations:

U = A(”n)”n%»lunfl + B(un)(un+l + ”nfl) + C(Mn)

n a7
Up+1 — Up—1
where A, B and C are second-order polynomials in u,,:
Auy) = c1u? + couy + c3 (78a)
B(uy) = cau;, + csuy, + c6 (78b)
Clun) = cyty + Cylty + Co, (78¢)

depending on nine arbitrary parameters. This equation for generic values of the
parameters is not integrable. In fact it has the following growth of degrees:

1,1,3,7,17,41,99,239,577, ... (79)
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Fig. 7 Trajectories for the maps (62) for k = 2 and « = 3 with the identification (x,,y,) =
(U, tty—1). (@) kK = 2 (66). (b) k =3 (72)

This sequence has generating function:

s—1
g5 (s) = m (80)
and then we have:
1 2 k+1 1— 2 k+1
dgen — ( + “/_) + ( ‘/_) (81)

k 2 2
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and, as expected, the entropy is nonzero:
7" = log(1 + v2). (82)

In [133] it was proved using the Generalized Symmetry approach’ that for the
particular combination of coefficients given by:

cir=a, c¢=2b, c3=c, c=b, cs5=4d,
(83)

ce=e€e, c1=c, cg=2e, c9=f,

the equation satisfies the necessary conditions of integrability.® As it was proved that
the continuum limit [84, 133] of (78) with (83) is the Krichever—Novikov equation
[73] the resulting equation was called the Yamilov discretization of the Krichever—
Novikov equation (shortly YdKN equation). Integrability of such an equation was
established in [5] through the Master Symmetries approach. If we compute the
growth of degrees with the particular choice given by (83) we obtain:

1,1,3,7,13,21,31,43,57,73, ... (84)
with generating function:

352 —2s+ 1

mt(s) — ( _s)3

(85)

This generating function gives the quadratic growth d}{“‘ = k>—k+1 and the entropy
is clearly zero.

Considering the sequences (79) and (84) we see that the first drop of the degrees
happens at the second iteration. To understand this degree dropping we consider the
particular case a = ¢ = d = ¢ = f = 0 and b = 1. Computing the iterates without
the assumptions made in Sect. 2.2 we have:

/ 2
Ug—1 + Ugl—1
_ 0 0
u = - ’ 2 (863)
—ug + 2uou—1 + ug

Guu? | + duu_yug — 2uo2u®  uy

/2 ’ 4 7
2“0” 1102 + g u_y — ugu_ +“0 —1)”0

Uy = (86b)

22 ’
(uu® | + 2uu_yuo — 2ufu’ up + 2ugu_,

2 2.1
— 2ugu_yuy + ugu_, —uou  + 3u 1)

7In fact was solved the more general problem of finding the integrable cases inside the whole
Volterra-like differential-difference equations (2).

80nly 6 independent coefficients are left.
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(g — ug) (ug + up) - (degree 13 polynomial)

us (86¢)

(2 — u})(ud + up) - (degree 13 polynomial) ’
and we see that there is a cancellation of a factor of order 4! Therefore with respect
to the general case we have a drop of degrees 13 = 17 — 4.

Example 2.9 (The Qv equation [125]) We will now see our first example of quad
equations. We will show the integrability of the so called Qv in the same way as it
was done in the paper where the equation was introduced [125].

Our starting point is the three forms of the Q4 equation. The Q4 equation is
obtained by the Consistency Around the Cube (CAC). This equation was first found
in [1] and then its form has been improved in [95] and in [58]. It was shown to be
the most general case of CAC in a series of papers [3, 6, 7].

Its different avatars are respectively:

e Adler’s form:

koUn imUn+ 1 mUnm+1Un+1,m+1
—k (un,mun+1,mun.m+l + Ut 1 mUnm+1Un+1,m+1
+ U Uyt 1 Un 11+ Ul 1 mUn+1,m+1)
+ ko (U ittt 1 1+ Und 1 mUnmt1)
— k3 (Up it 1 m  Un s 1 Unt 1 mt1)

- k4(un,mun,m+l + un+1,mun+1,m+l)

+ kS(Mn,m + Un+1,m + Un,m+1 + un+1,m+1) + k6 =0 (87)
with
kh=a+B. ki=av+pu., k=av’+pu*,
af(a + p) 2 2 &
- - 2 - = )
2070 av: + Bl 2u 1
B+ . , & (88
ky= — 7 207 — =],
Ty S
2
ks =Sk + 2k, ke = 16k + g3k,
2 4 r
where

o> =r(p), BP=r(v), r@@) =42 —gz—g (89)
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¢ Nijhoff’s form:

A((”n,m - b)(”n,m-{—l - b) - d)((un-i-l.m - b)(un+1,m+1 - bt) - d)
+ B((”n,m - a)(unJrl.m - Cl) - e)((un.erl - a)(un+1,m+1 - a) - e) =f
(90)

where the points (a,A), (b, B), (c, C) = (b, B)—(a, A) are on the curve Z> = r(z)
with r(z) as in (89) and

d=(@a—-b)(c—b), e=b—-—a)c—a), f=ABC(a—D>). on
e Hietarinta’s form:

sn(a) sn(B) sn(er + B) (K tymlbnt1 mltnmt 1Unt1mt1 + 1)
+ SIl(O[ + ﬂ)(un,mun-i-l,m-i-l + un—i—l.mun,m-i-l)
92)
- Sn(a)(un,mun—i-l.m + un,m+lun+1.m+1)

- Sn(ﬂ)(“n.m“n,m—l—l + un+l,mun+l,1n+1) =0.

All three forms are parametrized through elliptic functions.
The most general form of quad equation having the same symmetry as Qq,
namely the Klein symmetry:
Q(un-l—l,ma un,ma un-i—l,m-l—l ) un,m-H)
= TQ(un,ma Un+1,ms Un.m+1, un+l.m+l)’
(93)
Q(un,m—i-l s Un+1,m~+15 Unm» un.m—H)

= I/Q(un,m, Un+1,ms Unm+1, un+1,m+1)s
where 7,7’ € {1, —1} is given by:

A UnmUn+1,mUnm+1Un+1,m+1
+ a2 (Un mltnm+ 1Un+1.m+1 F Unt 1l m+1Un+1m+1
+ UnmUn+1 mUn+1m+1 + un,mun+l,mun,m+1)
+ a3 (tnmttn+1.m + Unm+1Un+1.m+1)
+ a4(un.mun+l,m+l + Mn-l—l.mun,m-i-l)
+ as(tn+1.mUn+1m+1 + Unmlnmt1)

+ as(Unm + Unt1m + Unmst + Unt1mt1) +a7 =0, (94)
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We calculate the degrees of growth of the Q4 equation. To keep things simple we
evaluate for some choices of parameter one of the three forms of the Q4 equation
[(87), (90), (92)]. Following Sect.2.2 we wish to find some integer values for the
coefficients {ay,...,a;} satisfying the given conditions. For example, choosing
r(z) = 4z — 32z + 4 and the points (a,A) = (0,2), (c.C) = (3.4), (b.B) =
(a,A) ® (¢, C) = (—26/9,2/27),° we get the sequence:

1,3,7,13,21,31,43,57,73,91, 111, . .. (95)

corresponding to the generating function

1452
= 96
8(s) TERE (96)
which corresponds to a quadratic growth:
d=F+1+1. 97)

However we may also take (94) without any constraint on the coefficients
{a1,...,a7}. With arbitrary values of the parameters, we get the same quadratic
growth as with constrained values:

1,3,7,13,21,31,43,57,73,91, 111, . ... (98)

This indicates integrability of the unconstrained form, with seven free homogeneous
parameters (intersection of hyperplanes in the space of multilinear relations). This
is the so-called Qv equation.

To analyze the origin of the entropy vanishing, one has to examine the factoriza-
tion process, which explains the degree drop. To this end consider the most generic
quad equation with no Klein symmetries at all:

Cl1Un mUn+1,mUnm+1Un+1,m+1 + CoUp mUnm+1Un+1,m+1
+ C3Up+-1,.mUnm+1Un+1,m+1 + Cally mUn+1,mUn+1,m+1
+ C5Upmltn+-1mUnm+1 + ColnmUn+1,m + CTUnm+1Un+1,m+1
+ C8Up mUn+1,m+1 + Collp+1,mUn,m+1
+ CloUn+1,mUn+1m+1 + ClillnmUnm+1

+ CloUnm + Cl3Unt1m + Clallymi1 + CisUpgime1 + Cl6 = 0. (99)

“Here @ denotes the sum in the sense of elliptic curves.
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[ ]

U Z A
— %

Y X

Fig. 8 Initial conditions for the Qv equation

It depends on 16 homogeneous parameters ¢;, i = 1,..., 16. Its sequence of degrees
is given by:
1,3,7,17,41,99,239,577, ... (100)
fitted by:
s+ 1
=—— 101
8(5) s2+2s—1 (10D

giving nonzero entropy 7 = log(1 + ~/2).

We see that in (95) there is a factorization at the third iterations and we want
to see its origin. Suppose we are given the initial data as in Fig. 8 then making the
computations we see that:

__ H(Z,V) - (degree 13 polynomial)
" H(Z.,V) - (degree 13 polynomial)

(102)

The factor H(Z, V) is a biquadratic (elliptic) curve given for general values of n and
m by:

00 00 00

8”11.m7 Un+1,m+1 aMn,m aun—i—l,m-}—l

H (U1 s Unmt1) = (103)

where Q is given by the right-hand side of (94). We see than that with respect to
the general case we have a drop of degrees 13 = 17 — 4. It is worth noting that the
biquadratic (103) was a key element in the proof of the classification in [6], however
to have the factorization we do not need to introduce the elliptic function relation.

‘We conclude this example by noting that in [48] the Qv equation was generalized
to a new nonautonomous equation. It was proved that the only multilinear quad
equations with 2-periodic coefficients, i.e., p; = pio + pi1(—=1)" + pi2(—=DM +
pi3(=1)"T" which possess the nonautonomous Klein symmetries:
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Q(un-i—l,ms Unms Un+1,m+15 Unm+13 (_l)nv (_1)m)
= 7:Q(Mn.ma Up+1,m»> Unm+15 Un+1,m+15 _(_1)n7 (_l)m)v
. . (104)
Q(un,m-l-la Un+1,m+15 Unms Un+-1,m> (_1) s (_1) )

= T/Q(un,mv Un+1,ms Unm+15 Un+1,m+15 D", =(=D"),
is given by:

A1 UnmUn+1,mUn,m+1Un+1,m+1
aro — (—1)"ar1 — (=D az s + (=1)" " a 3]t byt 1 Un 1 1
aro+ (—1)'azs — (—1)M612.2 - (_1)n+ma2,3]un+l.mun,m+lMn+l.m+l
aro + (=1)"azs + (=DMazs + (= 1) ay 3]t bt 1 mltnt 1 m41
a0 — (=1)"az1 + (—=1)Ma2 — (= 1)" " a5 3Vt g 1 it 1

az0 — (=DM az 2Jugmttyr1.m + [as.0 + (=)™ a3 2]t g 11 mt1

aso — (=1)"as 1]un1 mins1me1 + [asp + (=1)"as 1]upmitn mt1
ago + (—1)"ag1 — (—)Magr — (—1)" " ag 3lupm
aso — (—1)"ag1 — (=) ags + (—1)" a3 s 1.m

[
[
[
[
[
[as0 — (=1)" " ag 3)up mitnsr 1 + [aso + (=1)" " a4 3 g1 bt
[
[
[
[aso + (=1D)"as1 + (=) ae2 + (=1)" " ag 3]upm+1

[

+ 4+ + + + + + + o+

aso — (—1)"ag1 + (—1)Masr — (1) ag 3]unt 1 me1 + a7 = 0. (105)

This equation depends on 16 arbitrary homogeneous parameters and upon the
substitution a, | = ry = A3 = A3) = Q43 = 451 = dg| = dgp = 63 =
0 (105) it reduces to the Qy equation (94). Therefore this equation is called the
nonautonomous Qv equation. Again in [48] it was found that this equation possesses
the same degree of growth as the original Qv equation (94), this suggests that this is
a nonautonomous integrable generalization of the Qv equation.

Example 2.10 (The :H5 Equation) As alast example we consider a nonautonomous
equation coming from the classification of general quad equations possessing the
CAC property introduced by Boll [16-18]. The ,Hj is:
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tH2 : (un.m - Mn+l.m)(un,m+1 - un+1,m+1)

+ o2 (U + Untim + Unmi1 + Unt1ms1)

ca
+ 72(2F1(Q/;Hun,m+l + 203 + a2)(2F1(1;—)un+l,m+l + 203 + a3)

+ %(21:1(!4_)”""” + 203 + az)(zFl(V[_)un-i-l,m + 205 + )
+ (03 + o) — o — 2ea203(3 + ) = 0, (106)
where:
= # (107)

This equation shows two sequences of growth [50], a principal and a secondary one.
Furthermore it is not isotropic: its growth in different directions is different. Indeed
the growth in the directions A_ 4 and A4 4 is given by the following sequences:

principal 1,2,4,6,11,10,19,14,27,18,35,22,43, ...,

(108)
secondary 1,2,4,7,8,15,12,23,16,31,20,39,24,....
To these sequences correspond the generating functions:
P (o) O 445t + 283 + 282 + 25 + 1
s) = ,
8+ + (s —D2(s + 1)?
(109)
X 38 + 54 + 353 + 22 + 25+ 1
gi,+(s) =

(s —1D*(s + 1)?

The two sequences (108) are very peculiar, since they are not monotonically
increasing, but exhibit very large oscillations. Moreover the asymptotic behavior
which can be extrapolated from the generating functions is linear:

diy,==D1-3)+31-3,

I+1 5 5 (110)
lrr=CEDT(I—3) + 30— 3.
Both these two patterns of growth satisfy the fourth order recurrence relation:
diyr —2di-1 +di3 = 0, (111)

which gives rise to these highly oscillatory terms.
The growth in the directions A4 _ and A_ _ is given by the following sequences:

principal 1, 2, 4, 7, 11, 15, 19, 23, 27, 31, 35, 39, 43,...,
secondary 1, 2, 4, 6, 8, 10, 12, 14, 16, 18, 20, 22, 24,....

(112)
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We have the following generating functions:

sS4

p —
g:l:’—(s) - (S . 1)2 ’
(113)
s (s) = 52+ 1
8- = (s—1)2
and again the growth is linear:
dzi,— =4-5, d,_=2I (114)

Since the growth is linear in every direction we can infer that the equation should
be linearizable. This was conjectured in [50] and then proved by using the concept
of Darboux integrability for lattice equations [2] in [47, 53].

3 Generalized Symmetries

In this second part of these notes we will introduce another definition of integrability
based on the existence of Generalized Symmetries. Mainly we will develop
computational methods for finding generalized symmetries. In Sect.3.1 we will
discuss the relationship of the Generalized Symmetries with integrability properties.
To do so we will treat the well known example of the Korteweg—de Vries equation.
In Sect. 3.2 we will consider the case of differential-difference equations. In Sect. 3.3
we will construct three point generalized symmetries for quad equations. In Sect. 3.4
we will discuss a direct methods to find hierarchies of symmetries through the so-
called Master Symmetries. In Sect.3.5 we will conclude these notes with some
specially selected examples of nonautonomous equations.

3.1 Generalized Symmetries and Integrability

At the time of the Franco-Prussian war in 1870 the Norwegian mathematician
Sophus Lie considered the question of the invariance of differential equations with
respect to continuous infinitesimal transformation, i.e., transformations which can
be seen as continuous deformations of the identity. In the successive 30 years Lie
developed a theory which includes all the implications of such invariance. The
summa of the work of Sophus Lie on the subject is contained in [88].

Lie’s works on differential equations had a brief moment of success, but soon
they were forgotten. They were subsequently rediscovered around the middle of the
twentieth century by Russian mathematicians under the leadership of Ovsiannikov
[104, 105]. On the other hand Lie’s work on continuous groups was a powerful
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tool in the development of Quantum Mechanics where they were used to show
unexpected results about the spectra [128]. However the “physicists” theory of Lie
groups turns out to be completely separated from the application of continuous
groups to differential equations in such a way that it was possible that somebody
knew much of one and completely ignore the other.

The original idea of Sophus Lie was to unify the methods of solution for
differential equations uncovering the underlying geometrical structure in the same
spirit as it was done by Evariste Galois for algebraic equations. Lie’s theory of
infinitesimal point transformation is linear, but one is able to reconstruct the full
group of transformation by solving some differential equations.

In his work Lie [86] considered infinitesimal transformations depending also on
the first derivatives of the dependent variables, the so-called contact transformations
[8, 63]. Later Bécklund considered finite transformations depending on finitely
many derivatives of the dependent variables adding some closure relations in
order to preserve the geometrical structure of the transformations [11]. The first
to recognize the possibility of considering also transformations depending on
higher order derivatives without additional conditions was Emmy Noether in her
fundamental paper [97]. The mathematical objects Noether considered was what
now we call Generalized Symmetries.

In modern times due to their algorithmic nature generalized symmetry have
been used both as tools for the study of given systems [8, 34, 40, 63, 68, 71, 72,
101, 103] and as a tool to classify integrable equations. The symmetry approach
to integrability has mainly been developed by a group of researchers belonging to
the scientific school of A.B. Shabat. It has been developed in the continuum case
[5, 54, 93, 94, 116-118], in the differential-difference case [78, 133, 134] and more
recently also in the completely discrete case [79, 80].

Let us start discussing the relation between integrability and generalized sym-
metries in the case of partial differential equations. Let us assume we are given a
partial differential equation (PDE) of order k in evolutionary form for an unknown
function u = u(x, 1):

u; = f(u,uy, ..., u), (115)

where 4, = 9u/dt and u; = Ju/0x for any j > 0.
A generalized symmetry of order m for (115) is an equation of the form:

ur = g(u,uy, Uy, ..., Uy) (116)

compatible with (115). Here t© plays the role of the group parameter and of
course we are assuming u = u(x, t, t). The compatibility condition between (115)
and (116) implies the following PDE for the functions f and g:

%u %u

b9 aear D8PS =0 a7
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where D,, D, are the operators of total differentiation corresponding to (115)—(116),
defined, together with the operator of total x-derivative D, by

(118)

When (117) is satisfied we say that (116) is a generalized symmetry of order m
for (115).

We will now see in a concrete example how from the integrability properties is
possible to obtain an infinite sequence of generalized symmetries of the form (116).
Let us consider the well-known Korteweg—de Vries equation (KdV equation) [70]:

u, = 6uuy + us. (119)

It is known [75] that the KdV equation (119) possess the following linear represen-
tation:

L, =[L,M], (120)

where L and M are differential operators given by:

L= _axx + u, (1213)
M = 49 — 6ud, — 30, (u). (121b)

and by [ , ] we mean the commutator of two differential operators. We look for a
chain of differential operators M; which correspond to different equations associated
with the same L:

L, = [L. M), (122)

Since L, = u, is a scalar operator one must have [L, M| = V with V scalar operator.
If there exists another equation associated to L then there must exists another M
such that [L, 1\7] =V where V is another scalar operator.

Now one can relate M and M. Noting that the equation u, = u, can be written in
the form (122) with M; = 0, we see that the operators M; are characterized by the
power of the operator d, and that the relation between one and the other is of order
two, as the order of the operator L. We can therefore make the general assumption:

M= LM+ Fd, + G, (123)
where F and G are scalar operators. Imposing the condition (123) we find that:

V=2V+u, (124)
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where:
1 1 o
LV = _ZVX”X +uV — Eux V(y) dy. (125)

This yields an infinite family of equations for any entire function F'(z),
u, = F(L)u,. (126)

Equations (126) are associated to the same L operator and, by solving the Spectral
Problem associated to it [21], they are shown to be commuting with the original
KdV equation (119). In particular for F(£) = £" we find a whole hierarchy of
generalized symmetries for the KdV equation (119). The operator (125) is called
the recursion operator for the KAV equation (119).

In general any evolution equation possessing a recursion operator has an infinite
hierarchy of equations and if they commute they are generalized symmetries, and,
then, in an appropriate sense, an evolution equation is integrable. We therefore
propose a symmetry based definition of integrability: An evolution equation is
called integrable if it possesses nonconstant generalized symmetries of any order m
[102]. Note that this definition a priori does not distinguish between C-integrable
and S-integrable equations. Indeed both C-integrable and S-integrable equations
possess the property of having recursion operators like (125), but C-integrable
equations are linearizable [20]. The most famous C-integrable equation, the Burgers
equation, also possesses a recursion operator. The difference between C-integrable
and S-integrable equations is in the fact that the S-integrable equations possess
infinitely many conservation laws of any order whereas the C-integrable ones only
up to the order of the equation itself.

3.2 Generalized Symmetries for Differential-Difference
Equations

In this section we look for generalized symmetries of Volterra-like equations:

Ufn U

b
0ty Oty

£0

£ 0, (127)

I:tn :f(un-i-lv Up, un—l) Efn ,

for the unknown function u,, = u,(¢).'° We assume that f = f(z,, 22, z3), an arbitrary
function of three variable, is independent of n € Z.

19Tn this section and in the following we use the dot notation for derivatives.
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Generalized symmetries of (127) will be equations of the form

Upr = g(un-i-m» Up+m—15 -« - Unt+m/+1, un-i-m’) =&n,

g, 0gn £0 (128)

8un+m 8un+m/

where u, = u,(t, v). By the index 7, the group parameter, we denote its r-derivative,
and m > m’ are two finite fixed integers.
The symmetry is defined by a function of many variables:

g8=28@1,22, 23, - - Utm—m')s (129)

called the characteristic of the symmetry which depends on (127). We will call (128)
a local generalized symmetry of (127) if in the right-hand side it does not contain
integrals or summations. Moreover, we choose this symmetry to have no explicit
dependence on the discrete spatial variable n and on the variable 7 of (127).

Lie point symmetries of (127) are of the form:

Upz = a(t)l:‘n + bn(t, un) (130)

and are a sub-case of the generalized symmetries. We will be interested in
symmetries (128) with m > 1 and m’ < —1 which are not Lie point symmetries,
more precisely, withm = —m’ > 1.

A generalized symmetry of (127) is an equation of the form (128) compatible
with (127), i.e., such that they have a common set of solutions. Before giving a
precise definition of generalized symmetries, we derive and discuss the conditions
necessary for their existence. If u,(z, 7) is a common solution of (127)—(128), we
have

u,  0%u,
Jdrdt  dtot

:Dtgn_Drfn =0, (131)

where D;, D, are differentiation operators corresponding to (127)—(128):

m 8g 1 af
Dign=Y —furj, Dify= — g 132
8 / 8un+jf i & j:Z_I 8un+jg I (132

j=m
By fu+j, &1+j We mean

Joti = fUntjr1s Untjs Unvj—1),
] J ] ] (133)

8ntj = &ntjtms Untjsbm—1s -+ - Untjrm’)-
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From (131)—(132) we obtain the following compatibility condition:

] n ] n i) n
f 8n+1+ f &g+ f 8n—1
aun a’/‘n—l

Dig, = (134)

0ty gy

which is satisfied for any common solution of (127)—-(128) and, given f,, is an
equation for the function g,.

In the generalized symmetry method, we assume that (134) must be identically
satisfied for all values of the variables:

uo, Uy, U—1,Uz, U2, ..., (135)

which are considered as independent, and for all n € Z.
To clarify this point, let us consider a simple, but important, difference equation:

On+1 — Pn = 0. (136)

We are looking for solutions of (136), such that ¢, is a function defined on a finite
number of independent variables:

On = Q(Untis Unsk—1s - - Untrr) . k=K, (137)
where
0, 0p,
I g, M4y, (138)
Oyt i 0ty

Solving (134) we often get relations of the form (136) to be satisfied identically for
all values of the variables (135).

Assuming that there exists a nonconstant solution ¢, of (136) we can differ-
entiate (136) with respect to u,+, and we get d¢,/du,+r = 0 identically. This
contradicts (138), and the relation (136) implies that ¢,, must be a constant function.
Introducing the standard shift operator T, such that for any integer power j we have:

T'oy = Quti = Q(Untjths Untjthets - - - Unbitk) s (139)
we can rewrite (136) as (T — Id)¢, = 0 and thus we get
ker(T —1d) = C . (140)

Equation (128) is called a generalized symmetry of (127) if the compatibility con-
dition (134) is identically satisfied for all values of the independent variables (135).
The numbers m and m’ are called respectively the left order (or the order) and the
right order of the generalized symmetry (128). For any generalized symmetry (128),
the integers m and m’ are fixed and define essentially different cases.
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The definition of generalized symmetry is constructive. For any given (127) and
any given orders m and m’, with m > m’, one is able either to find a generalized
symmetry (128) or to prove that it does not exist. In fact it can be proved [135] that
for S-integrable equations we have m = —m’, and for this reason the left order m
is usually just called the order of the generalized symmetry. C-integrable equations
can have m # —m’ and they can still have infinite symmetries. An example is given
by the semidiscrete Burgers equation [81]:

ity = uy(Upt1 — Uy). (141)

We now see a complete example of calculation of generalized symmetries for
Volterra-like equations (127). We will see that it will be necessary to make an
extensive use of the property (140) and of the fact that in the compatibility condition
not all the function appearing will depend on the same variables.

Example 3.1 (The modified volterra equation) Let us consider the following
Volterra-like equation:

ity = (¢ = 1) (U1 — Up—1). (142)
This equation is known in literature as the modified Volterra equation. We wish
to compute the lowest order Generalized Symmetries of (142), i.e., the instances
of (128) withm = 2 and m’ = —2:

Upr = gn(un—Zv Up—1, Up, Up+1, un+2)~ (14’3)

In this case the compatibility condition (131) is given by:

agn 0gn 0gn 0gn 0gn
3Mn—2fn_2 * 3M,1—1fn_1 * 3unfn * 3un+1fn+1 * aMn+2fn+2
of» of» of»
= Lgn—l + ign + Lgn+1 . (144)
Outy— ouy, Oty 41

We note that the g,+1,f,+2 and g,—;,f,—> depend on u,43 and u,_3 respectively,
whereas the other functions do not depend on these variables. Therefore our first
step is to isolate the dependence on these variable. We start by differentiating with
respect to u,+3:

g, g,
& — uﬁ)ﬁ (- uﬁﬂ)m‘;z — 0. (145)

Diving by (¢? — u2)(c? — u2, ) (c* — u?,) we have:

1 8gn-i-l _ 1 agn -0 (146)

(=2 N2 —uly) Qupys (= u2)(—uly)) Qi
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This is a total difference:

(T—Id)( ! 98 ) —0. (147)

(2 —12) (2 —u5y ) Oty

which using (140) yields:

1 9gn
=k 148
(c? —u2)(c* — u,21+1) 0ttt : (148)
i.e.:
gn = k(¢ =) (P =ty Ditnss + Iy (149)

where h, = h,(uy+1, Uy, Uy—1, Up—3). Substituting (149) into (144) and differentiat-
ing with respect to u,,—3 we get:

, . on,

oh,_
(C2 - ’%—z)v2 —1

=0. 150
B (150)

- (@-w)

As above we can write this expression as a total difference:

(T — Id)( ! ah"“) =0, (151)

(2 —u?_ (2 —u2_,) dup3

which yields:
hn = k(¢ = up) (¢ =ty Jtp—2 + (152)

where [, = 1, (41, up, y—1).

We have exhausted the higher order terms. We pass then to the lower order ones,
i.e., Up+> and u,—;. First of all we substitute (152) into (149) and differentiate (144)
with respect to u,4»:

al dl
2 o %tl o o n
(" —uy) Btires (" —uppy) Bty
+ 21 (¢ = up ) — 1) (Unp2 — ) ttg1 = 0, (153)
This can be written as:
1 al,
- N + 1 Un+1Up = 5
(T —1d) 2k ( ) 0 (154)
(¢ — u) Oty

whose solution is given by:

Ly = (* — i) (kstt1 — knttgi? 1) + my (155)
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where m,, = m,,(u,, u,—). Substituting (155) into (152) and (149) and differentiat-
ing (144) with respect to u,—, we obtain:

dmy, om,,—
(> — i )L_(CZ_Lﬁ)k

- aMn—l " aun—Z
+ 2ky (* — 1) (® — uP_ ) (ty — Up—2)tty—y = O. (156)
This implies:
1 amn_l
T—-1d + 2ko (Up—1 Uy =0, 157
( )((02 ")) B 2(Un—1u 2)) (157)

whose solution is given by:
(22 2
m, = (C - Mn) (k41/t,,_1 - kZMnun_l) + qn (158)
with qn = qn (un)'

At this point from (158), (155), (152) and (149) we have the following form for
the symmetry:

gn = (& — )k [(* — Uy Dbngr — Unttyy ]

+ ko [(¢® — U2 ity — tpti_ ] + Ksttyy1 + Katty1} + g (159)

which we can substitute into the determining equation (144). The result is too long
to be displayed, but if we differentiate three times with respect to u,4; we have:

Pgn
(@ —u?) (6(k1 + ko) + 353 “) =0. (160)
n+1

Since g, +1 = q(u,+1) this implies k; = —k; and
Gn = ksu? + ke, + k7 . (161)

We just need to determine the relation between the constants k;, i # 2. Returning
to (144) we can take the coefficients with respect to u,,:

(ks + ka) (up iy —up_y) =0, (162a)
[(n—1 + Unt1)ks + 2ke](n—1 — tp+1) = 0, (162b)
{[(ks + k) (n—1 + tn11) + 2ks)c® + 2k7} (1 — thyy1) =0, (162c)

Ay —ur_ ks =0. (162d)
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Regardless of the value of the constant ¢, (162) is solved by ks = —k3 and ks =
ke = k7 = 0. The generalized symmetry generator is then given by:

2 2 2 2 2 2 2 2
gn = ki[(c” — ”n+1)14n+2 - (”n+1 - Mn—l)un —(c"— ”n—1)'4n—2](c —u,

+ k3 (¢ = 1) (1 — th1) - (163)

The symmetry with k; = 0 and k3 = 1 is the modified Volterra equation itself (142)
therefore the only true second-order symmetry is given by:

gn = (P —upy Dtngr — (o — up_ Dty — (& — s Dupa](* — ) . (164)

Any generalized symmetry (128) is a nonlinear difference-differential equation
which has common solutions u,(f,7) with (127). As in the case of Lie point
symmetries [15, 87, 102, 106], for generalized symmetries we can perform a
symmetry reduction [77] by considering stationary solutions of the Eq. (128):

ouy,

Jat

which is a fully discrete equation. This is the analog of the reduced ordinary
differential equation we obtain in the case of partial differential equations in two
variables. If we solve this equation we obtain a function u,(¢#) which depends on
arbitrary functions of ¢. These arbitrary functions can be obtained by introducing
u, (1) into (127). In such a way we can construct particular solutions of (127) such
as, for example, soliton solutions.

We now see an example of how to perform symmetry reductions.

=0 = g(un+m, Upn+m—1s - - - u,,+m/) =0, (165)

Example 3.2 (Symmetry solution of the volterra equation) Let us consider the
Volterra equation:

’:tn = un(un—i-l - un—l) . (166)

The reader may verify that this equation possess the following generalized symme-
try (128) withm = 2 and m’ = —2:

ouy,

it

= Mnun+1(un+2 + Up+1 + Mn) - unun—l(un + Up—1 + un—Z) . (167)
The stationary solutions of (167) are the functions u,, = u,(f) such that:
Unt1(Unt2 + U1 + Un) — Up—1 (U + tp—1 + tp—2) = 0. (168)

It can be seen by direct inspection that such equation can be written as a double
shift:

(T? = 1d) [thp—1 (ty + thy—1 + 1p—2)] =0 . (169)
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This means that u, will solve the second-order ordinary difference equation:

Ki(-1)"+ K
Uy + Up—1 + Uy— = M . (170)

Up—1

This equation is known as the discrete Painlevé I equation (dPI equation), a well-
known integrable equation [108]. Due to the nature of the dPI equation we cannot,
in general, write an explicit solution in terms of elementary functions, but for some
particular values of the parameters K; and K, we can find the symmetry reduction
of the Volterra equation (166).

For example if K; = K, = 0 (170) becomes linear and the solution is:

2nn . (27mn
u, = Uy cos = + U sin = (171)

where U; = U(t). Introducing (171) into (166) we obtain the following system of
coupled ordinary differential equations:

du,

d—tO = V3U,U, , (172a)
v, V3,

X202 -vy). 172b
ar ) (Uy D) ( )

From (172a) we can solve with respect to U; and substitute into (172b) to obtain a
single second-order equation:

d2U, 1 (dUy\> 3
-2 (= “UB . 173
dr? ZUO(dt) 3% 173)

This equation can be solved by quadratures in terms of elliptic integrals:

Uo dv
v/ Cv + v*
where C and #, are constants of integrations. This gives a symmetry solution of the

Volterra equation corresponding to the five point generalized symmetry (167) with
K=K, =0.

+ t—to, (174)
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Up—1,m+1 Up m+1 Up+1,m+1
Up—1.m @ ” o @ Untlm
nm
{
Up—1,m—1 Unm—1 Up1,m—1

Fig. 9 The extended square lattice with nine points

3.3 Three-Point Generalized Symmetries for Quad Equation

In this section we discuss the construction of the simplest generalized
symmetries for quad equations (4).!' The exposition is mainly based on
[41, 79, 80]. The simplest Generalized Symmetries for a quad equation in
the form (4) are those depending on nine points defined on a square of
vertices Uy—1m—1s Un—1.m+1> Un+1.m+1 and u,41 ,,—1 as depicted in Fig.9. A priori
the symmetry generator can depend on all these points, however by taking
into account the difference equation (4), we can express the extremal points
Un—1m—1s Un—1m+1> Un+1m+1 and u,41,—1 in terms of the remaining five points
Un—1.ms Un-+1.m> Unms Unm—1 and U, ,41. In general this means that we are taking as
independent variables those lying on the coordinate axes, i.€., Uy, and i, 4+« with
J,k € Z. This choice of independent variable is acceptable, since these points do
not lie on squares. In this way the most general nine points generalized symmetry
generator is represented by the infinitesimal symmetry generator

X = g(unfl,m» Un+1,ms Un.ms> Unm—1, un.erl)au,,,m . (175)

As in the case of the differential-difference equation the function g is called the
characteristic of the symmetry. We note that this is not the only possible choice
for the independent variables. Another viable choice of independent variables is
given by an appropriate restriction of an infinite staircase, e.g., to consider the points
Un+1.m—1> Un.m—1+ Un.m> Un—1,m and U1 m+1. This was the choice we made in the case
of the Algebraic Entropy, but for the calculation of symmetries the choice of the
independent variables on the axes is more convenient.

Now we need to prolong the operator (175) in order to apply it on the quad
equation (4) and construct the determining equations. This prolongation is naturally

"'This kind of reasoning in fact can hold for every kind of partial difference equations on the square
which are solvable with respect to all its variables.
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given by:

er = g(un—l,m’ Un+1,m> Unms Unm—1, un.m-i—l)aun_m
+ g(un,mv Un+2.m»> Un+1,m> Un+1,m—1, un+l.m+l)aL¢,,+1_,,,
+ &(Un—1.m+15 Unt Lm+1> Unm+15 Unm—1+15 Unm+2) Dty

+ g(un,m—i-l s Un+2 m+15 Un+-1,m+15 Un+1,m>» u11+1,m+2)3u,,+1,m+1 . (176)
Applying the prolonged vector field to (4), we get:

d 0 d d
el g T2+ [T Tg 22— =0, (7)
aMn,m 8un—&-l.m aun,m-H aMn-l—l,m-i—l

where T, fym = fut1m and Tyfym = fum+1. A priori (177) contains u,;,+; with
i=-1,0,1,2,j=-1,0,1,2.

The invariance condition requires that (177) be satisfied on the solutions of (4).
To be consistent with our choice of independent variables, which now include also
Uy m+2 and w45 ,, we must use (4) and its shifted consequences to express:

* Upt2mtt = Unt2,m+1 (Unt2,ms Unt1mr 1o Unt 1)
* Upt i+l = Untlmt1 Unt 1 ms Unmt1s Unm)
® Up—1m+1 = un—l.m-i—l(un—l,mv Unm+1, un,m),

Doing so we reduce the determining equation (177) to an equation, written
just in terms of independent variables, which thus must be identically satisfied.
Differentiating (177) with respect to uy, 42 and to u,4, ,, we get

0°T,T, 92
ndm& —T,T, 8
aMn+2.m+l 8Mn+l.m+2 8’/ln+1,m8’/‘n,m-§—l

=0. (178)

Consequently the symmetry coefficient g is the sum of two simpler functions,

g = 8o (un—l,mv Un+1,ms Unm» un,m—]) + 81 (un—l,ms Unms Unm—1> un,m-l—l) . (179)

Introducing this result into the determining equation (177) and differentiating
it with respect to u,,+» and to u,—;,, we have that g, reduces to g =
glO(un—l,ma Un,m, un,m—l) + gll(un,m7 Unm—1, un,m+l)- In a similar way, if we differ-
entiate the resulting determining equation with respect to u,42, and to u, ,—;, we
have that 80 reduces to g0 = goo(un_lym, Uy m, ’/ln,m—l) + gm(un_l,m, Up+1,m> I/ln,m).
Combining these results and taking into account the property symmetrical to (178),
i.e., 32¢/(0uty—1 ity m—1) = 0, we obtain the following form for g:

8= gO(un.m—l s Unoms un,m+l) + 81 (un—l,mv Un.m> un+1,m) . (180)
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So, the infinitesimal symmetry coefficient is the sum of functions that either involve
shifts only in n with m fixed or only in m with n fixed [79, 109].
Let us consider the subcase when the symmetry generator is given by

duy,
de

= gl(un—l,mv Unm, un+1,m) . (181)

This is a differential-difference equation depending parametrically on m. Setting
Upm = Uy, and u, ,,+1 = Uy, a different solution, the compatible partial difference
equation (4) turns out to be an ordinary difference equation for a new solution iz,
of (181):

Q(un, Un+1, ﬁn’ ﬁn-l—l) =0, (182)

i.e., a Backlund transformation [83] for (181). A similar result is obtained in the
case of go. This result was first presented in [109]. We note that the same splitting
will also appear for higher order symmetries of this class of equations [41].

To find the specific form of g; we have to differentiate the determining equa-
tion (177) with respect to the independent variables and get some further necessary
conditions on its shape. Let us discuss the case in which the symmetry is given in
terms of shifts in the n direction, since the m direction shift case can be treated
analogously'?:

X = 8 (un—H.ms Un,ms un—l,m) 8u,m, . (183)

We don’t impose restrictions on the dependence of g on the lattice variables, so in
principle ¢ = gn.m-

To obtain g we have to solve the functional equation (177). The best way to so is
to use some consequences of (177) and convert them into a system of linear partial
differential equations, which we can solve. This will impose restrictions on the form
of g and will allow us to solve the functional equation (177). Using the assumption
that Q is multilinear we can express u,41 m+1 as:

Un+1,m+1 :f(un-l-l,ma Unms un,m-i—l) s (184)

therefore the determining equation takes the form:

a a )
Tnng =T, —f + ng—f +8 f
aMn-f—l,m aMn,m-{—l aMn,m

(185)

12In fact the more convenient way for treating the symmetries in the m direction is to consider the
transformation n <> m and make the computations in the new n direction. Performing again the
same transformation in the obtained symmetry will yield the result.
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Let us start to differentiate (185) with g given by (183) with respect to u,,4, , which
is the higher order shift:

) ad a ad
rr,— % ¢ O _ ¥ . 9 (186)
aMn-i—l,m aMn—i—l,m aI"n-l—l,m aun—i—l.m
Define:
)
z=log —2% (187)
8’/‘n+1,m
then we can rewrite (186) in the form of a conservation law:
ad
T,z =z+ (T, —1d) log i ) (188)
8un—H,m

Furthermore we also have another representation for (185) which will be useful in
deriving another relation similar to (188), but with respect to u,—; ,,. Indeed apply
T, ! to (185) then solving for T, ! Ty g we obtain the equivalent representation:

_ o of _
T 'T,e=—-T7" 7!
" & " (aunﬁm / 8un,m—l—l) n 8

+T;‘(1/ I )TMg—T;‘( i / i )g. (189)
8Mn,m—i—l 8un—|—l.m 8’/‘n,m—l—l

Differentiating this equation with respect to u,—» , we obtain:

— 8g 8”;1—2 m—+1
T'T, :
" " aMn—l,m aun—Z.m

_ af af _, Og
=-T;! 7! : 190
" (aunm / aun,m-i—l) " aun—l.m ( 9 )

From the implicit function theorem we get:

814”_2 m—+1 —1 aun—l m=+1 —2 af af
e ool . 191
aun—Z.m § 8Mn—l‘,m " aun,m aMn,m+1 ( )

So introducing

dg
a"{nfl.m

v = log (192)

we obtain from (190):

T,v=v+ (T, —1d)log (8_f / o ) . (193)

aun.m 8’/‘n,m+1
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Equations (188), (193) are still functional equations, but we can derive from
them a system of first-order PDEs. Indeed let s be a function such that s =
s(un+1,mv Un,ms Up—1,m)- Then the function Tys = S(un+1,m+lv Unm+1, Up—1m+1) can
be annihilated applying the differential operator:

9 of [y 0 - (af/aumm) 9

- aun,m B af/aun,m-l—l aun-l—l,m oo af/aun,m 8un—l,m

On the other hand the function T&ls = 5 (Un+1.m—1> Unm—1, Un—1.m—1) 1S annihilated
by the operator:

—1
Y, 9 —T! f 9 —T;‘T—‘( i ) 9 ) (195)

= m m
aMn.m 8”n,m+1 a’/ln+1,m 8Mn,m+l aMn—l,m

Yo, (194)

Therefore we can apply the operator Y_; as given by (194)—(188) and this will give
us the linear PDE:

Y_iz=—Y_(T," —Id) log ) (196)
Un+1.m
Analogously by applying T, to (188) we can write
a
T,z =z—T,(T;' —1d) log f \ (197)
aMn-f—l,m
which applying Y; gives us the linear PDE:
)
Yiz = YT;;(T,' —1d)log i ) (198)
aun-i-l.m

Since we have that z must be independent from u, ,+;, Whereas the coefficients
in (196), (198) may depend on it, we may write down a final system for the function
z as:

9
Yiz = YT, (T;' —1d)log i : (199a)
Ot t-1.m
9
Yoz =—Y_((T," —1d)log f , (199b)
aMn-i—l,m
0z az
— =0. (199¢)
al'tn.m—i-] 8’/‘n,m—l

In general the system (199) can be not closed, however it is possible to add an
equation using Lie brackets:

Y1, Y]z = —[ Y T, — Y V(T —1d) log

(200)

Un+1,m
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Applying the same line of reasoning we deduce a system of equations also for v:

Yiv = Y, T, (T, —1d) log i U , (201a)
8un,m 8Mn,m+1
Y_v = —Y_{(T, — Id) log o o , (201b)
8un,m 8"{n,m+1
v v

= =0. 201
0ty i1 T — (201¢)

As before if the system is not closed we may add the Lie bracket condition:

[YLY—I]Z:_[Y1Y—1T;;1_Y—IYI](Tn_l_Id)IOg(3f / o ) (202)

ad n.m al'tn.m-i- 1

Once we have solved the systems (199) and (201) [eventually with the aid of the
auxiliary equations (200), (202)] we insert the values for z and v we found into (188)
and (193). This step can be used to fix the dependency on the explicit functions of
the lattice variables n, m. We can then solve the potential-like equation:

0 o %8 _ o (203)

Opt1.m 0p—1m

Therefore if the compatibility condition

0e? oe?
= . 204
8un71,m 8"{th,m ( )
is satisfied we can write:
o= / & i1 + 80 U - (205)

It only remains to determine the function g (u,,,). This can be easily done
by plugging g as defined by (205) into the determining equations (185). This
determining equation will still be a functional equation, but the only implicit
dependence will be only in gV (f(tty+1,m. tnm. Unm+1)) and can be annihilated by
applying the operator

o D /oD

= — . 206
aMn,m 8f/aun+l.m 8un+l.m ( )

Differentiating in an appropriate way the resulting equation we can determine
g (u,,.,) and check its functional form by plugging it back into (185).
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To conclude this discussion we present two examples of calculations of general-
ized symmetries.

Example 3.3 (The dKdV Equation) Consider the so-called discrete Korteweg—
de Vries equation (dKdV):

(un,m - un+1,m+1)(”n,m+1 - un+1,m) —o;t+ay. (207)

We will compute its autonomous three-point symmetries in the n direction using the
method we outlined above. These symmetries were presented in many papers, see
[109] and references therein.

We first have to find the function z = log dg/du,+1,. Using the definition we
can write down (199a) with f given by solving (207):

0z 0z
2 2
(”n.m—l — 2Unm—1Unt1m + ”n+1~m) tyy1.m T o) Bun,m
, 0z
+ (un—l,m - Mn,m—l) a = 2(zun.m—l — Up+1,m — un—l,m) . (208)
Un—1,m

By taking the coefficients of u,, ,,—; we get:

(@~ o) ajz o auf_zl,m oo+ au,?%,m“i*'*’”
= —2(Upt1,m + 2n—1m)
0z 3z (209)
Ot 4-1.m actlm ¥ Otty—1m omtm = =2,
0z 0z

=0.

+
al"n—l.m 8l"n-%—l.m

This equation can be easily solved to give the form of z:
2= 10g C (i1 — Un—1.m) > 210)

being C! a constant.
We do the same computations for v and we see that v has to solve exactly the
same equations as z, therefore we conclude that:

v =10g C* (g 1n — Un—1m) > (211)

where C? is a new constant of integration. Using the compatibility condition (204)
we obtain that C* = —C' and integrating (203) we have:

C! |
g= ——— 4+ gV ) . (212)
Up—1.m — Un+1,m
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Inserting this form of g into the determining equations (185) and applying the
operator S (206) we obtain the following equation:

dg™® dg®
Unm+1 7 (Mn+1,m) —Upm+1 7 (un.m) + Zg(l) (un-l—l,m)
dun_m+1 dun,m
dg™® dg™
— Un+1.m (un+1,m) + un+1,m_(un.m) - 2g(1)(un,m+l) =0. (213)
dun-‘r 1,m dunym
Differentiating it with respect to u,, we obtain dzg(l)(un,m) / duﬁ’m = 0 which

implies g = C3u,,,, + C*. Substituting this result in (213) we obtain the restriction
C}=0.
In conclusion we have found:
Cl
g=———— 4 C*, (214)
Un—1,m — Un+1,m
which satisfies identically the determining equations (185). This shows that (214)
is the most general three-point symmetry in the » direction. Note that whereas the
coefficient of C! is a genuine generalized symmetry, the coefficient of C* is in fact
a point symmetry. Since the dKdV equation (207) is invariant under the exchange of
variables n <> m we have the symmetry in the m direction:
C!
g=— < (215)
Unm—1 — Unm+1
Therefore (214), (215) represent the most general autonomous five point symmetries
of the dKdV equation (207).
It is worth to note that the differential-difference equation defined by the (214)
and (215) i.e:

d 1
e~ ez, 216)
dr Up+1 — Ug—]

is a spatial discretization of the KdV equation [76, 96].
We will return to the symmetry (214) in Example 3.5 concerning symmetry
reduction.

Example 3.4 (An autonomous equation with non-autonomous symmetries [41]) Let

us consider the quad equation:

un+l,m+lun,m(un+l.m - 1)(“11,m+1 + 1) + (Mn+l,m + 1)(Mn,m+1 - 1) =0 . (217)

It was proved in [80] that (217) does not admit any autonomous three point gener-
alized symmetry, but it was conjectured there that it might have a nonautonomous
symmetry. This conjecture was proved in [41] and we will shall give here such proof.
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We first have to construct the function z = log dg/0du;,+1 . Using this definition
we can write down (199) with f obtained from (217) as:

uﬁ,l,m -1 9z N 0z 2pp1m 02
2Mn,m 8Mn—l,m aun,m M%m -1 8Mn+l,m
' (218a)
uﬁm — 22Uy — 1
B un,m(”,%,m -1 ,
2Mn—l,m aZ aZ uﬁ—l—l,m -1 aZ
u%‘m —1 aun—l.m aun,m 2Mn,m aun+1,m
(218b)

2 2
un,mun—l-l,m + zun,m — Un+1m

Uy (1 — u%m

Since there is no dependence on u,, ,,-1 We can omit the equations concerning these
variables. The system (218) is not closed. To close this system one has to add the
equation for the Lie bracket (200). Solving the obtained system of three equations
with respect to the partial derivatives of z we have:

0z N 0z _ 2(Mn.m + 1)
8un—l,m ’ aMn-i-l.m B un-‘rl.m(un.m + 1) + 1 - Un,m ’
a 2Wpg1m — 1 1
< __ (Un1, ) n (219)
0ty Up 1 (U + 1) + 11— Un,m Un,m
1 1
+

Upm + 1ty —1"

These three equations form an overdetermined system of equations for z which
is consistent because it is closed. Hence its general solution z is easily found. It
contains arbitrary function C! depending on both discrete variables:

nm

Crll,munam (M}%m - 1)

z=1lo . 220
g (un,mun-i-l,m + Un+1,m — Unm + 1)2 ( )
Substitution of (220) into the conservation law (188) yields
—C, m+1
log C+ =0. (221)

The last equation is solved by C}l’m = (—1)"C2 where C?, is an arbitrary function of
one discrete variable.
Therefore by solving equation z = log dg/du,+1,,» we find:

—(=1)" Ctty (1t — 1)
- ’ : n—I,m»s “*n.m . 222
g Ul 1om + Unt1om — Unm + 1 + &2 (Un—1m, Unm) (222)
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with g, possibly dependent on the lattice variables n, m. For the further specification
consider v(up—1m,Unm) = logdg/Ou,—1,m = logdgs/dun—1,, which putted
into (201) for v gives:

uft—l.m -1 9v i v _ zuﬁ,m - 2l'tn.mun—l,m + Up—1.m 7 (223a)
2un,m 8un—l.m aun,m un,m(u%,m - 1)
2p—1m OV v 11— uZ = 2ty (223b)
ui,m -1 8l'tn—l,m aun,m B un.m(uim - 1) )
The solution of this system is given by:
C oup iz —1
v = log nanttnan (U — 1) 5. (224)
(tnmltn—1m — Up—1m + Upm + 1)
Substituting it into the conservation law (193) we obtain the relation
-
log %J” =0, (225)
Cn.m
whose solution is C, ,, = (—1)"C,, where C,! is an arbitrary function of n.
As a result function g takes the form;
_(_1)mcﬁun,m(un,m - 1)
N UnmUn+1,m + Un+1,m — Unm +1
—(=1)"Cluy (U + 1)
- + 8" (tnn) - (226)

UnmUn—1,m — Un—1,m + Un,m + 1

Substituting this definition into (185), applying the operator S defined by (206) and
applying the operator:

0 -1
Nty 2ty Uy — Dty — Dttt n + 1+ bt 1m — ) @27
we obtain:
@1 dg® g (D", + DG - Clyy) 228)
duZ, oty Aty U2, (Ul 1m — Ungn + Ung1m + 1)2
This equation implies:
dg 1 dg® g _o, c=c,,. 229)

duﬁ,m Upn Ay 42,
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Therefore gV = C}  unm + CS ,ttn.m 10g Uy, Where the coefficients do not depend
on u, , but might depend on the lattice variables n, m. Substituting this result again
into the determining equations, applying the operator S and taking the coefficients
with respect to the independent functions u,, ;;+1, Uy m, 1O Uy+1.m» Un+1,» WE Obtain

the three equations:

C2—|—l,m =0, 2CZ+l,m + (C3+2 - C2+1)(—1)m =0,

5 4 4 (230)
2Cn+l,m - (3Cn+l + Cn+2)(_1)m =0 )
which, when solved, give us:
Cy,=C=D)", C,,=Cc=Dt" ¢t =0. (231)
By plugging these results into (226) we obtain:
(_1)m+ncun,m(uﬁ,m - 1)(un+1,mun—l,m + l)
&= (un,mun+l,m + Un+1,m — Unm + 1)(”n,mun—l,m — Un—1.m + Un,m + 1) '
(232)

From the direct substitution into (185) we obtain that (232) is a symmetry.

We already discussed how quad equations can be interpreted as Bécklund
transformations of their generalized symmetries through formula (182). In the same
spirit as in the case of differential-difference equation generalized symmetries can
be used to provide symmetry reductions. Suppose we have a three point generalized
symmetry in the form (183). We can consider its flux which we recall that it is the
solution of the differential-difference equation

duy,
de

= g(un-l-l,ma Un.m, un—l,m) (233)

and we can consider its stationary solutions, i.e., the solutions such that
duy, ,/de = 0:

g(un-l-l,ma Unm» un—].m) =0. (234)

In this equation m plays the role of a parameter and we can consider contemporane-
ous solutions of the stationary equation (234) and the original quad equation (184).
This will give raise to families of particular solutions which are known as symmetry
solutions.

We conclude this section presenting an example of symmetry reduction.

Example 3.5 (Symmetry reduction of the dKdV equation) Consider the dKdV
equation as given by formula (207). In Example (3.5) we derived its three point
generalized symmetries in both directions. Here we will use the symmetry (214) to
derive a family of symmetry solutions. First we start by observing that if we assume
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C* = 0 we cannot have any stationary solution to the equation

Cl

Upn—1,m — Un+1,m

G. Gubbiotti

(235)

so we must assume C* # 0 and then we can take without loss of generality C* = 1.

This means that the we will have the linear stationary equation:
_ ol
Un+1m — Un—1m = C .
This equation has solution:

Uy = UD(=1)" + UD + 1 ((=1)" = 1 +2n)

(236)

(237)

which substituted into (207) gives us two equations for the coefficients of (—1)":

©) o, C
Um-l—l+Um +_:O’

2
0) (0) 2 (1 (1) 2 (CI)Z
(Um+1 + Um ) - (Um+1 _Um ) + T
+ CIU(O) + ClU(O_)H =] — 0.

The solution of (238a) is given by:
U = Ki(=1)" = 4(1 + (=1")C"

which substituted in (238b) gives to the equation:

Uh U = 1/ “da) + 4o, + (C)?

m

whose solution is given by:

Ur(nl) =K+ %\/—4061 + day + (CH2m .

So finally putting (239), (241) into (237) we obtain:

Cl
Unm = (_l)n+m(K1 + T) + K>
C! C!

+ /(C)? — 4oy + daym — Tt

4

This is our symmetry solution.

(238a)

(238b)

(239)

(240)

(241)

(242)
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3.4 Master Symmetries

We have stated at the end of Sect.3.1 that integrability is associated with the
existence of an infinite sequence of symmetries. However so far we discussed only
how to find certain classes of symmetries, and the existence of a single symmetry
cannot be seen as synonymous with integrability (see Fokas’ conjecture for the
continuous case [13, 34, 64, 69]). However it happens that there might exist some
symmetries, which depend on the lattice variables and on their “time” which can
generate the whole hierarchy of symmetries of a given equation. These particular
symmetries are called master symmetries. The notion of master symmetry has
been introduced in [36], see also [35, 38, 39, 98]. In the continuous case master
symmetries usually are nonlocal, i.e., they contain terms involving integrations. For
example the master symmetry for the KdV equation is:

XM = [Xthey + xuny + 4uy + %uz + %uxD;l(u)]au , (243)

where the integral operator is defined by D! (u) = ffoo u(t,y) dy. This means
that the master symmetry is not a genuine generalized symmetry, but it belongs
to a bigger space. Such master symmetry has been found for the first time in [39]
for the Landau-Lifshitz equation. In the semidiscrete and discrete case this would
correspond to the presence of operators like (T — Id)~! which gives rise to infinite
summations. Fortunately enough in the semidiscrete and discrete case there are
many local master symmetries [4, 5, 24, 25, 83, 99, 100, 109, 132, 136], i.e., master
symmetries with no such dependence.

Let us start the discussion of master symmetries in the case of differential-
difference equations of the form (127), since the case for quad equations will follow
straightforwardly. We consider local master symmetries of the form:

Unz = (/)n(":a Up+1, Up, unfl) . (244)

If there is here an essential dependence on t, then the corresponding (127) and its
generalized symmetries (128) will also depend on t which, for these equations, is
an external parameter. More details on how to use them will be given at the end of
this section. D, is defined by:

ad 0
D, = — b —— - 245
o+ ;w Sr (245)

Let us define a Lie algebra structure on the set of functions ¢, of the form (137)
and (244). For any functions ¢, and ¢,, we introduce the equations u,, = ¢,
and u, ; = ¢, and the corresponding evolution differentiations D, and D;. A new
function is defined by:

[Qon’ (ﬁn] = Dr(ﬁn - D%(pn . (246)
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Here [, ]is a Lie bracket. It is obviously anti-symmetric: [¢,, §,] = —[@,. ¢,], and
as one can check by a direct calculation, it satisfies the Jacobi identity:

[[(/)m @nl, @n] = [[‘/)n’ @n), @n] + [(ﬂn, (@ns 95»1]] . (247)

The right-hand side g, of a generalized symmetry (128) of (127) satisfies (131), i.e.,
[gn.fu] = 0. In the case of the master symmetry (244), the function

8n = [(pnvfn] (248)

is the right-hand side of a generalized symmetry. This generalized symmetry must
be nontrivial, i.e., in (128) m > 1 and m’ < —1. The function ¢, satisfies the
following equation:

[[(pnaf;l]’ﬁl] =0. (249)

Any generalized symmetry (128) has a trivial solution: ¢, = g,. The master
symmetry corresponds to a nontrivial solution of (249). Then we say that (244) is a
master symmetry of (127) if the function ¢, satisfies (249), and the function (248)
is the right-hand side of a generalized symmetry (128) with orders m > 1 and
m < —1.

In the case of the local master symmetry, this definition is constructive because,
for any given (127), one can find a master symmetry (244) or prove that it does not
exist.

Master symmetries enable us to construct infinite hierarchies of generalized
symmetries. Let us introduce an operator ad,, corresponding to the master sym-
metry (244):

ady, @0 = [¢n, @u] - (250)

Then, in terms of its powers ad’ ,» We can construct generalized symmetries for any
i>1:

Uns, = g3 = adl, f, . (251)

In spite of the fact that (244) has an explicit dependence on the variable
n, the resulting generalized symmetries (251) do not depend on n. Using local
master symmetries the generalized symmetries obtained from the application of the
operator ad,, will never contain nonlocal terms.

In the generic case it is not easy to prove that (251) are generalized symmetries
and do not depend explicitly on n. This can be proved only for some integrable
equations, using specific additional properties. The definition of master symmetry
implies that (251) with i = 1 is a generalized symmetry of (127). We only prove
here that also (251) with i = 2 is a generalized symmetry (see, e.g., [35]).
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If (244) is the master symmetry of (127), then (251) with i = 2 is a generalized

symmetry of this equation. Introducing the notation g,(lo) = f,, we obtain from (250)—

(251) the following result for all i > O:
gt = ady, g = [pn. 8] (252)

Then, using the Jacobi identity (247) and the fact that (251) with i = 1 is a
generalized symmetry, we have

(82 f] = [[¢n. 81 1]
[[@n.fu]. 8] + [@n. 180 £i]] (253)
=g, &M+ [a. 0] = 0,

i.e., (251) with i = 2 is a generalized symmetry of (127).

Example 3.6 (Master Symmetry for the Volterra equation [25]) In this example
we derive the form of the master symmetry for the Volterra equation (2) we
have considered in Example 3.2. We will construct a master symmetry explicitly
dependent on the lattice variable n, but not its “time” t:

Unr = ¢n(“n+l s Un, un—l) . (254)

Commuting with the Volterra equation we have the following candidate symmetry:

d
gf,l) = Up+1 (un+2 - un) On + un(un-i-l - un—l)ﬂ
8un+1 aun
+ tp (ty — tn—2) aufﬂn — Un@Ppt1 — (Unt1 — Un—1)Pn + Un@p—1 (255)
n—1

where the functions ¢,1; depend on the shifts of u,. Inserting (255) into the
compatibility condition (131) and differentiating twice with respect to u,3 we
obtain:

32
Ptz 9, (256)
aun+3
which implies:
On = an(um un—l)un-i-l + IBVl(un7 un—l) . (257)

Substituting (257) into the compatibility condition (131) and differentiating this
time twice with respect to u,—3 we obtain:

a20{1172 82,anZ

un—l 2 2
8”;173 8”;173

=0 (258)
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where both &, and ,—, do not depend on u,—. So:

ay = Vn(”n)un—l + 8(”11) , ,Bn = Sn(un)un—l + n(un) . (259)

Going back to the compatibility condition and differentiating once with respect to
U,4+3 We obtain:

2
Up42Un 107 — 2Un i 2y Vi1 — 2Un 2yt

+ u,21+1un7/n+2 + tpt1UnSpt2 + Untolpprtty—1Yn = 0. (260)

Since in (260) nothing depends on u,—; we can take the coefficient of u,—; and this
implies y, = 0. Therefore (260) becomes:

U2y 18 — 2py2Uy Bt 1 + g 1UpSpyr =0, (261)

Dividing by u,+, and differentiating with respect to u,,, we have:

— 842 =0. (262)
2

The solution is §,, = C,Lu,,, with C,i n dependent function. Inserting §, into (260)
yields the ordinary difference equation:

Cl,—2C,, +Cl=(T-1d)>*C} =0, (263)

i.e., C! = C'0 4 C!!n, with C! arbitrary constants. Returning to the compatibility
condition and differentiating with respect to u,,_3 we have:

Up—2Up—1En — 2un—2un8n—1 + Up—1UpEn+2 = 0 s (264)

which, proceeding analogously as in the case of §,, yields &, = (C*° + C>!n)u,
with C> arbitrary constants. If we differentiate twice the compatibility conditions
with respect to u,,4+, we obtain the following equation:

d? NMn+2

2
dity 15

=2cM! (265)

2

2 + Clu, + C?, where C3 and C? are arbitrary functions

which give us n, = C"'u
of n.

So we have fixed the functional dependence on u, and its shifts. We are left to
fix the exact form of the coefficients C'0, C!'!, €20, C?!, C3 and C%. To do so we

can safely take the coefficients with respect to u, and its shifts in the compatibility
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condition. If we take the coefficient of w2, , we have the restriction C*! = —C"!.
Taking now the coefficient of u,,, u, and u,—; we obtain the equations:

c -3¢+ =0, C_,-C_,=0, Cl=0, (266)
which finally yields

Upr = Clvoun(unJrl - unfl)

+ Cl'lun,m [nun-H - (I’l - 3)’ftn—l + Mn] + C3’0Lt,, . (267)

Now some terms are not part of the genuine master symmetry as they are related to
point symmetries. The coefficient of C'? is the Volterra equation itself (166). In the
same way we can exclude the coefficient of C>? as it is a point symmetry again. At
the end we conclude that the master symmetry of the Volterra equation (166) is just
given by:

Upr = Up g itypr — (0= 3y +u,] (268)

In some cases it not possible to directly construct a master symmetry from the
definition (249), but it is still possible to find a master symmetry for the equation
under scrutiny. First let us assume that the master symmetry possesses the particular
form:

Upr = nﬁl(un+17 Uy, un—l) (269)

where f, is the right-hand side of (127). Then let us assume that f,, depends on some
constants, say k;, i = 1,..., K. Let us replace such constants by functions of the
master symmetry “time” 7:

ki —>ki=ki(r), i=1,....M. (270)

Then we can impose the condition that the symmetry (269) is actually a master
symmetry. A good strategy is that of imposing the annihilation of the three point part
of g, in (248). Due to the definition of the total derivative D, (245) the annihilation
will yield a set of first-order differential equations for the new functions with the
initial conditions given by the value of the original constants:

k(1) = Gi(k1 (1), ....km(1)) . i=1,....M, (271a)
ki(0) = k; . (271b)
Then we can derive the symmetries for the original equation (127) at any order from

the master symmetry (269) by putting = 0 in the resulting symmetry. We will see
two examples of this technique.
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Example 3.7 (A Particular Case of the YAKN Equation [133]) Let us start our
discussion with the equation:

2
Upt1Up—1 + Uy,

i, =k (272)

Upt+1 — Un—1
This equation is a particular case of the YAKN equation (77). Substituting k& with an

undetermined function k = k(7) we search for a master symmetry in the form:

2
Up+1Up—1 +u
Uy = nc—Fn LT e (273)
Up+1 — Up—1

Calculating the commutator (248) we obtain:

_ K/un-l—lun—l + Kzun—lun + K/Ltﬁ + Kzun-i-lun

8n =

Up+1 — Up—1
4 2 2 2 2 2 2
o K2|:(un + un—lun + Mn+1un + un-i—lun—l)
(Un+2 = ) (—Upp1 + Up—1)?
4 2 2 2 2 2 2
_ (un + Up—1Up + un—i—lun + Mn+1un—1):|
(_un + Mn—Z)(_Mn-i-l + I/tn—l)2

The three point part of this symmetry is given by the first term in (274), but we see
that if we try to annihilate it we have a contradiction:

(274)

=0, k*=0. (275)

This seems to suggest that the Eq. (272) does not possess a master symmetry in the
form (273). However we can recall that the Eq. (272) is a particular case of the full
YdKN equation [133] which we discussed in the example (2.8). We can then search
for an equation with more parameters for which we have a well posed problem. Let
us consider instead of (273) the candidate master symmetry with two t dependent
functions «; and k»:

>
K1Un41Un—1 + Koty (Upt1 + Up—1) + K11
Upe = n n n n\Un n n ’ (276)

Up+1 — Up—1

Performing the same computation as we did for (274) we arrive at the following
system of equations:

/ i 2
Ky = —Kiky, Ky = —ki, (277)

with the initial conditions x; = k and k, = 0. The solution of this system of
differential equations is given by:

k
cos(kt)

Kk, = —ktan(kt) , Ky = (278)
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The master symmetry (276) is then:

Upo = nkun—i-lun—l - Sin(kf)un(un-i-l + un—l) + Mﬁ ’ (279)
cos(kT) (p+1 — Un—1)
giving the five point symmetry:
W+ u2) (el + u? 1 1
Uz = —kz( b1 T 14) 2"‘1)( + ) . (280)
' (un—i-l - un—l) Up42 — Up Uy — Up—2

This shows how the search for master symmetries can be a little bit tricky even with
the aid of the ansatz described in this section.

The calculation of the master symmetries in the case of the quad equations in
fact depends strongly on the theory we developed for the differential-difference
equations. This is because the symmetries of a quad equations as we discussed in
Sect. 3.3 is a differential-difference equation.

For a quad equation (4) a symmetry of characteristic ¢, is called a Master
Symmetry for a generalized symmetry of characteristic symmetry g if it is a
symmetry for the quad equation (4), in the sense that it solves the determining
equation (177) and it is such that it is a master symmetry in the sense of the
differential-difference equations. In the case of quad equations then one should
find two separate master symmetries in both direction to have the full hierarchy
of symmetries.

We conclude this section on master symmetries with a final example concerning
the master symmetries for the equations of the ABS class [6].

Example 3.8 (Master Symmetries for the ABS class [83]) In this example we
consider the construction of the master symmetries for the whole family of the ABS
equations [6]. The symmetries and the master symmetries for the whole family of
equations were presented in complete form for the first time in [109]. In [109] the
master symmetries were derived through the method of extended symmetries which
is slightly different from that we presented so far. So in the construction of the master
symmetries we will follow [83] where they were derived using the same ideas we
discussed above.

The equations in the ABS class, as derived in [6], are divided in two classes: the
H class and class Q and arise as classification of the quad equations which possess
the property of consistency around the cube.'?

H; - (un.m - un+l.m+1)(un,m+l - Mn+1.m) —o+ ﬂ =0, (2813)
H2 : (un.m - un+1,m+1)(un.m+l - un-‘rl.m) - a2 + ,B2

+ (B — &) (nm + Unmt1 + Untim + Ungimy1) =0,

(281b)

13We briefly discussed this topic also in Example 2.9.
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0O

0

0Os

04

: a(un,mun.m+l + un+1,mun+l,m+l)

- ,B(un.mun—i—l,m + ull.m+lun+l.m+l) + S(az - :32) =0 ’

20 (U — Un1,m) (Unmp1 — Unt1m41)
= Bunm = 1) (nt1m = Unt1m+1)
+8afa—p)=0,
(U — Un1.m) Unn1 — Unt1m+1)
= Bltnm = tnm+1) (Ut 1m = Unt 1mt1)
+ af(e — B)(Unm + Unm+1 + Unt1m + Unt1m+1)
—ap(a—p)e? —ap+ %) =0,
D (B% — &) ittt m 1+ Unnt 1 Unt1.m)
+ B@® — 1) (Upmltnms1 + Unt 1 mllnt 1mt1)
—a(B* = D) (Unmltnt1m + Unt L1 Unt1m1)

8- D(E 1)
4ap B

0 )

. kOun,mun+l.mun,m+1un+l,m+1

— ki (U mln+-1.mUnm+1 + Unt1mUnm+1Un+1m+1
+ Un U 1Un+1.m+1 + Unmn+1mUn+1m+1)
+ ko (U mlnt1,m41 + Und 1 mUnmt1)

— k3 (Un mUnt1.m + Unmt 1 Unt 1 ms1)

- k4(“n,mun,m+l + un+l,mun+l.m+l)

+ kS(un,m + Un+1,m + Un,m+1 + un—H.m—H) + k6 =0.
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(281¢)

(281d)

(281e)

(281f)

(281g)

The Eq. (281a) is the same as the dKdV equation (207) and the Qy is in the so-called
Adler’s form as discussed in Example 2.9 and the definition of the coefficients k;
are given in (88)—(89). It can be proved from a direct computation [109] that the
three points symmetries of the equations belonging (281) are all particular instances
of the YdKN equation, i.e., (77) with the restrictions (83). We can prove that the
six arbitrary coefficients a, b, ¢, d, e and f for the symmetries in the n direction are
given in Table 1. Due to the fact that the ABS equations (281) possess the exchange
symmetries n <> m and o <> 8 the symmetries in the direction m, can be obtained
by the substitutions:

un+1,m <~ Unm+1 » Upn—1,m <> Unm—1 » o < ﬂ .

(282)
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Table 1 The identification of the coefficients of the symmetries in the n of the ABS family (281)
with those of the YAKN equation

Eq. a b c d e f

H, 0 0 0 0 0 1

H, 0 0 0 0 1 20

H; 0 0 0 1 0 2a8

0 0 0 ~1 1 0 o282

0, 0 0 1 -1 —a? at

03 0 0 —4a? 20(® + 1) 0 —(a? —1)28?
2

04 1 —a o? gf—az % +% %+0¢g3

Therefore we can restrict out attention to the symmetries in the direction n, because
the discussion in the direction m will be the same.

From our point of view the problem of constructing the master symmetries for
the ABS equations (281) is then reduced to the problem of finding the master
symmetries of the particular cases of the YAKN equation listed in Table 1. We can
proceed in the same way as we did in the preceding example, but in the general
case. We start by substituting the constants a, b, ¢, d, e, and f with the functions
a, B,7,6,¢ and ¢ depending on 7 and consider the master symmetry given by:

dun.m
dr

nA(T» Mn,m)un+1,mun—1,m + B(T» Mn.m)(un+1,m + Mn—l,m) + C(‘[, un,m)

Un+1m — Un—1,m

(283)

Calculating the commutator (248) and annihilating the three point part of the
commutator and then taking the coefficients with respect to w41 m, Unm and up—1 m
we obtain the following system of six equations:

da

— =ab-28%, a0)=a, (284a)
dr
P pyrae. pO)=b. (284b)
d_y =2Be—36y, y(0)=c, (284c¢)
dr
B iar. s0)=d, (284d)
dr
de _ —ye+ B¢, &) =e, (284e)

dr



136 G. Gubbiotti

Table 2 Solution of the Eq. |8(r) |e(r) |¢(v)

equations for the master

symmetries (285) in the case A |0 0 !

of the H equations H, |0 1 2(—1)
H; |1 0 2a8e’

= t§—2¢*, 0)=f. (284f)
dr

Solving these equations will yield the desired master symmetry. The system in its

general form is difficult to solve, but for example in the case of the H equation

deriving the explicit form of the master symmetry is quite simple. From Table 1 we

obtain that we can assume @ = 8 = y = 0 and then the system reduces to:

@ _ -y, 8(0)=d, (285a)
dr
de
— = Ve, e(0) =e, (285b)
dr
% _ (8§ -2, t(0)=f, (285¢)
dr

with d, e and f as given from Table 1. In Table 2 are presented the solutions relative
to the H equations of the system (285).

By using the master symmetry constructed above we can construct infinite
hierarchies of many-point generalized symmetries of the ABS equations (281) in
both directions.

3.5 Some Examples

In this last section we will discuss some particular examples of calculation of
symmetries in the case of equations with two-periodic coefficients. These particular
nonautonomous equations arise naturally when classifying quad equations consis-
tent on the cube with the tetrahedron property only [7, 16—18].

Let us consider a quad equation with two-periodic coefficients. In general such
an equation can be written as:

FORIQH ) 1 FOE 0
+ FOFPOF D L FOFDOCD =0, (286)
where Q&%) = 05 (w0 U1 s Unmt 15 Unt 1 mt1) and

1+ (=1
F&® = % (287)
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[see (107)]. Any point (n, m) on the lattice have coordinates which can be even or
odd. Therefore we can first derive (199), (201) for the functions z and v and then
use the decomposition:

2= FOF ) 4 ) EC) (o)

(288a)
4 FORR 4 4 FOEE) (o)
v = FOOFCH(hd) 4 0 pO)y (+o)
(288b)

4 FOFM 6 | pORE )

to reduce the problem to the solution of four decoupled systems for the functions
Z(i’i) = Z(i'i) (un-i-l.mv Un,m, un—l.m) and v(i’i) = v(i’i) (un-i-l,ma Un,m, un—l,m) by
considering the even/odd combinations of discrete variables.

The same decomposition can be used for the function g:

g= F’(1+)Fr(n+)g(+,+) + Fr(l+)Fr(n*)g(+,*)

+ Fr(l_)F,51+)g(+’+) + Fr(z_)F,(n_)g(_’_) ; (289)

with g&3) = &5 g0 w . Uy—1.m), and the relative compatibility condi-
tions (204). This will yield the following form for g:

8= Qn,m(un+l,mv Un,m, un—l,m) + F;(1+)Fy(n+)(p(+'+) + F£,+)Fr(n_)‘/’(+'_)

+ FOFG D+ FOFD). 290)

where £2,,,, is a known function derived from the from of z and v and &% =
@ *®)(u,,,). These functions can be found using the determining equations with
the same decomposition.

In the classification of nonautonomous Consistent Around the Cube equations
with only the tetrahedron property presented in [16—18] there exists three families
of equations which can be written in the form (286): the rhombic H* equations,
the trapezoidal H* equations and the H® equations. The three point generalized
symmetries for the rhombic H* equations were computed in [132]. The three
point generalized symmetries for the trapezoidal H* and H® equations were instead
considered in [49].

Example 3.9 (The D3 equation [49]) As an explicit example of calculations of
symmetries in the case of nonautonomous two-periodic coefficients we discuss the
D3 equation [16-18], which, written on the lattice (n, m), assumes the form [50]:

Fy PP g + FOF Dt

+ F,(1+)F,(,,_)Mn.m+1 + F,(l_)F,(n_)un+1,m+l + F$ ity 1
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- (=) (+)
+ F,(l )un.mun,m+1 + Fn+mun,mun+1,m+1 + Fn+m”n+1,mun.m+l

+ F Uit ittty 1 + FS thy gttty 1 m1 = 0, (291
Applying the method explained in Sect. 3.3 we can find the system for the function
z from (199). Considering the case in which n = 2k and m = 2/ we find from (199)
two equations for z(+1):

Un+1,m + Un m—1 8z(+'+) aZ(+'+) Up—1,m + Upm—1 aZ(+'+)
Upm — ui,m—l aun+l,m 8Mn,m Upm — ui.m—l a"‘n—l,m
N (292a)
2 Un—tm Uy g+ Un
(Mn,m - uﬁ,m—l)(un»m — ui—l,m) ’
Unt1m + U 02T g 320
uﬁ,m-{-l — Unm 8Mn-%—l,m aun,m qu,m+l — Upm Bun_lim
’ (292b)
_ un,m—i—l + 2un—1qmuﬂ.m+l + Un,m
(u’”” - u121—1,m)(u"~m - ”3,m+1) .
Taking the coefficients with respect to uy, ,,+1 and solving we obtain:
(+.+) (+.4) Unn = Uy 1,
T =log|CyT — . (293)
(un-l-l,m - un—].m)
In an analogous way we obtain the solutions for z(*=), z(=%) and z(—7):
(—,+ [ (—,+) ui m Un—1,m ]
1 =log| 1 : . (294a)
L (un—i-],m - “n—lA,m) |
_ P Uy~ Un T
) = log| (™ )( e 2) (294b)
L (un—l—l,m - un—l,m) i
—-— [ - Un,m + Up— i
257 = log | Cl™ )( i 2) : (294¢)
L (Unt1m — Un—1,m)* ) |

Inserting the resulting value for (288a) into the conservation law (188) we derive
the following relation between the constants:

=ttt o =t

(295)

Proceeding in the same way we can derive the values of the functions v*®)

from (201):
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U — U
v = 1og oo (o = i , (296a)
2
L (un-‘rl,m - un—l,m)

v = log C(_’+) in ~ Hrtim Y] (296b)
2 (un-l-l.m - un—l,m)z '

v+ = = log C§+’_) Up+1m + Mn+1.m2 ’ (296¢)
L (un-i-l,m - un—l,m)

v = log cg—’—>( Unttm + Unm ) . (296d)

(un—i- 1,m — Up—1 .m)2

Inserting the resulting value for (288b) into the conservation law (193) we derive
the following relation between the constants:

)=t = (297)

We can now insert (288a), (288b) into the compatibility conditions in order
to find g. From these compatibility conditions we obtain the following relations
between the remaining constants:

CP = et o = D), (298)

Integrating (203) we get:

2
u, .. — Up,
¢ = F’(Z+)F’(n+) |:C§+’+)( n—1,m nm +Mn_1’m) +§0(+.+):|

un—l—l,m — Un—1,m

) b [ ) Mt = Uy )
+FOFD | 2 ey
Un+1,m — Un—1.m

+ F(+)F(_) |:C(+ +) Un,m + un— Lm + (p(+,_)i|

Un+1,m — Un—1m

n F;[_)F’(ﬂ_) I:Ci_’+) Un,m + Up—1m + ¢(——)i| ) (299)

Un—1,m — Un+1.m

Inserting it in the determining equations (185) and applying the operator (206) we
obtain a system of four equations which have to be identically satisfied. The result
is C( +) C(+ +) and:

(P(+ = = Kitnm = %Klu"’m - %CH_.—H

i (300)
¢(+’_) = %Klun,m + %C§+'+) s (P(_’_) = Klunm + 35 C( )
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where K is another arbitrary constant. Note that the symmetry generated by K
is a point symmetry, so the Eq. (291) in the direction n possess only the genuine
three-point symmetry given by:

g = Fr(l+)Fi(n—Hun+1,munfl,m + %(Fr(n_) - FI(1_)FI(n+))Mn,m(un+l,m + unfl,m)

Up+1 m Un—1,m

(=) () (=) (+) ()
+Fn Fm u£m+(Fm _Fn Fm )un,m’ (301)

Upn4+1,m — Un—1,m

Note that since (291) is invariant under the exchange n <> m the symmetry in the m
direction is given simply by performing such exchange in (301).

The differential-difference equation du,,,/dt = g with g given by (301) is a
particular instance of the nonautonomous YdKN equation [78]. In fact it was proven
in [49] that every differential-difference equation generated by the symmetries of
the trapezoidal H* and H® equation is a particular instance of the nonautonomous
YdKN equation. Since an analogous result was previously known for the rhombic
H* equations we conclude that every differential-difference equation generated by
the symmetries of the equations belonging to the Boll’s classification is a particular
instance of the nonautonomous YdKN equation. This result extends that for the ABS
classification given in [83] and briefly discussed in Example 3.8.

Example 3.10 (Generalized symmetries depending on arbitrary functions: the case
of the ;H{ equation) As a final example we will consider the symmetries in the m
direction of the ;H} equation. (M7 is still part of the Boll’s classification [16—18] and
was presented for the first time in [7]. Its symmetries were presented in [49, 51]. For
sake of simplicity we will considered its form with n and m exchanged and compute
the symmetries in the n direction, i.e., the equation we will study is:

(un.m - un.m+1)(“n+1,m - un+1.m+1) — Q)

— 20 (F\ Pttt 1 Uit + FS il 1) - (302)

Since there are only two two-periodic functions in (302) a function w decompose
as:

w = FHy™® 4 Oy (303)
instead of the most general decomposition (289). Applying the method explained

in Sect.3.3 we can find the system for the function z decomposed as in (303)
from (199). Considering the case n = 2k we find from (199) the system for z(H):
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ar(1+ g2ui+1$m) 9z(H) 9zt

o 2
(un.m - un.mfl)2 + 820{2 aMn-i—l,m aMn,m

(304a)
ar(1 + 82”5—1,m) 9z(H) _ 2<"32un+l,m
(tnm = Unm—1)? 4 €203 Ottt (= Upm—1)? + €203
a(l+ &4, ) dz(H) 9zt
(un,m - un,n1+l)2 + 820{% aMn+1,m 8Mn,m (304b)
ar(1+&%u,_, ) azH) 26 Unt1.m

(Ungn — Unms1)* + 820‘% tty—1.m (U — Unmt1)* + 820‘% .

Taking the coefficients with respect to u,, 4 we can solve this system. This time
the system is not overdetermined, but it is underdetermined:

+) — 2.2 (+) 8(u11+1.m - un—l,m)
) = —log(l + %2, ,,) + 1o an( . (305)
g +h &% 1+ Szun—i-l.mun—l.m
The same holds true for z(7:
) = log(1 + %2 log Z\ ) (— 306
Z Og( + & un,m) + Og n,m( Mﬂ+1,m + un—l.m) . ( )

Using (200) we just add equations which are identically satisfied, so all the
differential conditions on z are satisfied. Inserting into the conservation law (188)
the only condition we get is Z,(Ljf,,) = Z,(li) i.e., the two arbitrary functions can depend
only on one lattice variable.

For v we can proceed in the same way and we obtain:

U(+) _ 10g (1 + 32“11+1,mun—1,m)2 V(+) ( 8(“11+1,m - Mn—l,m) ’ (307a)
1+ 5'214%_’_1.,” N A+ Ut mln—1.m

v = log |:(1 + szuﬁ_m)V,anf (—tns1m + un—l,m):| . (307b)

Using (202) we just add equations which are identically satisfied, so we have
satisfied all the differential conditions on v. Inserting v into the conservation
law (193) the only condition we get is V,(,,ﬂf,,) = V,gi) i.e., the two arbitrary functions
depend only on one lattice variable.

Inserting z and v into the compatibility conditions (204) we can reduce the
number of independent functions from four to two, since we find the following
relations:

ZPNE) =V -1 +HVNE) ., VOE =P -z0F). (308)
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Then defining:

GLP(E) = / Ve . GOE) = / Z0)() d | (309)

we can write the solution for g from (203):

(1)

—1 & — U,— C
g= F£+)|:—Gn( (Mn-é—l,m Un—1,m ) + Larctan(sunﬂ.m) + ¢(+):|
& (I+e un+lmun—lm]) &

+ FO=( + &), )G (—thn 1 + tn—1.m)
+ (1 + &%,) CPU—1 1 + 9], (310)
with <py(,j,§l) = wfgjfn) (t4,.m) functions to be determined.

Inserting this form of g into the determining equations we find the following
restrictions:

CV=c? =0, oM =cP® ¢ =cD1+e%2,), (311)

where Cff) and C,(f) are arbitrary functions of the lattice variable n. This means
that (302) possess generalized symmetries depending on arbitrary functions:

(Unt1,m — Un—1m
_ F(+)[ G(+>( : : ) + C(”]
8= (1 + 82”11+1.mu’1_1~m]) !

+ F}S_) [_(1 + 82”5,m)G}(1_) (_un+1,m + uﬂ*l,m) + (1 + E nm)CEf)]
(312)

This property is linked with the fact that (302) is Darboux integrable [2] as
it was proved in [52]. A Darboux integrable equation is linearizable, but the
differential-difference equation defined by du,,/dt = g with g as in (312) is
clearly nonintegrable for arbitrary values of G,gi). This shows that generalized
symmetries of a linearizable equation may not be integrable. Equation (312)
possesses the integrable sub-case given by G (§) = —&2/£, GT)(§) = 1/£ and
C(3) C(4) 0:

Fr(lJr)l + 52”n+1.mun—l,m + Fr(:) 1+ 8 nm

Upn4+1,m — Un—1,m Up+1,m — Un—1,m

8§ = (313)

This symmetry defines a differential-difference equation which is a particular
instance of the nonautonomous YdKN equation [49, 78].

Symmetries depending on arbitrary functions are Master Symmetries. Indeed it
can be easily seen that the commutator of two symmetries of the form (312) is an
higher order symmetry as long as the arbitrary functions are nonconstant [52].
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4 Exercises

In this section we collect some exercises that the reader should be able to do after
reading this chapter. Exercises are divided by subject so the reader will find in
Sect. 4.1 exercises about the Algebraic Entropy and in Sect.4.2 exercises about
Generalized Symmetries.

4.1 Algebraic Entropy

Exercise 4.1 The Riccati equation:
W =u’ (314)
has at least two possible discretizations. One is the trivial one:
Unp1 — Uy = hu> , heR (315)
and the other one is:
Upt1 — Uy = httyttyy1, heR. (316)

Which of the two preserves the property of linearization [59]?

Exercise 4.2 Prove that the dPI equation:

[ n
Upp1 + Uy + Uy = —, a,=C1 + C2(_1) + Gin (317)

n

has quadratic growth. Try to change the nonautonomous part on the right-hand side
to see if integrability is preserved. What goes wrong [43]?

Exercise 4.3 Prove that the Hietarinta—Viallet equation [60]:

a
Upy1 + Up—) = Uy + — (318)

Un

has exponential growth. If you know the method of singularity confinement prove
that (318) confines singularities. Put this fact in relation to what was said about the
geometric meaning of the algebraic entropy at the end of Sect. 2.1.

Exercise 4.4 Try to find some other transcendental transformations which do
not preserve the integrability of Eq.(60). Hint: Try exponential functions [44],
hyperbolic functions, etc.
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Exercise 4.5 Prove that with respect to the algebraic entropy the semidiscrete
Burgers equation (141) has linear growth. Try to find the explicit linearization.

Exercise 4.6 Prove that the semidiscrete KAV equation given (212) has quadratic
growth.

Exercise 4.7 The Toda lattice equations [120] can be represented using the
Manakov-Flaschka [32, 90] variables as a system of first-order equations:

dn = an(bn - bn—l) s (3193)
by = dpy1 — ay - (319b)

Introducing nonautonomous functions F,(li) as defined by (287) prove that the
system (319) can be written as a single nonautonomous equation [78]:

ity = (FPuy + FS) g1 — i) (320)

Prove then that such equation possess quadratic growth. This is a nonautonomous
version of the Volterra equation

Exercise 4.8 Consider the discrete Liouville equation of Adler—Startsev [2]:

1 1
Mn+1.m+1(1 + )(1 + )Mn.m =1. (321)
Un+1,m Un,m+1

Prove that its growth is linear.

Exercise 4.9 Prove that the Eq. (302) possess a principal and a secondary growth
in every direction and that they are both linear [50].

Exercise 4.10 Prove that the nonautonomous Qv equation (105) has quadratic
growth given by (97) [48].

4.2 Generalized Symmetries

Exercise 4.11 Prove that the generalized symmetry of the Volterra equation (166)
with m = —m’ = 2 is given by (167).

Exercise 4.12 Prove that in the general case the equation of the form (77) does not
possess any generalized symmetry with m = —m’ = 2. Prove then that with the
restrictions given by (83) such symmetry exists. Try to obtain such restrictions from
the determining equations.

Exercise 4.13 Verify that the symmetries of the ABS equations (281) are given by
the YdKN equation with coefficients given by Table 1 [83, 109]. If you are more
willing try to make a direct computation of such symmetries using the techniques
of Sect. 3.3.
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Exercise 4.14 Prove that a three point generalized symmetry in the n direction of
the Qy equation can be written in as [131]:

dun.m h(un-l-l,mv un,m) _ l ah(un-i-l,mv un,m)

= , 322
de Un+1,m — Un—1,m 2 8un—i—l.m ( )
where # is the biquadratic:
0 ad d
Wit tn) = Oy —— 2 Qv 90 (323)

Oyt 1 Unptmt1 Oyt Ot 1

Find an analogous formula for the m direction with the appropriate biquadratic.
Prove that this generalized symmetry is a YdKN equation with a,b # 0 and find
the appropriate connection formulas.

Exercise 4.15 Find a Master Symmetry for the modified Volterra equation (142)
with both methods explained in Sect. 3.4.

Exercise 4.16 Find a generalized symmetry with m = —m’ = 2 for the nonau-
tonomous equation Volterra (320) from Exercise 4.7. Derive a Master Symmetry
for it.

Exercise 4.17 Consider the discrete Liouville equation of Adler—Startsev (321)
from Exercise 4.8 [2]. Prove that it does not admit three-point Generalized
Symmetry.

Exercise 4.18 Show that the equation (a slight modification of an equation from
[52, 57]):

Up mUn+1,m+1 — Un+1mUnm+1 = 0 s (324)
possesses the following three-point Generalized Symmetries in the n direction:

g = un,an(u"“'m, ”—'") +(C! + C2 )t + CPty 1 108 e (325)

n.m Un—1,m

where F, = F,(€,n) is an arbitrary function of its arguments and of the discrete
variable n, C} is an arbitrary function of the discrete variable n, C, is an arbitrary
function of the discrete variable m and C? is a constant.
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Introduction to Linear and Nonlinear Integrable
Theories in Discrete Complex Analysis

Ulrike Biicking

Abstract The field of discrete differential geometry lies on the border of classical
differential geometry and discrete geometry. Its aim is to develop discrete geometric
theories which respect fundamental aspects of the corresponding smooth ones. Also,
these discretizations often clarify structures of the smooth theory.

In our presentation, we focus on the area of discrete complex analysis. In
particular, we introduce several concepts of discrete holomorphic functions based
on a linear approach and on nonlinear theories concerning cross-ratio systems, circle
patterns and discrete conformal equivalence. These examples are used to illustrate
some characteristic features in discrete differential geometry like integrability as
consistency and Bicklund—Darboux transformations.

1 Introduction

The field of discrete differential geometry is emerging at the border between
differential geometry and discrete geometry. The classical area of differential
geometry investigates smooth manifolds. Their study includes important geometric
notions like curvature. Also, special classes of surfaces and their transformations are
analyzed and characterized, for example minimal surfaces or isothermic surfaces.
Parts of this classical theory have been summarized at the beginning of the twentieth
century, for example in extensive volumes by Darboux [29, 30], Bianchi [6], etc.,
see also standard textbooks on differential geometry. In contrast to differential
geometry, discrete geometry studies shapes with a finite number of elements,
such as polytopes or simplicial complexes. Its history goes back to ancient Greek
geometers studying for example Platonic solids which are basic examples of
polytopes. Modern discrete geometry has its origins in the late nineteenth century
with investigations on density of circle packings or projective configurations. A
more detailed history can be found in standard textbooks on discrete geometry, see
for example [38].
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Based on these two fields of differential and discrete geometry, the area of
discrete differential geometry includes theories, notions and methods for the study
of discrete shapes and objects which are discrete equivalents to classical shapes
and objects from differential geometry. Its main aim is summarized in the message
“Discretize the whole theory, not just the equations.” Therefore, discretizations
should preserve fundamental properties of the smooth theory. In many cases it also
turned out that the discrete theory can clarify structures, for example concerning
transformations of special surfaces classes which appear naturally in the discrete
context. In this sense, the discrete theory is as rich as the smooth theory and contains
more constructive proofs.

An important aspect of discrete differential geometry is its connection to
integrability. This can for example be recognized in the existence of Backlund—
Darboux transformations or zero curvature representations. Our presentation relies
in large parts on the textbook [15] by A.L. Bobenko and Yu. Suris. Therefore we
consider integrability as multidimensional consistency and emphasize this property
in our examples. We focus only on the area of discrete complex analysis and present
an introduction to four different discretizations of holomorphic (or conformal)
functions. In each of the following sections we explain a certain concept of discrete
holomorphicity. In particular, the notion of a ‘discrete holomorphic functions’ is
redefined in every section and these notions are essentially different (although they
all carry the same name as they have the same smooth analog) and should not be
confused. All our examples illustrate multidimensional consistency as an important
general principle in discrete differential geometry.

Note that there exist more approaches to discrete holomorphic functions than the
four ideas presented here. For example, Novikov and Dynikov developed a theory
based on bicolored triangles, see [34, 37, 61] and also [19].

Discrete holomorphic functions, in particular from the linear theory, have also
found applications in other areas of mathematics, for example recently in statistical
mechanics and probability theory, see for example [5, 25, 26, 48, 66, 67].

2 Linear Theory of Discrete Holomorphic Functions

Let U C C be open and let f: U — C be a holomorphic map, that is the complex
derivative f'(z) = lim,—o (f z+n—f (z)) /n exists on U. Such maps may be
characterized by the Cauchy—Riemann equations (1). To this end, fix an orthogonal
coordinate system in C = R? with coordinates x and y corresponding to the real and
imaginary part of the complex numbers z = x + iy. Then we can write f = u + iw
where u, w: U — R are the real and the imaginary part of f. So f is holomorphic if
and only if

du  dw ou aw a .of
— = —and — = —— = =i 1
dx  dy an dy ox - ady lax M
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In terms of the Wirtinger derivatives 0, = 0, — idy and d; = 9, + 10, these
conditions (1) read d; f = 9, f + idyf = 0.

Holomorphic functions are naturally connected to harmonic functions, see
standard textbooks on complex analysis, for example [3, 36], for details and proofs.

Theorem 2.1 For any holomorphic function f = u + iw, its real and imaginary
part are harmonic, that is they satisfy the following Laplace equations

?u  0u

Au=-—+-—>=0 and Aw=0.

0x ay
Conversely, for every harmonic function u: U — R on a simply connected domain U
there exists a holomorphic function f = u + iw which is unique up to an imaginary
constant. (That is there exists a conjugate harmonic function w: U — R, which
is unique up to a real constant, such that u and w satisfy the Cauchy—Riemann
equations.)

The Cauchy—Riemann equations and the Laplace equation for harmonic func-
tions are both linear in u (and w) and build the basis of the linear theory of discrete
holomorphic functions.

2.1 Definition of Discrete Harmonic and Discrete
Holomorphic Functions

First, we consider discrete Laplacians and then define discrete holomorphic func-
tions based on discrete harmonic function. We start with the square grid lattice (see
for example Fig. 1) which provides a simple, but instructive example.

The discrete Laplacian on the square grid lattice Z> has already been studied in
the beginning of the twentieth century, see for example [28]. In fact, Kirchhoff’s
circuit law encodes the harmonicity of the potential function. Further investigations
on discrete harmonic and discrete holomorphic functions on the square grid lattice
are due to Isaacs [47], Ferrand [35] and Duffin [32, 33] who also generalized these
notions to planar graphs with rhombic faces. Such graphs are also called rhombic
embeddings.

Fig. 1 Regular square grid
lattice (white vertices) and its
dual (black vertices and
dotted edges)
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Given a function u: Z> — R, partial derivatives with respect to the coordinates x
and y may be replaced by differences u(m—+ 1, n) —u(n, m) and u(m, n+ 1) —u(m, n)
respectively. This leads to the standard Laplacian on the square grid lattice

Au(m,n) = u(m+ 1,n) + u(m—1,n) + u(m,n+ 1) + u(m,n — 1) — du(m,n) .

In some contexts, scaled versions of this Laplacian are used, but we are only
interested in discrete harmonic functions satisfying Au = 0, so scaling does not
matter in the following.

This Laplacian can easily be generalized for a planar graph G = (V, E, F) where
V denotes the vertices, E are the edges and F the faces of G. We always assume
that the graph is embedded (or at least immersed) in the plane and identify it with
its embedding. At every interior vertex vy with adjacent vertices vy, v, ..., v, we
define the Laplacian on G at v by

n

(Au)(vo) = Y w(vo. v)) (u(v)) — u(vy)) . )

J=1

where w: E(G) — R are weights defined on the undirected edges and u: V — R is
some function on the vertices. If Au = 0 at all interior vertices, then the function u
is called discrete harmonic.

Exercise 2.2 (Discrete Maximum Principle) Assume that the weights w are all
positive. Show that a corresponding discrete harmonic function attains its maximum
(and its minimum) at a boundary vertex.

This discrete maximum principle is analogous to the maximum principle for
harmonic functions in the smooth theory and therefore such positive weights @ may
be especially desirable. Note that nonsymmetric weights defined on directed edges
are also possible but only rarely used.

Given a harmonic function #: V — R, a natural domain for the conjugate function
w is the dual graph G* = (V*, E*, F*). For the case of the square grid lattice Z2,
we assume that the vertices of the dual graph (Z?)* are the centers of the squares
of Z?. To each edge of Z? there corresponds a dual edge (and a square built by two
vertices of Z2 and two corresponding vertices of the dual lattice), see Figs. 1 and 2.

In the notation of Fig. 2 (left) the discrete Cauchy—Riemann equations read

ur—wp=wy,—wg and u, —ug=—(w, —w)) =w;—w,, 3)

where u,, u;, u,,uy; and w,, wy, w,,w; are the values of the functions u and w
respectively on the corresponding vertices. As an immediate consequence we
observe that to any harmonic function « on (a simply connected part of) Z? there
exists a function w on the dual graph (unique up to a constant) such that the discrete
Cauchy—Riemann equations hold. Indeed, fix w at some vertex and define its values
at the other vertices by the discrete Cauchy—Riemann equations (3). This procedure
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wy Uy,
u up Wy wy
wy, u,
Uy — Uy = Wy — Wy Uy —uy = —(wr— w,) uy,

Fig. 2 Discrete Cauchy—Riemann equations (/eff) and dual cycle around a vertex (right)

will not cause any ambiguities because for all cycles around a vertex we have with
the notation of Fig. 2 (right)

(w2 —wi1) + (W3 —wa) + (Wa —w3) + (W1 — wy)
= (up—u) + (uy—u) + (g —u) + (ug —u) = Au=0.

The corresponding discrete holomorphic function f*: Z> U (Z*)* — C is defined
by the formula

f@ @) = u(z)  if zis a vertex of Z2,

iw(z) if zis a vertex of (Z?)*.

The superscript £ only emphasizes the fact that this is the definition for discrete
holomorphicity within the linear theory. Remarkably, the discrete Cauchy—Riemann
equation for f¢ can be summarized as

fi=f =iy =) (4)

for any function f*: Z> U (Z?)* — C where f{,f5,fL,f} are the values of f* on
a quadrilateral formed by black and white vertices as in Fig.2 (left or middle) in
cyclic orientation. This corresponds to (1) in the smooth case.

Example 2.3 The function f*: Z?> — C given by f*(m,n) = (n + im)? is discrete
holomorphic. This can be easily seen by checking the discrete Cauchy—Riemann
equations (4).

The discrete Cauchy—Riemann equation (4) can easily be generalized to an
embedded (or immersed) planar graph G with embedded (or immersed) dual graph
G*. Analogously as in Fig.2 we can build a quadrilateral for every edge of E and
obtain a bipartite graph £ with bicolored vertices and quadrilateral faces called
b-quad-graph as illustrated in Fig. 3 (left).
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P!

X0 .v. X

Yo

Fig. 3 Left: An example of a b-quad-graph O (black edges and bicolored vertices) and its
associated graph G (dashed edges and white vertices). Right: Quadrilateral of £ with orthogonal
diagonals

Note that V(D) = VUV™*. On each quad as in Fig. 3 (right) the Cauchy—Riemann
equations (3) and (4) generalize to

FA) = fh(xo) _ F O = £ () _

X1 —Xo Y1 —>Yo

®)

Note that for every three-connected planar graph (that is G remains connected if
one or two edges are removed) there exists an embedding of G and its dual graph G*
such that all dual vertices lie in the interior of the faces of G and every edge intersects
the corresponding dual edge orthogonally. This embedding can be constructed using
orthogonal circle patterns, see for example [21, 72]. In the following, we restrict
ourselves to such orthogonal embeddings. Then corresponding edges of G and G*
are orthogonal and (5) can be rewritten as

1
(o, y1) .

F o) = () _ Y=Y
f((xl) —fz(xo) X1 — Xo

Y1 —Yo
X1 — X0

=i =!iw(xp,x;) =1 (6)

The weights w: E — R4 and the dual weights w: E* — R are in this case defined
geometrically. A function f*: V(D) — C which satisfies the discrete Cauchy—
Riemann equations (6) is called discrete holomorphic. Of course, (6) may also be
considered for nongeometric weights and general b-quad-graphs.

Exercise 2.4 Let 6y # 60, be two complex numbers with same modulus |6y| = |6, ].
Show that on the b-quad-graph 6yZ x 6,Z the function defined as

2 2

[?) 0
FE(mby + nby) = (mby + n6p)* + =2 1 L (mby + nby)

is discrete holomorphic. This can be considered as a discrete analog of z3.

As for the square grid case, we also observe an analogous connection of discrete
harmonic and discrete holomorphic functions.
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Theorem 2.5 Let O be a simply connected b-quad-graph built from a planar
(immersed) graph G and its (immersed) dual G* such that each edge and its
corresponding dual edge intersect orthogonally.

Iff4: V(D) — C is discrete holomorphic, then its restrictions f¢|y and f*|y« are
discrete harmonic with respect to the weights w defined in (6).

Conversely, any discrete harmonic function u: V. — R admits a family of discrete
holomorphic extensions f': V(D) — C differing by an additive constant on V*.
That is, f is uniquely determined by the value on an arbitrary vertex y € V*.

Proof Let f*:: V(D) — C be discrete holomorphic and let x, be an interior
vertex. We will only consider the case xo € V and leave the analogous cases

Xxp € V* as an exercise. Let x1, xy, . . ., x, be the neighboring vertices of x; in G. Let
Y0, Y15 -+ s Yn—1,¥n = Yo € V* be the chain of dual vertices such that xo, yj, Xj4+1, yj+1
are quads in O forj = 0,1,...,n — 1. Then using the discrete Cauchy—Riemann

equations (6) we obtain

0=r"01) = 00) + 02 —fr 1) + -+ 00) = f 1)
= iw(xo, x1) (F (x1) — £ (x0)) + iw(xo, x2) (F (x2) — f* (x0)) + ...

+ i@ (x0. x,) (f* () — f* (x0))

(A V) (%) -

Now given a discrete harmonic function u : V — R we can obtain a conjugate
harmonic function w : V* — R and a corresponding discrete holomorphic function
f: V(D) — C similarly as for the square grid lattice. Take f‘(x) = u(x) at
all vertices x € V. Choose a value f¢(y) at some fixed vertex y € V*. Then the
discrete Cauchy-Riemann equations (6) uniquely determine the values of f* at all
other vertices of V* since O is simply connected and u is harmonic on G with
respect to the weights w defined in (6). O

From a more conceptual perspective, this theorem links the solutions of the quad-
equation (6) and to the solutions of a Laplace equation on white (or black) vertices.
A similar relation can be established for a broader class of quad-equations, for more
details see for example [15, Sect. 6.13] or [1, 14].

2.2 3D-Consistency and Integrability

In the following, we investigate the structure of the discrete Cauchy—Riemann
equation (6) in the context of integrability. To this end, we assume given a b-quad-
graph D with weights » on the faces (more precisely on the edges between black
vertices and on the edges between white vertices respectively of any quad). The
discrete Cauchy—Riemann equation (6) on the quads of D defines a 2D-system. This
means that given any three (generic) values of a function f¢ on the vertices of a quad,
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X0

Fig. 4 Elementary cube over a face of O without (left) and with (right) labelling on the edges

(6) determines a unique value for f¢ on the fourth vertex. These discrete Cauchy—
Riemann equations can now be put as condition of the faces on a three-dimensional
cube, see Fig. 4 (left).

As we aim at transformations of a given discrete holomorphic function, we
assume that opposite faces of the cube carry the same equation. We just need to be
careful with the orientation of the faces as the discrete Cauchy—Riemann equations
depend on the orientation of the quadrilaterals. Then these equations are consistent
if we can prescribe arbitrary values of f at one vertex of the cube and its three
neighbors and obtain the remaining values uniquely without contradictions using
the equations on the faces of the cube.

Example 2.6 (Square Grid Lattice) Let f¢:Z> — C be a discrete holomorphic
function (with respect to @ = 1 and bicolored vertices of Z2). Add an “extra
dimension” such that this grid is extended to a subset in Z* consisting of two
parallel layers of Z2. Fix the value of f* at one vertex of the new layer. Determine
all remaining values of f¢ by using the discrete Cauchy—Riemann equations (4)
for Z? on the ‘vertical faces’ of the cubes. On each of these faces we choose the
orientation such that the cycle of vertices (x,y,y™, x) is positively oriented in the
notation of Fig. 4. This construction will not result in contradictions and furthermore
the function defined on the new layer is also discrete holomorphic. It is in fact a
(fundamental) transformation of f*, also called Béiicklund transformation.

These properties can easily be seen by considering one cube as in Fig.4. In
particular

FEo) = ff00) = i(f (xr) — £ (x0))
FHO9) = o) = i(F o) — 11 ()
FAOE) =1 00 = 16 =)
D) = o0 =i o) = )
O = o) = i(F o) — ()

~— ~—r ~— ~—
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N 90 X1 xt o yr
0, 0, A A
~o 6, Yo X 0 y

Fig. 5 A fundamental square with labels on the undirected edges (left) and on positively oriented
directed edges (middle and right)

These equations show that the values f*(x;), £ (x;), f* (v{), and f* (y;") are uniquely
determined from f*(xo), f“(vo),f (1), f* (x}) and also

D) =16 =il o) 1 o1)
holds. Note that on the upper layer the coloring of the vertices is interchanged.

Example 2.7 (Rhombic Embedding) As a more general example we can consider
rhombic embeddings, that is planar embedded quad-graphs & whose faces are all
rhombi. In fact, 3D-consistency holds exactly for the rhombic case, see remarks
below.

In particular, consider a rhombus which is defined by its two directed edges
09,0, € $' = {z € C : |z| = 1} as illustrated in Fig. 5 (middle). Then the weight
w(xp, x1) can be expressed as

w(x x)=—iy1_y0=—'91_90 =i€0_91
o X1 — Xo 0+60 6Oo+0 "

On the “vertical” faces of the cube we fix some A € $' as parameter and
corresponding weights w(x,y") = i(6 — 1)/(6 + L), see Fig.5 (right). Then
the discrete Cauchy—Riemann equations are 3D-consistent. In particular, a given
discrete holomorphic function on a rhombic quad-graph can be transformed into a
discrete holomorphic function on the same quad-graph with black and white vertices
interchanged. The proof is similar to the square grid case and is left as an exercise
to the reader.

The class of thombic embeddings obviously includes the square grid lattice Z>
and its “sheared” versions 6yZ x 6, Z for 6y, 6, € S' with 6,/6; ¢ R, but also more
involved examples like the dual kagome lattice or Penrose tilings (see Figs. 6 (left)
and 9 (right) for examples), see also [50].

Remark 2.8 (Rhombic Embeddings and Surfaces in Z¢) For the integrable Cauchy—
Riemann equations, rhombic (ramified) embeddings from projections of two-
dimensional surfaces in Z¢, d > 2, are of special importance. In this case, we
can lift the discrete holomorphic function from the quad-graph to the vertices of the
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Fig. 6 Left: Example of a rhombic embedding (a part of a Penrose tiling). Right: A vertical face
of the cube with labelled edges

corresponding surface in Z¢. In fact, the directed edges e, of Z¢ are supposed to
carry the corresponding directions 6, as labelling, such that parallel edges all carry
the same label. Then thanks to the 3D-consistency this function can be extended to
(a part of) Z¢! Therefore, we call a function f: Z¢ — C discrete holomorphic if
for all quadrilateral faces of Z¢ we have

Fix + er) —f’z(x—i-ej) . iQk—Gj
flx+e+e)—fix) 6 +6°

)

In fact, for our geometric choice of the weights w, it turns out that 3D-consistency
of (6) holds for a quad-graph D if and only if this quad-graph is a rhombic (ramified)
embedding. This can be seen by observing, that the discrete Cauchy—Riemann
equations are in fact a special reduction (to R?) of the discrete Moutard equation

F(x1) — F(xo) = a(F(y1) — F(y)) ®)

in the notation of Fig. 5. This equation can be assigned to all two-dimensional faces
of the lattice Z™ analogously as (7), where a is a scalar (real-valued) function on
the two-dimensional faces of Z”. Note that we have to chose an orientation on the
quads.

Let F: Z™ — R" be a map satisfying (8) on all 2-dimensional faces (called T-net).
Geometrically, (8) means that for each face the points F(x;), F(xo), F(y1), F(yo) are
coplanar (so the net F' has planar faces) and furthermore the diagonals of these
planar quads are parallel. Analogously as for the Cauchy—Riemann equation in the
previous examples we can consider 3D-consistency for the Moutard equation (8). It
turned out that this holds if and only if the values of a on the faces are related by the
star-triangle map, for a proof see for example [15, Sect. 2.3] or [60].
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In particular, label the coordinate directions of a three-dimensional fundamental
cube with 1,2, 3 and the value of a on the face ij incident to xo by a;; = —a;; for
i # j. Then (8) reads

F(xo + e + €)) — F(xo) = ay(F(xo + ¢;) — F(xo + ¢,)) , )
where ¢, for k = 1,2, 3 are the unit vectors in the three coordinate directions. Let

Tra;; = —T1iaj; be the value of a on the face ij translated in direction k, that is opposite
to ij for k # i, j. Then the star-triangle equations are:

Tidx3 _ Tdz T3 1
ans asy ap a2a3 + axaz; + asap
Note that solutions a; of these equations give rise via a; = zzj/(zz;) to

solutions z of the discrete BKP equation (also called Hirota—Miwa equation) on
fundamental cubes, which goes back to [59], see [15, Sect. 6.16] or [1]. A geometric
interpretation of the discrete Moutard equation and the star-triangle map is given
in [53].

Now, for the 3D-consistency of the discrete Cauchy—Riemann equations we
want to have the same equation on opposite faces of a fundamental cube as in
the examples above. Using the background on the 3D-consistency of the Moutard
equation and the star-triangle map we deduce that for any choice of real positive
weights w (corresponding to a), 3D-consistency of the discrete Cauchy—Riemann
equations (6) holds for a quad-graph D if and only if these weights satisfy additional
conditions for each flower of faces incident to an interior vertex, as the cubes then
share vertical faces. More precisely, the weights need to result from a (ramified)
rhombic embedding, see [15, Sect. 7.3] or [17] for a detailed proof of this statement.

2.3 Some Further Topics

The linear theory of discrete holomorphic functions has a long and still developing
history. This includes special functions which are analogous to the smooth case
like polynomials (see Example 2.3 and Exercise 2.4), discrete exponentials, discrete
logarithm and discrete Green’s function, see [17, 32, 35, 49, 58]. Also, further
properties and theorems of the smooth theory have found discrete analogues, see
in particular [8, 41]. As a strong link to the smooth case, convergence issues have
been studied, for example in [35, 58].
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3 Discrete Holomorphic Functions and Cross-Ratio Systems

Smooth holomorphic maps with nonvanishing derivative are called conformal.
These are locally injective, preserve angles and may be conceived as infinitesimal
scale-rotations. Therefore, on simply connected domains the derivative f’ of a
conformal map f satisfies f/ = e$ for some holomorphic function g. Note that
conformal maps are a subclass of holomorphic mappings, but away from the zeros of
the derivative every nonconstant holomorphic map is locally conformal. Therefore,
the restriction to conformal mappings is in general not essential.

We will now introduce a nonlinear discrete theory which is based on the
preservation of cross-ratios. Note this is essentially different from the linear theory
presented in the previous section although some links can be established, see
Sect. 3.3.

Recall that the cross-ratio of four mutually distinct points zy, z2,23,24 € C can
be defined as

(z1 — 22)(z3 — 24)

. 10
(20— 23)(z4 — 21) 1o

cr(z1, 22,23, 24) =

Smooth conformal maps f are characterized by the property that they preserve the
cross-ratio infinitesimally, in particular

cr(f(ez1). f(e22). f(e23). f (624)) = cr(z1, 22. 23, 24) + O(&?)

for ¢ > 0 small enough. The notation R(f, z1, 22, 23, 24, £) = O (&?) is used as abbre-
viation for |R(f,z1, 22, 23, 24, €)| < Ce* where the constant C = C(f, z1,22, 23, 24)s
possibly depends on f and zj, 22, 23, z4 but not on ¢. Recall that fractional linear
transformations m(z) = (az + b)/(cz + d) for a, b, ¢,d € C with ad — bc # 0, also
called Mobius transformations, form a special class of examples of conformal maps
which exactly preserve the cross-ratio.

As a discrete analog, we consider discrete conformal maps which preserve all
cross-ratios of the quadrilaterals of a given quad-graph. This concept was first
introduced in [11] in order to define discrete isothermic surfaces, but it already
contained discrete conformal maps in the plane. The 3D-consistency of the cross-
ratio equation was studied first in [45]. See also Sect. 3.4 for further references.

3.1 Definition of Discrete Conformal Functions

Again, we start with the square grid lattice as an important example.

Exercise 3.1 Check that all quads of the square grid lattice have the same cross-
ratio —1, in particular cr(n +imn+1+imn+1+im+1),n+i(m+ 1)) = —1.
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Example 3.2 (Square Grid Lattice) Consider the regular square grid lattice together
with a cyclic orientation of the vertices in every quad. Then all quads have the same
cross-ratio —1. In particular, f": Z%> — C is called discrete conformal (or discrete
holomorphic) if these cross-ratios are preserved, that is

er(F (x0). S (o) S (). ST (1) = =1 (= er(x0.y0.x1.31)) (1

holds for all squares using the notation of Fig. 5 (without any labelling on the edges).
The superscript cr again emphasizes the fact that this definition of holomorphicity
belongs to the area of cross-ratio systems. The reader should keep in mind not to
confuse discrete holomorphic functions satisfying (11) with those satisfying (4).
A connection between these two different notions of the same name is derived in
Sect. 3.3 via linearization of (11).

Equation (11) defines a 2D-system on the quad-graph Z2.This means that given
(generic) values of f on three of the four vertices of a quad, (11) determines the
fourth value.

Note that every Mdbius transformation is an example of a discrete conformal
map. This also hints the fact that these discrete conformal maps may (and should)
be studied in the context of Mobius geometry.

Discrete conformal maps on the square grid lattice may also be represented as
mapping of circle patterns. Recall that four points with real cross-ratio lie on a circle.
Thus for every quad there exists a circle where the grid points of Z? and their image
points are the intersection points of the circles of neighboring quads.

Exercise 3.3 Show that f': Z> — C, f*(m,n) = (m + in)> — (m — in) is discrete
conformal.

We now introduce the more general case of factorizable cross-ratios. Given a
planar b-quad-graph £, we assume that there exists a labelling «: E(D) — C \ {0}
on the edges such that in every quad opposite edges carry the same label as in Fig. 5
(left). Then f<': V(D) — C is called discrete conformal (or discrete holomorphic)
if

Qo

er(f (xo), f (o) f (x1) . f (1)) = (12)

a
holds for every quad. Instead of the labelling o we can also consider a labelling

9:75)(1)) — C \ {0} on the directed edges E)(i)) such that #> = o. Then
all quadrilaterals may be realized as parallelograms (or thombi in case of equal
lengths). Therefore we can start with a parallelogram immersion of £ and take the
cross-ratios of the quad to be 63 /67. (Again, these discrete holomorphic functions
are not to be confused with those defined in (6).)

More generally, given a b-quad-graph with cross-ratios on every face, we can
call a map discrete conformal which preserves all these cross-ratios. For a simply
connected domain, the existence of a labelling a: E(D) — C \ {0} as above is
equivalent to the fact that for every interior vertex the product of the cross-ratios
of the adjacent quads equals 1. In this presentation we will confine ourselves to the
case of factorizable cross-ratios with a given labelling « or 6.
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3.2 3D-Consistency and Bécklund Transformations

We now want to put the cross-ratio equation on the faces of a cube. The cross-ratio
equation (12) defines a 2D-system, since it determines the value of a function f at
the fourth vertex if the three other (generic) values of f' on the vertices of a quad
are known.

Consider a cube as in Fig. 4 (right) and assume that we put cross-ratio equations
on the faces of the cube. Similarly as in Sect. 2.2 we want to have the same equation
on opposite faces of the cube. This is guaranteed by the labelling of the edges such
that opposite edges carry the same label as in Fig. 4 (right). As for the linear theory
we can ask the question, if the four values at xo, yo, y1, x;r determine the value at xfr
uniquely.

This is indeed the case. First note that the cross-ratio equation (12) only depends
on the differences between the values of f' at the vertices. Thus we can assume
f(x9) = 0 without loss of generality in order to simplify formulas. By (12) we
have

O ) (@ — ar)

P = e — oo
oy _ L0000 — 4)
1706) For (e et — fr(vo) A
o) = FIEDON G — )

FEODA —fer (g )en
Straightforward calculations (which we leave as an exercise) show that
76

_ FTOO (1) (g ) (@0 — 1) (@0 — A)(ery — 2)
O (@r — A) + o) O e (A — ao) + £ (30)f (v1) A (e — o11)

is uniquely determined. Therefore the cross-ratio equation for factorizable cross-
ratios is 3D-consistent.

As adirect consequence we obtain Bicklund transformations (namely, /" defined
on the ‘upper layer’ x™, y™) for every given discrete conformal map f°".

Theorem 3.4 Given a discrete conformal function f on a b-quad-graph D with
factorizable cross-ratios given by a labelling « and a parameter A € C \ {0}, there
exists a discrete conformal function (f)T on the same b-quad-graph with black
and white coloring interchanged such that the values on ‘vertical faces’ are linked
via

. o
cr lcr’ Zcr, zcr)+’ (flcr)-i-) — I ,
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see Fig. 6 (right) for the notation. (f)* is called Bicklund (or Darboux) transfor-
mation and is unique when its value is fixed at one vertex.

Remark 3.5 1f the labelling « only consists of finitely many values {«;, ..., o, } we
can interpret the b-quad-graph as surface in the multidimensional lattice Z™. The
edges are labelled according to the corresponding unit vectors of the lattice. Thanks
to the 3D-consistency a given discrete holomorphic function may be extended to (a
part of) Z™ such that the cross-ratio equation holds on every two-dimensional face.

Remark 3.6 In the special case of real negative cross-ratios all quads are circular.
Then the 3D-consistency, that is the uniqueness of the eighth point (x?'), can
also be deduced from Miquel’s theorem (after a suitable Mobius transformation) as
intersection point of three circles, see for example [27] or [15, Sect. 3.1].

Remark 3.7 From a broader perspective on integrability, note that the cross-ratio
equation (3) can be considered as an integrable reduction of the integrable multiratio
system, also called discrete Schwarzian KP equation, see for example [52]. The
multiratio equation for a function 4 : Z*> — C (actually, & should be defined on the
Ajz-lattice) reads

(h(x0) = h(y)) (h(x1) = h(x")) (hOGY) = h(xg))

(h(v0) = h() (R 1) = hOD)) (h(x7) = h(xo))

in the notation of Fig. 4.

3.3 Linearization

In the following we will establish a link of this nonlinear theory based on the
preservation of cross-ratios with the linear theory of discrete holomorphic functions
introduced in the previous section.

Theorem 3.8 Consider a rhombic embedding of a b-quad-graph D with labelling
a = 02 where 0 are the directed edges of the rhombic embedding as in Fig. 5
(middle). Suppose that " : V(D) — C is a differentiable one parameter family
of discrete conformal functions with respect to the given cross-ratio system where
of = id is the identity and ¢ € (—&o,&0). Then g' = (df/de)|.=o solves the
discrete Cauchy—Riemann equations for the given rhombic embedding.

Proof Consider a quad as in Fig. 5 (middle). As f;" are discrete conformal

92
er (£ (o). £ (o) S5 (x1). £ (1)) = 9_02
i
= (1 (0) —fT00) (£ (1) — £ 0n)

92
= 3 (F700) — @) () —£70w) -
1
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we deduce by taking derivatives by ¢ at ¢ = 0 that

(g"(x0) — & o)) (F5"(x1) — £5" ()

——

=t + (fs(x0) —f5" () (8 (x1) — g“ ()
=—6o

2
=%@m)gm»ww) £ (x0))
1 ‘—/_’

=6

(}“ (o) —f57(x1) (85 On) — &' (x0)) -

1 N—— —_—
=—6

Now we easily see that this is equivalent to

g o) — &' () _ 0 — 6
glx) —glxo) 01+ 6o

3.4 Some Further Topics

Cross-ratio systems and their connection to integrability have been studied in many
aspects. As we have only touched the basis of this topic we refer the interested
reader to [15] and the references therein. In particular, convergence issues have been
considered in [57].

4 Circle Patterns as Discrete Holomorphic Functions

The Cauchy-Riemann equations (1) imply that a smooth conformal map, that
is a holomorphic map with nonvanishing derivative, is an infinitesimal scale-
rotation. In particular, conformal maps can be characterized by the properties
that angles are preserved and infinitesimal circles are mapped to infinitesimal
circles. Circle patterns can be interpreted as a finite version corresponding to these
characterizations.

Circle packings are configurations of touching circles where the underlying
combinatorics is a triangulation. These were first connected to conformal mappings,
in particular to the Riemann mapping theorem, by Thurston [70], see also [51]
and [69] and the references therein.

Circle patterns for given combinatorics and intersection angles have been
introduced and studied for example in [13,21, 62, 64, 65]. Furthermore the definition
of immersed circle patterns can be extended allowing cone-like singularities at
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vertices; see for example [13] and the references therein. Integrable circle patterns
have been studied for example in [10, 16, 17, 65]. Since then there have been various
further investigations in this theory, see Sect. 4.6 for some of the questions studied
for circle patterns.

As first motivating example we consider the square grid lattice Z2. If we intend to
preserve all (right) angles of the quadrilaterals, the configuration would be rigid up
to rescaling of the squares to rectangles (in a ‘row’ or ‘column’) and global scaling
and Euclidean motions. Therefore, we consider Z2 with bicolored vertices such that
every edge connects vertices of different color. Each quad then has two white and
two black vertices. Now we split the two conditions:

* intersection angles should be preserved at black vertices, whereas
* white vertices should be centers of circles, that is all its incident edges have equal
length.

For the square grid lattice we then obtain as a first example the regular circle pattern
with square grid combinatorics and orthogonally intersecting circles, see Fig.7
(left). But our definition also applies for other examples like Fig.7 (right) which
have the same combinatorics and intersection angles, but different radii.

In general, we can start with a planar b-quad-graph D. To every (abstract)
quadrilateral of O there corresponds an embedded kite built by two centers of
circles and two intersection points as in Fig. 8 (left). In particular, circle patterns €
are in one-to-one correspondence with immersed patterns of kites K with bicolored
vertices such that edges incident to a white vertex have the same length. Moreover,
the pattern of kites J is isomorphic to the given b-quad-graph . Note that there
are in general additional intersection points of circles which are not associated to
black vertices of D.

The exterior intersection angles «: F(D) — (0, 7) of two circles for neighboring
white vertices are considered as labelling on the corresponding faces of D or,
equivalently, on the edges connecting the corresponding white vertices. As we
consider discrete holomorphic functions we are interested in planar circle patterns.
This means that the chain of kites incident to a (white or black) vertex ‘closes
up’ such that this configuration is isomorphic to the corresponding configuration of
faces in . Therefore the intersection angles (=labelling) of a planar circle pattern

Fig. 7 A regular square grid circle pattern (left), a regular hexagonal circle pattern (middle) and a
more general orthogonal circle pattern (right, see also Fig. 10)
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Vi
xo Xj
Vi1

Fig. 8 Left: The exterior intersection angle o of two intersecting circles and the associated kite
built from centers and intersection points. Right: A kite of the circle pattern with labelled vertices
and (exterior) intersection angle o;

cannot be arbitrary. Namely, we call a labelling « of the faces admissible if the
angles for incident faces sum up to 27 at all interior black vertices v:

> a()=2r.

f incident to v

Also, we only consider immersed circle patterns which means that for every vertex
all incident kites have mutually disjoint interiors and intersect along a straight edge
or a vertex if and only if the corresponding quadrilaterals of D have an edge or a
vertex in common, respectively. If this condition holds for all kites of the pattern,
that is, not just locally, but globally, then the circle pattern is called embedded.

Note that embedded circle patterns are in one-to-one correspondence to Delau-
nay decompositions of (a domain in) C for a given set of points (= black vertices).
This is a cell decomposition such that the boundary of each face is a polygon with
straight edges which is inscribed in a circular disc, and these discs have no vertices
in their interior. The corresponding embedded circle pattern can be associated to the
graph G*. The Poincaré-dual decomposition of a Delaunay decomposition with the
centers of the circles as vertices and straight edges is a Dirichlet decomposition (or
Voronoi diagram) and corresponds to the graph G.

Moreover, circle patterns generalize planar circle packings which are configura-
tions of discs corresponding to a triangulation of a planar domain where vertices
correspond to discs and for each edge the two corresponding discs touch. Every
such circle packing can be understood as an orthogonal circle pattern by adding
circles corresponding to the triangular faces through the three touching points. The
corresponding intersection angles are all /2.

Example 4.1 Every rhombic embedding of a b-quad-graph is in fact the kite pattern
of a circle pattern which is even isoradial, that is all circles have the same radius.
Figure 9 shows an example corresponding to a Penrose tiling. Note that there is a
dual isoradial circle pattern corresponding to the b-quad-graph with white and black
vertices interchanged.
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Fig. 9 Example of a circle pattern and corresponding kite pattern (without bicolored vertices)

4.1 Definition of Discrete Conformal Functions

Discrete holomorphic functions can now be defined as correspondence of two circle
patterns with the same combinatorics (=isomorphic kite patterns) and the same
intersection angles.

Definition 4.2 Let €, and €, be two circle patterns for the same b-quad-graph
D and the same admissible labelling «. We interpret the kite pattern of €; as a
realization (in fact immersion) of &. The map f€: V(D) — C which maps the
white and black vertices of every kite to their corresponding vertices of the kite
pattern of €, is called discrete conformal (or discrete holomorphic). By abuse of
notation, we also write this discrete conformal mapping as f€: €, — ©,.

Remind that this is yet another definition of discrete holomorphicity which essen-
tially differs from those already introduced in Sects. 2.1 and 3.1. Some connections
will be revealed in Sects. 4.4 and 4.5. The superscript € should hopefully clarify that
we here consider discrete holomorphic functions in the context of circle patterns.

Example 4.3 As for cross-ratio systems, Mobius transformations are examples of
discrete conformal maps because they preserve intersection angles and additionally
map circles to circles. A more involved example, which is also connected to
integrability, is a discrete analog on of the smooth function z” presented and studied
in [2, 7, 12] for square grid combinatorics, see Fig. 10 for an illustration.
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Fig. 10 Tllustration of the discrete conformal map corresponding to z>/3 via orthogonal circle
patterns with square grid combinatorics

4.2 Characterization of Circle Patterns Using Radius
Functions

For a given b-quad-graph & and an admissible labelling o a corresponding circle
pattern € is completely characterized (up to global rotation and translation of the
pattern) by the radius function re = r which assigns to every white vertex x the
radius re(x) = r(x) of the corresponding circle € (x). Moreover, a function r defined
on the white vertices of <D is the radius function of a circle pattern if and only if at
every interior white vertex x, the angles at xy in the adjacent kites sum up to 2.
Consider in particular a kite with edge lengths r(xp) and r(x;) at the white vertices xo
and x; respectively and intersection angle «; € (0, ). Then the angle in this kite at
Xo may be calculated elementary and can be expressed as 2@, ( log r(x;)—log r(xo)) ,
where

1 1— x—if
Py(x) = - log —

2 T (42

and the branch of the logarithm is chosen such that 0 < @y (x) < 7.
The following proposition specifies a necessary and sufficient condition for a
radius function to originate from a planar circle pattern, see [13] for a proof.

Proposition 4.4 Let D be a b-quad-graph and let o be an admissible labelling.

Suppose that € is an immersed circle pattern for D and o« with radius function
r = re. Then for every interior white vertex xo with neighboring white vertices
X1,X2,...,X, (on adjacent kites) we have

(Z 29,,(log r(x;) — log r(xo))> —27=0. (14)

j=1
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Conversely, suppose that D is simply connected and that r: V,,(D) — (0, 00)
satisfies (14) for every interior white vertex xy € V,,(D) := {white vertices of D}.
Then there is an immersed circle pattern for D and o whose radius function
coincides with r. This pattern is unique up to isometries of C.

For the special case of orthogonal circle patterns with the combinatorics of
the square grid, there are also other characterizations of radius functions, see for
example [65].

Example 4.5 On the square grid lattice Z> the radius function r(z) = R for
fixed a € C\ {0} generates an orthogonal circle pattern called Doyle spiral, see [65].

Remark 4.6 (Connection to Discrete Harmonic Functions by Linearization) Recall
that the local embedding in the plane is ensured by the closing condition (14) for
the chain of kites incident to the white vertex xo. We can interpret this as a nonlinear
version of the Laplace equation for p = logr, thus logr may be considered as
‘discrete harmonic function’. This is also motivated by the following linearization.

Let r. for ¢ € (—&p,&0) be a differentiable family of radius functions for a
corresponding family of circle patterns for a b-quad-graph & and an admissible
labelling «. Then (14) implies

(Z 20, (logre(x;) —log rg(xo))) 27 =0

J=1

for every interior white vertex xy with neighboring white vertices xi, xa, ..., X,.
Differentiating this relation by ¢ at ¢ = 0 we obtain for u = (d/de)log re|.=0
that

0= Z 2¢;j(log ro(x;) — log ro(xo))(u(xj) — u(xo)) .
=1

This is the linear Laplace equation (2) on the graph built from the white vertices
as in Fig. 3 (left). The weights are obtained by an elementary calculation (left as an
exercise) as

[yj—1 — il
29, (lo ) —lo ==
a,( g 1o (X)) g ro(x0)) 5 — ol
with the notation from Fig. 8 (right). Note that kites have orthogonal diagonals,
so these weights also occur in the linear theory of discrete holomorphic functions,
see (6).

In analogy to smooth harmonic functions, the radius function of a planar circle
pattern satisfies a Dirichlet principle and a maximum principle.
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Theorem 4.7 (Maximum Principle) Let D be a b-quad-graph with some admis-
sible labelling a. Suppose €, and €, are two planar circle patterns for D and o
with radius functions ry, ry respectively. Then the maximum and minimum of the
quotient ry/r, is attained at the boundary.

If there exists an isoradial circle pattern for D and o, the usual maximum
principle for the radius function follows by taking r, = 1.

Proof Assume that the claim is not true, so there is an interior white vertex x, with
neighboring white vertices xi, ..., x, such that r(xy)/r2(xo) is strictly larger than
ri(x;)/ra2(xj) for j = 1,...,n. But then

r1(x;) - r1(xo) r1(xj) - ra(x;)
ra(x;)  ra(xo) ri(xo)  ra(x)

From this we will derive a contradiction using the closing condition (14) as r; and
r, are both assumed to be radius functions of circle patterns for £ and «. Note that
the derivative of @, defined in (13), is ®/,(x) = sine/(2(coshx — cosa)) > 0. So
@, is strictly increasing. Therefore, by Proposition 4.4

n

2w = Z 2@%. ( IOg r (x]') - log r ()C())) < Z 2@0[]. ( log r ()Cj) - 10g r ()C())) =2r
Jj=1 Jj=1

which is a contradiction. O

Theorem 4.8 (Dirichlet Principle) Let D be a finite simply connected b-quad-
graph with associated graph G and let « be an admissible labelling.

Let ry be some positive function on the white boundary vertices of D. Then r
can be extended to all white vertices of O in such a way that (14) holds at every
interior vertex xg if and only if there exists any immersed circle pattern for D and
a. If it exists, the extension is unique.

Proof The only if part follows directly from the second part of Proposition 4.4.

To show the if part, assume that there exists a circle pattern for G and « with
radius function R: V(G) — (0, 00). A function « : V(G) — (0, 0co) which satisfies
the inequality

( Y Pagea(logi(?) —logfc(zo))) —7>0

[z.20]€E(G)

at every interior vertex z € V;,;(G) will be called subharmonic in G. Let b be the
minimum of the quotient /R on Vy(G) and let k| be equal to r on Vy(G) and to bR
on V;;;(G). Then k is clearly subharmonic. The maximum of /R is attained at the
boundary, which is a simple generalization of the Maximum Principle 4.7. Let »*
be the supremum of all subharmonic functions on G that coincide with r on V3(G).
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Thus r* is bounded from above by the maximum of r/R on Vy(G) which is finite.
One easily checks that r* satisfies condition (14).
The uniqueness claim follows directly from the Maximum Principle 4.7. O

4.3 Characterization of Discrete Conformal Maps in Terms
of Radius and Rotation Functions

Similarly as for polar coordinates of the complex plane, a suitably defined rotation
function can be interpreted as a “dual” to the radius function.

Consider a discrete conformal map f€:€, — €, between two circle patterns
which are based on the same b-quad-graph £ and have the same labelling . Then
the radius functions r; and r, of these circle patterns give rise to a scale function
w(xg) = ra(xo)/r1(xp) defined at white vertices xo. At black vertices we can define
rotation variables: As the intersection angles and the combinatorics are the same
for both patterns, the ‘star’ of the edges incident to a black vertex yy is rotated by
w(yo) = €00 € S!. This defines a function § which is the relative turning angle at
black vertices. We require additionally that

20, 1og (’2(x+)) — 20, log (” ("+)) = §(y4) — 8(v-) (15)
ra(x-) ri(x-)
holds. Here the notation is taken from Fig. 11. Then § is uniquely defined up to
addition of a constant 27rn forn € Z.

Exercise 4.9 Show that the following relation holds for corresponding diagonals in
the circle patterns €, and €;:

o) —fC(-) = TV G602
FE€O+) —fCo v+ —y-I

This means that the diagonal connecting the black vertices y4+ and y_ in the circle
pattern €, is rotated by e!®0+)¥60-))/2 to the corresponding diagonal in €,.

Fig. 11 A face of O with
oriented edges and label «




176 U. Biicking

Remark 4.10 The function w can be used to characterize discrete holomorphic
functions. Assume that €, is a planar circle pattern for O and « with radius function
ri. Let r, be a positive function on the white vertices and let § be a real valued
function on the black vertices which satisfies (15) for every face of O. Then r, and
8 are the radius and rotation function of a planar circle pattern for O and «. This
circle pattern is unique up to translation.

Consider a kite of a circle pattern €; as in Fig. 11. The closing condition for
the corresponding kite of another circle pattern €, with same combinatorics and
intersection angles can be expressed as

ra(X-) s (=) ey
(- =y )—— T ) + O+ )rl(x_)e +
+ (y— —x4) ZE +; B0-) 4 (yp —xy) 2?3 B04) — 0. (16

If all kites of the circle pattern €, are rhombi (that is, the circle pattern is
isoradial), this closing condition yields the Hirota equation for the function w, so
with the notation of Fig. 5 (middle) we have

Bow(x0)wW(yo) + 01w(x)w(yo) — Oow(x)w(y;) — O1w(xo)w(y;) = 0 (17)

with the additional conditions w(x) € Ry and w(y) € S'.

Note that the Hirota equation (17) can be obtained by the change of variables w =
¢'#/2 from an integrable discretization of the sine-Gordon equation, first derived
in [46] and also called Hirota equation

sin — (¢(X1) ¢ (v0) =P (1) + ¢ (x0)) = —Sln (¢(x1) ¢ (o) + (1) — ¢ (x0)) -

4.4 3D-Consistency and Bécklund Transformations

For a link to integrability we use the connection of circle patterns to cross-ratio
systems.

Exercise 4.11 Show that the cross-ratio of a kite with intersection angle « corre-
sponding to a face with notation as in Fig. 11 is cr(x_, y_, x;,y4) = e*©.

Recall that integrability of the cross-ratio equation corresponds to factorizable
cross-ratios, so cr(x_,y—,x4,y4+) = €*® = 62/6? with the notation as in Fig. 11
and 6y = ey = e1, 1 = e; = ep. Therefore, a circle pattern for a b-quad-
graph D and a labelling « is called integrable if and only if there exists a rhombic
embedding of O where the rhombus corresponding to the face f has an angle «(f)
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at its black vertices (and w — «(f) at its white vertices). The existence of such a
rhombic embedding is equivalent to the existence of an isoradial circle pattern for
D and «. Examples of isoradial circle patterns are shown in Figs. 7 and 9. Note that
there always exists a dual isoradial circle pattern for the same combinatorics, but
with intersection angles (7 — &) and white and black colors interchanged.

The Hirota equation (17) for integrable circle patterns is 3D-consistent and gives
rise to Bicklund transformations. Let w be the scaling and rotation function corre-
sponding to two integrable circle patterns €; and €, with the same combinatorics
and intersection angles o, so w(x) € R for white vertices x and w(y) € S! for
black vertices y. For simplicity we assume that €; is an isoradial circle pattern
corresponding to a rhombic embedding with directed edges # € S, but the same
proof also applies in the general integrable case. Let A € $! be a parameter and fix
wt (xar ) € §! for x;r in the upper layer of the cube as in Fig.4 (left). Analogous
reasoning holds for fixed w* (yar ) € R4 instead. Then there exists a solution
wt of the Hirota equation on all faces of the cube satisfying w™(y*) € R, and
wt(xT) € S!. This leads to a circle pattern corresponding to the dual isoradial
circle pattern.

Proof Assume the values w(x) € Ry and w(yo), w(y1), w(xj), € S! are given.
Also we suppose that Re(w(yo)w(y;) — 6p61) > 0 such that we obtain a kite. Then
the Hirota equation (17) is equivalent to

Bow(yo) — 01w(y1)
Bow(y1) — 1w(yo)

w(x1) = w(xop)

The condition Re(w(yo)w(y;) — 6p6;) > 0 guarantees w(x;) € R,.. We assume that
analogous conditions hold for the ‘vertical’ faces of the cube which are incident to
xgr . This shows that the values w™ (yaL ), wt (y?L) obtained from the Hirota equation
on the corresponding faces of the cube are also real and positive. Now direct
calculations (which we leave as an exercise to the reader) show that

wixy)

_ WOWO) 01 (05 =A%) + W)Wy )0(A® — 6F) + who)WiyDA] — 67)
w(0)00(A2 — 07) + w(y1)01 (65 — A2) + wxg)AOF — 67)

is uniquely determined. O

Remark 4.12 As in the previous sections, the 3D-consistency of the Hirota equa-
tion (17) for circle patterns shows that the function w for an integrable circle pattern
whose combinatorics and intersection angles are given via a rhombic embedding
with only finitely many directions {6, ..., 6,;} can be extended to (a part of) Z¢ such
that the Hirota equation (17) holds on all 2-dimensional faces of the corresponding
d-dimensional cubes. This has for example been used to generalize the constructions
of discrete analogues of z¥ or log z, see [17, 23] and Fig. 12 for an example.
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Fig. 12 Example of a circle pattern corresponding to z°/* based on a Penrose tiling (thombic
embedding) with tenfold rotation symmetry
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4.5 Linearization

We consider the following linearization of the Hirota equation (17) for integrable
circle patterns which will again lead to discrete holomorphic functions from the
linear theory.

Theorem 4.13 For a b-quad-graph O and a labelling o which corresponds to a
rhombic embedding with directed edges 6 € S' let a differentiable one parameter
family w,: V(D) — C for e € (—&y, &) corresponding to integrable circle patterns
be given. In particular, wy = 1 and w,(x) is the radius function at a white vertex x
and w(y) is the turning angle compared to the given rhombic embedding. Then

dw, dl .
PR
~ de e=0 de e=0
1 d
re(x) = r(x) at white vertex x
re(x) de e=0

=i$ (y) atblack vertexy

5.0
(e_iﬁs ) de®®) )
de =0

solves the discrete Cauchy—Riemann equations for the given rhombic embedding.

Proof Consider a quadrilateral of the rhombic embedding labelled as in Fig.5
(middle). The Hirota equation (17) then reads

Oow, (x0)We(¥o) + 01we(x1)W:(y0) — Oowe (x1)Wo(y1) — 01w, (x0)ws(y1) =0 .
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Differentiating by ¢ at ¢ = 0 and using wo = 1 we deduce that

(F @) = f£0)) (B0 — 01) + (F 1) — f“(70)) (B0 + 61) = 0

O =6 _ o0 =f"00) _ i) —i800)
O +0 i) —fixo) i) =)

This shows that f* satisfies the discrete Cauchy—Riemann equations for the rhombic
embedding. O

Remark 4.14 The connection to the discrete Cauchy—Riemann equations (6) also
holds in the general case. Consider a kite as in Fig. 11 with edge lengths |eg| =
ler] = ro(xo) and |eg| = |e1| = ro(x1) from some circle pattern €, with radius
function ry. Assume given a differentiable one-parameter family of circle patterns
€, with the same combinatorics and intersection angles as €, and define the
corresponding quotient of radius functions and the rotation function by w,(x) =
re(x)/ro(x) and w,(y) = ¢'%0). Then wy = 1 and (16) reads

eoWe(X0)We (o) + e1We (x1)We (o) — oW (x1)We (y1) — e1We(xo)We(y1) =0 .
Define again f* = (w;'(dw./de))|,_,. Analogously as in the proof of the previous
theorem we obtain

(F ) = (o)) @0 — 1) + (F 1) — (o)) (eo + €1) = 0

-2 _flo0—f'o0) _ 801 —ibn)
ertey  flu) —fx) () /r(xn) = i(xo)/r(xo)

This shows that f* satisfies the discrete Cauchy—Riemann equations for the immer-
sion of the kite pattern given by the original circle pattern €.

4.6 Some Further Topics

During the last 30 years, the theory of circle packings and circle patterns has been
developed in many respects. Properties of circle patterns and discrete holomorphic
functions which are analogous to properties known from the smooth theory are of
special interest. This includes discrete analogs of special functions like polynomials,
7V, log, erf, see for example [2, 4, 7, 9, 10, 17, 65]. Also, rigidity of circle patterns
has been studied, for examples in [23, 42, 63]. A beautiful presentation of the theory
of circle packings, including computational aspects, is given by Stephenson in [31].

Convergence issues have first been investigated for circle packings by Rodin
and Sullivan in [63] and then further studied by He and Schramm in [43, 44].
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Similar results for circle patterns with square grid combinatorics have been obtained
in [55, 57, 65]. An approximation result for integrable circle patterns with irregular
combinatorics can be found in [22].

5 Conformally Equivalent Triangle Meshes

Recall that a smooth conformal map, that is a holomorphic map with nonvanishing
derivative, can be characterized as an infinitesimal scale-rotation. In the discrete
theory, this characterization may be translated into different concepts. In the
previous section we introduced circle patterns as discrete analogs. Here we consider
a discretization coming from a metric viewpoint: Infinitesimally, lengths are scaled
by a factor, i.e., by |f’(z)| for a smooth conformal function f. More generally, on
a smooth manifold two Riemannian metrics g and g are conformally equivalent if
g = e¥g for some smooth function s.

In the discrete setting, this idea of changing lengths according to scale factors
at vertices has been first applied by Luo in [56]. This initiated further research
exploring this concept, see for example [18, 40].

5.1 Definition of Discrete Conformal Maps

The smooth complex domain (or manifold) is now replaced in this discrete setting
by a triangulation of a connected subset of the plane C (or a triangulated piecewise
Euclidean manifold). A particular case is a (part of a) triangular lattice, that is, a
lattice triangulation of the whole complex plane C with congruent triangles, see
Fig. 13 (left). We will denote the vertices of the triangulation by v; € V and edges
will be written as e = [v;, v;] € E, where v;,v; € V are its incident vertices. For
triangular faces we use the notation A[v;, v;, v] enumerating the incident vertices
with respect to the orientation (counterclockwise) of C. Note that we do not consider
a combinatorial structure of a quad-graph (yet) in this theory.

We always identify the given triangulation in C (or immersed triangulation in
C which is locally an embedding around every vertex) with the corresponding
abstract triangulation 7. In particular, all (abstract) triangles always correspond to
embedded Euclidean triangles and also for every interior vertex the subcomplex
consisting of the flower of all incident triangles is embedded. Then we can study

Fig. 13 Left: Lattice

triangulation of the plane WANANAA \<
ANANANNS

with congruent triangles.
Right: Triangle with labelled AN

edges and inner angles V)
VAN
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Fig. 14 Example of a discrete conformal map f7 based on conformally equivalent triangulations

a length function LE — Ry = {x € R : x > 0} on the edges by taking for /
the edge lengths. This function [ plays the role of a discrete metric on 7.Thus for
an immersed triangulation we write (7', /). In the following, we will always use the
Euclidean metric to determine the length of an embedded edge [v, w] C C = R? of
an immersed triangulation 7, so [([v, w]) = |[v — w].

Now we can ‘translate’ the idea of changing a given metric by a conformal factor
as follows for the discrete case. Given a function s: V — R we scale the edge length
of the edge [v, w] by e¢™*+50")/2 which is the geometric mean of ¢’ and &*™).
If this leads to another locally embedded triangulation, this may be considered as
discrete holomorphic map. See Fig. 14 for an illustration.

Definition 5.1 Two immersed triangulations (7', ) and (7,7) with the same com-
binatorics of T are called conformally equivalent triangle meshes or conformally
equivalent (immersed) triangulations if the lengths of corresponding edges e =
[v, w] satisfy

I([v,w]) = I([v, w])et@)Fs0/2 (18)

for some function s: V — R. In this case, the mapping f7: V — C is called a discrete
conformal map (or discrete holomorphic map). By abuse of notation, we also call
fT:(T,1) — (T,1) a discrete conformal map of the corresponding conformally
equivalent triangulations. The function s is called (logarithmic) scale factors.

Note that (18) expresses a linear relation for the logarithmic lengths, that is
2log (I([v. w])) = 21og (I([v. w])) + s(v) + s(w) .

Again, the superscript T emphasizes that the previous definition of a discrete
holomorphic map refers to conformally equivalent triangulations and is not to be
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confused with discrete holomorphic functions considered in the previous sections.
Some connections are presented in Sects. 5.3 and 5.4.

In fact, the definition of a discrete conformal map relies on the more general
notion of discrete conformal triangle meshes. These have been studied by Luo [56],
Gu et al. [39, 40, 56], Bobenko et al. [18] and others.

Recall, that smooth conformal maps infinitesimally preserve length cross-ratios.
Also, a smooth function with nonvanishing derivative which preserves all infinites-
imal length cross-ratios is conformal or anti-conformal (i.e., d,f = 0). Note that
conformally equivalent triangle meshes may also be characterized by the fact that
they preserve the length cross-ratios: For two adjacent triangles A[v;, vj, vi] and
Alvg, vj, v;] with common edge [v;, vi] define

lery = I([vi, viDI([i, ve])
T vy o) (v vi])

Note that Icrj is the absolute value of the cross-ratio cr(zi, 22,23, 24) = (21 — 22)
(z2 — 23) 7" (z3 — 24)(z4 — 1) ™" of the four vertices v;, vj, Uy, Ug.

Exercise 5.2 Show that for the equilateral triangular lattice the length cross-ratio
for every edge [vj, v] is lcrjx = 1. Furthermore, calculate the values of the length
cross-ratio lcrj, for a general triangular lattice as in Fig. 13 (left).

Exercise 5.3 Let T be a simply connected triangulation. Show that f7: (T,]) —
(T,1) is a discrete conformal map if and only if for any edge [vj, ve] with two
adjacent triangles Av;, vj, v] and A[vg, v;, v/] the length cross-ratios for / and for [
agree: Icrj; = lcrj. (See [18, Proposition 2.3.2] for a proof.)

Furthermore, there exists a homeomorphism of two conformally equivalent trian-
gle meshes whose restriction to every triangle is a projective map. In fact, there is a
one-parameter family of such homeomorphisms including the piecewise linear map,
see [20]. In particular, there exists a homeomorphism between two conformally
equivalent triangle meshes whose restriction to every triangle is a projective map
onto the corresponding image triangle which also maps the circumcircle of this
triangle to the circumcircle of the image triangle. Note that the existence of such
a homeomorphism is equivalent to the fact that the corresponding triangle meshes
are conformally equivalent, see [18, Theorem 2.7.2].

5.2 Characterization of Discrete Conformal Maps
by Logarithmic Scale Factors

Similarly as in the case of circle patterns and their radius functions, we can
characterize conformally equivalent triangulations in terms of the logarithmic
scale factor s on the vertices (up to Euclidean motions). Consider an immersed
triangulation (7', [) with edge lengths I([v,w]) = |v — w| where | - | denotes the
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Euclidean metric on C = R2. Given any function s: V — R we can assign new
lengths to the edges according to (18) by

I([v, w]) = v — wletI T2, (19)

In order to obtain new triangles with these lengths (and ultimately a discrete
conformal map) the triangle inequalities need to hold for the edge lengths I on each
triangle. If we assume this, we can embed the new triangles (respecting orientation)
and immerse sequences of triangles with edge lengths given by I as in (19). In
order to obtain a discrete conformal map, in particular a local homeomorphism,
the interior angles of these triangles need to sum up to 27 at each interior vertex.

The angle at a vertex of a triangle with given side lengths can be calculated. With
the notation of Fig. 13 (right) we have the half-angle formula

tan(g):\/(—b—i—a—i—c)(—c—i—a—i—b):\/M' 0

2 (b+c—a)a+b+c) (b/a+c/a)? —1

The last expression emphasizes the fact that the angle does not depend on the scaling
of the triangle. In particular, we define the function

1— (e—x/2 _ e—y/2)2
(e—x/2 + e—y/2)2 -1 ’

®(x,y) = 2arctan \/
so (20) can be written as
b c
o =0y with—-=e"?and - =e?.
a a
Summing up, we have the following characterization of scale factors associated

to discrete conformal maps.

Proposition 5.4 Let T be a triangulation and let s: V — R be a function satisfying
the following two conditions.

(i) Forevery triangle Alvy, v, vs] of T the triangle inequalities for [ defined by (18)
hold, in particular

lv; — vj|e(5(vi)+3(vj))/2 < v — vk|e(S(vi)+s(vk))/2 + |Uj _ vk|e(3(vj)+5(vk))/2

for all permutations (ijk) of (123).
(i) For every interior vertex vy with neighbors vy, v, ..., U, Vk+1 = vy in cyclic
order we have

k

> " O(A(vo. vy V1) + 5(vi41) — $(v0). A(v0. V1. V) + 5(v)) — $(v0)) = 27
i=1
: e



184 U. Biicking

where A(vg, vy, v:) = 21og(|vp — ve|/|va — Vp|) for a triangle Alv,, vp, V).

Then there is a discrete conformal map (unique up to post-composition with
Euclidean motions) such that its associated scale factors are the given function
s:V—> R

Conversely, given a discrete conformal map between two conformally equivalent
triangulations, its associated scale factors s : V — R satisfy conditions (i) and (ii).

Example 5.5 (Analogues of Doyle Spirals) Consider the equilateral triangular
lattice Z + ¢7/3Z. Let A,B > 0 such that there exists a nondegenerate triangle
with edge lengths A, B and AB. Then s: Z +¢e"/3Z — R defined by s(m +¢e""/3n) =
2mlogA + 2nlog B are the logarithmic scale factors of a discrete conformal map.

This can be easily seen as follows. Consider the triangle A, with vertices 0, 1
and ¢'"/3. By construction, A, is mapped to a triangle with edge lengths A, B and
AB. Any translation of A, say the triangle with vertices m + ne™/3, m 4 1 4 nel™/3
and m + (n + 1)e/3 is mapped to a triangle with edge lengths A2"+1 B2, A>" g2 +1
and A?"T1B2"+1 which is a scaled version of the first image triangle. Note that at
any vertex there are three incident triangles which are translations of A. Thus the
three image triangles sharing a common vertex have angles at this vertex which add
up to 7. An analogous reasoning applies for the triangle Ao with vertices 0, 1 and
e17/3 and its translates. Therefore the angles of all six image triangles which share
a common vertex add up to 27r. Thus we can apply Proposition 5.4.

Note that this example gives an analogue of Doyle spirals which have been
considered for circle packings for example in [9, 69].

Exercise 5.6 Let o, 8,y € (0,7) be such that « + 8 + y = . Consider the
triangular lattice (sin 8)Z + (e!® siny)Z as in Fig. 13 (left). Let A, B > 0 such that
there exists a nondegenerate triangle with edge lengths A sin 8, Bsin y and AB sin «.
Show that s: (sin 8)Z + (¢ siny)Z — R defined by s(msin 8 + e sinyn) =
2mlog A + 2nlog B are the logarithmic scale factors of a discrete conformal map.
See Fig. 15 for an example.

5.3 Linearization

Discrete holomorphic maps based on conformally equivalent triangle meshes can
also be related to the linear theory of discrete harmonic and holomorphic functions
via suitable linearization.

Note that (21) may be considered as a nonlinear Laplace equation. This can
also be justified by the fact that for the linearization we obtain the well-known cot-
Laplacian.

Theorem 5.7 Consider a differentiable one parameter family of logarithmic scale
factors s.:V — R, & € (—&y, &) for a family of conformally equivalent immersed
triangulations (T, l,). Assume that sy = 0. Then u = (ds./de)|.=0 is harmonic with
respect to the cot-Laplacian on (T, ly). In particular, let vy be an interior vertex with
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Fig. 15 Example of a part of
a “Doyle spiral” for
conformally equivalent
triangular lattices

neighbors vy, vy, ..., Uk, Vg+1 = V1 in cyclic order. Then

n
1 _
Z E(COt otf‘voylm + cot aﬁ:)'j)k])(u(vk) — u(vo)) =0,
k=1
where ozf‘v;}w] and a{‘vﬂ)k] are the two angles opposite to the edge [vg, vi] in the
triangles Alvg, vg—1, vi] and Alvg, v, vi+1, ] in (T, ly) respectively.

Proof First, consider a single triangle. Observe with the notation of Fig. 13 (right):

ap 1
— = ——coty.
da a

Thus, we easily deduce that

9 o210 (¢ + e 2100 (¢ = Lot
% og | - &.2log| 5 :O—zcoy.

Now the claim follows by differentiation of relation (21) for s, by ¢ at ¢ = 0. |

As in the case of cross-ratio systems and circle patterns, a suitable linearization
connects discrete conformal maps for conformally equivalent triangulations to the
linear theory. To this end, consider a triangulation (7', /y) with equilateral triangles,
that is (without loss of generality) Iy = 1. Let (T,/l,) be a differentiable one
parameter family of triangulations which are conformally equivalent to (7, [y) with
logarithmic scale factors s, : V — R. In particular sy = 0. Define f*(v) = u(v) =
(dse(v)/de)|e=o as in Theorem 5.7 for vertices v of the triangulation. In order to
obtain a discrete Cauchy—Riemann equation we need to define ‘dual’ variables at the
dual vertices located at the centers c of the equilateral triangle, see Fig. 16 (left). (For



186 U. Biicking

Fig. 16 Left: Two adjacent triangles with centers and circumcircles with interior intersection angle
¥ (where & = 27/3 for equilateral triangles). Right: A flower of a triangulation, here in particular
of an equilateral triangulation

equilateral triangles, the circumcenter coincides with the barycenter and many more
triangle centers. Therefore, this regular case does not hint which of these centers
might be important in a more general case.) Denote by p.(v) € C the location of
the vertex v in the triangulation (7, ;) and assume that py = id. On an edge [vy, v;]
we have by assumption

Pe(v2) — pe(v1) = el (W) +s5:(12))/2 eiﬁs([vwz])(vz — 1),

where §.([vy, vp]) is the rotation angle of the edge (which can be chosen to
be differentiable in ¢). Define n([vy,v2]) = (d8.([v1,v2])/de)|e=o to be the
infinitesimal rotation of the edge [v;, v;]. Summing up,

_ (M(Ul) + u(vy)
e=0

i(]78(”2) _ps(vl)) B

de

+infon ) )=o)
The closing condition for the triangle A [vy, v,, v3] reads

pE(UZ) _ps(vl) +ps(v3) _pE(UZ) +ps(v1) _ps(v3) =0.

Differentiating this equation by ¢ at ¢ = 0 gives

u(v2) + u(vs)

(M(Ul) + u(vs)
2

5 +in([vr. Uz])) (vz—vl)+(

n (M(U3) + u(vy)

Fin(on, vs]))(va 1)

5 + in([vs, Ul])) (vi—v3)=0. (22)
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As Aplvy, v2,v3] is an equilateral triangle, elementary geometric considerations
yield

1. 1.
vy — v = —%1(03 —vy) + ﬁl(vl —v3),

1. I,

V3 — Uy = —%1(1)] —v3) + %1(112 -1,
1. I,

v — U3 = —%1(1)2 —vy) + %1(1)1 —v3) .

Inserting these relation into (22), we obtain

0 = n([vr, v2])i(v2 — v1) + n([v2, V3])i(vs — v2) + N([v3. V1]i(vr — v3)
) + utw) 1

2 V3
uwa) + uton) 1

2 NE]
utwn) 4 utv) 1

2 V3

- (%\g(m) + n([vy, vz]))i(vz —v)
u(vs) — u(vy)

* (T
u(vy) — u(v3)
(A

Note that any two of i(v, — v1), i(v3 — v3), i(v; — v3) are linearly independent over
R and these three terms add up to 0. Therefore, we deduce that all three terms in
the big brackets are equal. In particular, we have shown the existence of a variable
ff(c) = w(c) which is associated to the center ¢ of Ag[v1, va, v3] and is defined by

(i(vr — v3) —i(v3 — )
(i(l)z — U]) — i(U] — 1)3))

(i(vs —v1) —i(v2 — V1))

T (o v31>)i(v3 )

+ n([v3, Ul]))i(vl —v3) .

) = w(e) = n([vr. val)i + %(u(vz) )i

= en. )i 5 () = )
= n([vs, viDi+ z—\l/g(u(m) — u(v3))i.

For two adjacent triangles of T we therefore obtain in the notation of Fig. 16 (left)
the discrete Cauchy—Riemann equations for f¢, where f(v) = u(v) and f'(c) =
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w(c), so

ﬂm#%Wﬁ%Wm%ﬂm)

) —ff e _,
e =)

Uy — Vg

—

Cd — Cy

5.4 Towards Integrability for the Equilateral Triangular Lattice

In the following we introduce a characterization of discrete conformal maps
based on conformally equivalent triangulations which may lead to a connection to
integrability.

First note that any configuration of four mutually distinct points z;, 22, 23, 24 In
the complex plane (respecting this labelling) is determined up to Mobius trans-
formations by the cross-ratio cr(zy, z2, 23, 24), as defined for example in (10). For
simplicity, we restrict ourselves to immersed triangulations which are conformally
equivalent to the equilateral triangular lattice. Therefore, all length cross-ratios are
supposed to be one and the cross-ratio cr(vy, v4, V2, v3) =: ¢!’ € $! is unitary [with
notation of Fig. 16 (left)] and can be associated to the undirected edge [vy, v2].

Exercise 5.8 Let vy, v,, v3, v4 be four mutually distinct points with unitary cross-
ratio cr(vy, vy, v2,v3) =: e” € §'. Show that ¥ is the interior intersection angle
between the circumcircles of the triangles A[vy, v, v3] and Afvy, v4, V5], see Fig. 16
(left) for the notation.

Now consider an interior vertex vy with its six neighbors vy, v,, v3, V4, Vs, Vg as
illustrated in Fig. 16 (right) and the corresponding triangles A[vo, v, vj41] for j =
1,...,6, where the indices are taken modulo 6. We consider the variables g; =
cr(vg, Vj—1, v, Vj+1) € S' defined on the edges [vg, vj]. As these cross-ratios are
invariant under Mobius transformations we can map vy to oo by a suitable Mobius
transformation. Then the circumcircles of the triangles are mapped to lines and form
a polygon as illustrated in Fig. 17 (left). As all length cross-ratios are supposed to
be one this hexagon has edges of equal length. Now the closing condition for the
directed edges of this hexagon translates into the equations

1 = q1929394959s . (23)
0=1-—q + 9293 — 429391 + 92939495 — G243G195G5 (24)
0=1-—g¢ + g695 — 969594 + 96959493 — 4695949392 - (25)

These are conditions on the variables g; € S! (defined on the edges) for a cycle
in the dual graph T* of the given equilateral triangulation 7. Note that there are
additional conditions on the gs in order to obtain an embedded configuration. In
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Fig. 17 Left: The circumcircles of a flower after a suitable Mobius transformation. Right:
Integrable labelling o;; € $! of the edges such that ¢; = o /c; where (klj) is a cyclic permutation
of (123)

particular, ¢ = !’ with & € (0, ) and condition (23) translates into

6

Y (m—b)=2x.

j=1

Example 5.9 (Mobius Transformations of Doyle Spirals) A special solution
of (23)—(25) is given by the cross-ratio system which provides a first link to
integrability. Consider a labelling with labels o, 0,3 € $! on the edges of
the equilateral triangulation 7 such that parallel edges carry the same label.
Furthermore, the indices of the labelling are chosen with respect to the orientation of
the plane, so for a counterclockwise orientation of the edges the labellings oy, o, o;
are a cyclic permutation of o, a0, o3, see Fig. 17 (right).

Similarly as for cross-ratio systems, we now associate the variable ¢; = o /«;
to the edge carrying the label o; such that (kjl) is a cyclic permutation of (123). If
we set gj+3 = ¢; for j = 1,2,3 we obtain a solution of conditions (23)—(25). If
additionally ¢; = e with 19 € (0,m) forj = 1,2,3, we obtain a solution which

corresponds to a conformally equivalent immersed triangulation T. To be precise,
we fix the (nondegenerate) image of one triangle and recall that variables g; then
determine the images of the vertices for the whole lattice.

Due to the special construction, these triangulations 7 are linked to Example 5.5,
in fact they are images of one of these examples by a Mobius transformation.

This can be seen by considering two triangles Ay and A; sharing a vertex
which can be identified in the original equilateral triangulation 7" by a translation.
If we consider the two images Ao and Al in T of these triangles and the Mobius
transformation M, mapping the vertices of triangle A, onto the corresponding
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vertices of A~1, we observe that this Mdbius transformation maps all vertices of T
onto themselves due to our special (periodic) choice of variables g;. There is a third
triangle A, sharing a vertex with both Ay and A; which can be identified with A in
T by a translation. Analogously as before, we consider the Mobius transformation
M, mapping the vertices of triangle Ay onto the corresponding vertices of As. Again
we observe that this Mobius transformation maps the whole lattice of vertices of T
onto itself. Furthermore, the two Mobius transformations commute by construction.
Therefore, M; and M, have either both one single fixed point or both two fixed
points and these fixed points agree. Mapping one of the fixed points to infinity, the
Mobius transformations M and M, are changed to a translation in case of only
one fixed point and show that the lattice was in fact only the image of the original
equilateral triangulation by a Mobius transformation. In the remaining case we
obtain an immersed triangulation which covers the whole complex plane except for
one point (the image of the second fixed point). Also, all images of the triangle A
are similar to each other. Therefore, we arrive at the same immersed triangulations
as considered in Example 5.5.

5.5 Some Further Topics

Discrete conformal maps based on conformally equivalent triangulations are the
most recent of the presented discrete analogous of smooth holomorphic mappings.
Therefore, this theory is still developing and contains many open questions for
further research. In particular, the link to former theories as circle patterns or
discrete Cauchy—Riemann equations is not yet fully understood. Some promising
connections have been established by Lam in [54] using discrete holomorphic
differentials.

As possible application, discrete conformal maps can be used for discrete
uniformization. The simplest case is a discrete Riemann mapping theorem, i.e. the
problem of finding a discrete conformal mapping of a simply connected domain
onto the unit disc. A first answer in this direction has been given in [39] where
changes of the combinatorics of the triangulation are allowed. Similarly, we may
consider a related Dirichlet problem. Given some function s3 on the boundary of a
finite triangulation 7', find a discrete conformal map whose associated scale factors
agree on the boundary with s3. For such a Dirichlet problem (with assumptions on
s5 and T) existence and an approximation result have been proven in [24]. Rigidity
questions have first been addressed by Wu, Gu and Sun in [71] who also first
described analogs of Doyle spirals. Nevertheless, rigidity and convergence results
for irregular triangulations still remain an issue.

Given an immersed triangulation (7', [), the problem of actually computing the
scale factors s for given boundary values s such that s gives rise to a conformally
equivalent triangle mesh (in case it exists) can be solved using a variational principle
for a convex functional, see [18, 68].
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Discrete Integrable Systems, Darboux
Transformations, and Yang-Baxter Maps

Deniz Bilman and Sotiris Konstantinou-Rizos

Abstract This chapter is devoted to the integrability of discrete systems and their
relation to the theory of Yang—Baxter (YB) maps. Lax pairs play a significant
role in the integrability of discrete systems. We introduce the notion of Lax pair
by considering the well-celebrated doubly-infinite Toda lattice. In particular, we
present solution of the Cauchy initial value problem via the method of the inverse
scattering transform, provide a review of scattering theory of Jacobi matrices, and
give the Riemann—Hilbert formulation of the inverse scattering transform. On the
other hand, the Lax—Darboux scheme constitutes an important tool in the theory
of integrable systems, as it relates several concepts of integrability. We explain the
role of Darboux and Bécklund transformations in the theory of integrable systems,
and we show how they can be used to construct discrete integrable systems via the
Lax—Darboux scheme. Moreover, we give an introduction to the theory of Yang—
Baxter maps and we show its relation to discrete integrable systems. Finally, we
demonstrate the construction of Yang—Baxter maps via Darboux transformations,
using the Nonlinear Schrédinger (NLS) equation as illustrative example.

1 Introduction

Discrete systems, namely systems with their independent variables taking discrete
values, are of particular interest and have many applications in several sciences as
physics, biology, financial mathematics, as well as several other branches of mathe-
matics, since they are essential in numerical analysis. Initially, they were appearing
as discretizations of continuous equations, but now discrete integrable systems, and
in particular those defined on a two-dimensional lattice, are appreciated in their own
right from a theoretical perspective.
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As in the continuous case, the definition of integrability for discrete systems
is itself highly nontrivial; there are several opinions on what “integrable” should
mean, which makes the definition of integrability elusive, rather than tangible. In
fact, a comprehensive definition of integrability is not yet available. As working
definitions we often use the existence of a Lax pair, the solvability of the system by
the inverse scattering transform method, the existence of infinitely many symmetries
or conservation laws, or the existence of a sufficient number of first integrals which
are in involution (Liouville integrability). For infinite dimensional systems, the
existence of a Lax pair provides a change of variables (through “scattering data”
associated to the Lax operator) which linearizes the flow. Thus, existence of a Lax
pair can be taken as a practical definition for integrability for systems with infinite
dimensional phase space, e.g., PDEs. For more information on what is integrability
one can consult [128] and the references therein.

Historically, the study of discrete systems and their integrability earned its
interest in late seventies; Hirota studied particular discrete systems in 1977, in
a series of papers [58—61] where he derived discrete analogues of many already
famous PDEs. In the early eighties, semidiscrete and discrete systems started
appearing in field-theoretical models in the work of Jimbo and Miwa; they also
provided a method of generating discrete soliton equations [25-29]. Shortly after,
Ablowitz and Taha in a series of papers [113—115] are using numerical methods in
order to find solutions for known integrable PDEs, using as basis of their method
some partial difference equations, which are integrable in their own right. Moreover,
Capel, Nijhoff, Quispel and collaborators provided some of the first systematic tools
for studying discrete integrable systems and, in particular, for the direct construction
of integrable lattice equations (we indicatively refer to [95, 104]); that was a starting
point for new systems of discrete equations to appear in the literature.

In 1991 Grammaticos et al. proposed the first discrete integrability test, known
as singularity confinement [52], which is similar to that of the Painlevé property for
continuous integrability. However, as mentioned in [53], it is not sufficient criterion
for predicting integrability, as it does not furnish any information about the rate of
growth of the solutions of the discrete integrable system.

As in the continuous case, the usual integrability criterion being used for discrete
systems is the existence of a Lax pair. The existence of such pair is the key point
to the integrability of a nonlinear system under the inverse scattering transform.
On the other hand, Darboux transformations (DTs) associated to Lax operators
constitute very important tools in the theory of integrable systems, since they link
continuous integrable systems to discrete integrable ones. Moreover, the study of
Darboux transformations gives rise to several other notions of integrability, such as
Bécklund transformations (BTs), conservation laws, symmetries etc. Additionally,
the associated Darboux matrices can be used to construct Yang—Baxter maps.
Yet another significant integrability criterion for difference equations and systems
of difference equations is the so-called 3D-consistency and, by extension, the
multidimensional consistency, which were proposed independently by Nijhoff in
2001 [94] and Bobenko and Suris in 2002 [19]. As we shall see later on, there is a
strict relation between the 3D-consistency and the Yang—Baxter equation.
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This chapter splits into two logical parts: In the first part, namely Sect.2, we
explain the basic steps of the inverse scattering transform method for solution of
the Cauchy initial value problem for an integrable equation, using as illustrative
example the famous doubly-infinite Toda lattice: a discrete space—continuous time
system. More specifically, we begin with the classical problem of a doubly-
infinite one-dimensional chain of interacting particles, which becomes completely
integrable (the Toda lattice) if the interaction potential is the Toda potential. As is
well-known, the Toda lattice equations can be recast as an isospectral deformation
on Jacobi matrices and this gives rise to the existence of a Lax pair. Thus, we
move on to cover scattering theory for doubly-infinite Jacobi matrices, introduce
the direct scattering transform and scattering data associated with a Jacobi matrix.
Then, we cover the time evolution of the scattering data under the dynamics induced
by the Toda lattice equations, and discuss the Riemann—Hilbert formulation of the
inverse scattering transform. We finally give a brief description and literature survey
of analogous techniques applied to the finite Toda lattice and periodic Toda lattice
systems.

In the second part, namely Sects.3 and 4, we introduce the Darboux—Lax
(or Lax—Darboux) scheme [16, 70, 87, 89] and we show the relation between
Darboux transformations and discrete integrable systems. Moreover, we show
the relation between the 3D-consistency and the Yang—Baxter equation, and we
show how, using Darboux transformations, we can construct Yang—Baxter maps
which can be restricted to completely integrable ones on invariant leaves. More
specifically, in Sect.3 we give a brief introduction to Darboux and Bécklund
transformations and their role in the theory of integrable systems. Then, we explain
the basic points of the Darboux-Lax scheme, and we demonstrate them using the
nonlinear Schrodinger (NLS) equation as an illustrative example. In particular,
studying the Darboux transformations associated to the NLS equation we first derive
a discrete integrable system, for which we present the initial value problem on the
staircase. Then, using certain first integrals we reduce this discrete system to an
Adler—Yamilov type of system [8]. Moreover, in the same way we construct the
discrete Toda equation [108]. In Sect. 4 we give an introduction to equations on quad
graphs & the 3D-consistency criterion, and we present some recent classification
results. Then, we give and introduction to the theory of Yang—Baxter maps, namely
set-theoretical solutions of the Yang—Baxter equation, and we explain their relation
with 3D-consistent equations. We focus on those Yang—Baxter maps which possess
Lax-representation and we show how one can construct them using Darboux
transformations. As an illustrative example we use the Darboux transformation of
the NLS equation, which was presented in Sect. 3, and we use it to construct a six-
dimensional Yang—Baxter map [68]. The former can be restricted to the completely
integrable Adler—Yamilov map on symplectic leaves [68].
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2 The Toda Lattice

2.1 One-Dimensional Chain of Particles

Consider the classical problem of one-dimensional chain of particles on a line with
nearest neighbor interactions as depicted in Fig. 1. Assume that each particle has
unit mass, and that there are no impurities, i.e., the potential energies of the springs
between the particles are identical. In this treatment, our focus is going to be the
doubly-infinite lattices. Therefore, unless otherwise noted, we assume that there are
infinitely many particles on a line. We let V: R — R denote the uniform interaction
potential between the neighboring particles. With the aforementioned assumptions,
the equations of motion that govern this system are given by

d*q,

dt2 = V/(CIn-‘rl - Qn) - V/(QH - qn—l) ) ne”Z s (1)

where g, stands for the displacement of the nth particle from its equilibrium
position. If V'(r) = dV(r)/dr, that is if V'(r) is proportional to r, that is V is
a harmonic potential, then the force which governs the interaction between the
particles is linear. In this case, the solutions are given by superpositions of normal
modes and there is no transfer of energy between these modes.

The general belief in the early 1950s was that if a nonlinearity is introduced in the
interaction of these particles, then energy would flow between the different modes,
eventually leading to a stable state of statistical equilibrium, i.e., thermalization. In
the summer of 1953 at Los Alamos National Laboratory, E. Fermi, J. Pasta, and
S. Ulam, together with M. Tsingou, set out to numerically study the thermalization
process in solids by conducting one of the first-ever numerical experiments using the
first electronic computer MANIAC—Mathematical Analyzer, Numerical Integrator
and Computer. To model solids, they used the aforementioned one-dimensional
chain of particles with 32 particles and 64 particles, equipped interaction potentials
which had weak nonlinear terms. More explicitly, they considered the potentials

Vu(r) = %rz +art, Vi) = %rz + Brt, )

nonlinear springs — ‘ . N .
q, (1): displacement of the n 1 particle

from its equilibrium position

Fig. 1 One-dimensional chain of particles with nearest neighbor interactions
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with « and B being small and positive constants. The expectation was to observe
equipartition of energy as time elapses due to the presence of nonlinear contributions
in the potentials. One day, they forgot to terminate the experiment and it went
on over the weekend. To their surprise, they found that the system exhibited
quasiperiodic behavior. The energy of the system revisited the initially excited
modes and the initial state was almost exactly recovered. This phenomenon, known
as the FPU recurrence, has been studied from various perspectives, including
ergodicity, Poincaré recurrence theory, and KAM theory (see [31] for a survey
article on the so-called FPU Experiment, [46] for an earlier article and the references
therein.) Ten years after the experiment, Kruskal and Zabusky made the ground-
breaking discovery of the ‘“soliton” solution of the Korteweg—de Vries (KdV)
equation in their pioneering work [127]. Zabusky and Kruskal coined the name
‘soliton’ to these traveling “solitary wave” solutions of the KdV equation because
they retained their speed and shape upon interacting with such other waves—
they interacted as particles. The observation that the lattices used in the FPU
Experiment approximated KdV equation [127], which exhibited solitonic behavior,
in an appropriate continuum limit provided an explanation for the FPU recurrence.
This work led to a big growth in research on nonlinear waves, particularly on
solitons. It also triggered a search for an interaction potential for which the resulting
lattice system possesses traveling solitary wave solutions. In 1972, while working
on elliptic functions, M. Toda considered the exponential interaction potential
(see Fig.2)

VToda(r) =e "+r—1, 3

and found out that the resulting lattice, now known as the Toda lattice, has soliton
solutions.

The Toda potential (3) leads to an explicit form of the evolution equations (1),
namely:

d’q,
dr?

— eqll_qll+l _ eqn—l_qn , ne Z , (4)

Fig. 2 The graph Vv
V = Vpoaa(r)
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where we suppressed the time dependence of g." If we denote the momentum of the
nth particle at a time ¢ by p,(f), then we can rewrite (4) as the first-order system:

dp, (g _ _ dg,
—e qn—qn—1) e (Gn+1—4n) , P , 5
T G P (%)

for each n € Z. If we assume that g,,+; — g, — 0 and p,, — O sufficiently fast as
|n| — oo, we can recast (5) as a Hamiltonian system of equations

dpn __3H(p.q)  dgn _ IH(p.9)

N Todt opu

dr gy ©

with the Hamiltonian # (p, q):

1
Jf’(P, Q) = e}Ig'l‘oda(p» Q) = Z Epi + VToda(qn+1 - Qn) . @)
neZ

2.2 Solitons

As mentioned earlier, the doubly-infinite Toda lattice has soliton solutions. Solitons
are localized traveling waves (solitary waves) which interact like particles: they pre-
serve their shapes and speeds after interacting with another wave. If two 1-solitons
interact, no dispersive wave is generated after the interaction. A 1-soliton solution
travels with a constant speed and constant amplitude, which are proportional. 1-
soliton solutions for the displacements in the Toda lattice are given explicitly by the
following 2-parameter family:

®)

_ a2 —2k(n—1)—2koct
a0 = qr +1<>g(1 +r/(Ze e ) :
n 1+ ()//(1 _ e—ZK))e—ZKn—ZKocz
where y > 0, k > 0 is the wave number, ¢ = (sinhk)/x > 1 is the speed of
propagation, and ¢ = =1 is the constant determining direction of propagation.
Here gr = lim,,—, 4+ o ¢, (¢) for all finite ¢. See Fig. 3 for a plot of such a solution.
In fact there are N-soliton solutions, for N € N, whose formulae are of the form

det(I, + C™(n, 1)) )

M) = + lo (
an (1) = gr +log det(I + CNI(n + 1.1))

®)

'"We employ two notational conventions in this section. We use bold capital letters to denote a
matrix, say A, and use the regular capital type of the same letter to denote its entries: A;. Whenever
it is clear from the context, we use x to denote a sequence {x,},c7.
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Fig. 3 One-soliton solution an (0)
of the Toda lattice at time L4}
t=0
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where I, is the N x N identity matrix. The entries of the N x N matrices C (n, 1)
are given by

Vi, D(n, t R I
Cg-vl(n, t) = (M) , )/j(n, l‘) = ye 2kjn—20; sinh(k;)t i

1— e—(Kj-‘rKk)

for y; > 0, k; > 0, and 0; € {—1, 1}. The case N = 1 coincides with the 1-soliton
solution (8). Asymptotically, as t — oo, the N-soliton solution can be written as a
sum of 1-soliton solutions as was proved in [78].

We shall see below that these solutions are reflectionless solutions since the
reflection coefficient in the associated scattering data is identically zero.

2.3 Complete Integrability and Scattering Theory

Complete integrability of the Toda lattice equations (7) can be established by
considering an eigenvalue problem for a second order linear difference operator.

2.3.1 Existence of a Lax Pair

In 1974, Flaschka [43, 44] and Manakov [82] independently and simultaneously
introduced the following variables to obtain a first-order system of differential
equations that is equivalent to the Toda lattice:

a, = %e—(qn+1—qn)/2 . by = —%Pn . (10)
If g, — grL € R sufficiently fast as n — 300, the inverse map is given by

00
qn = qr + 210g (1_[ 261,,) s Pn= —2b, ,

k=n
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and (10) is a bijection. Note that g, — gr 1 and p, — 0 as n — o0 corresponds
to a, — % and b, — 0 as |n| — oo. It is immediately verified that the pair of
sequences (p, g) satisfies (5) if and only if the pair (a, b) defined via (10) satisfies

the equations

da,, dbn

& =@l —b) . — =2(a, —a,_,) . (11)

Using the pair of sequences introduced in (10), define the operators L and P on the
Hilbert space £%(Z) of square-summable sequences:

(L¢)n = an—1¢n—] + bn¢n + an¢n+l P
Pp)y = —a,—1¢n—1 + andpt1

12)

In the standard basis, L and P have doubly-infinite matrix representations.They are
given explicitly by:

. bn—l ap—1 0 . 0 ap—1 0
L= A bn a, R P= —ay,_ 0 a, : (13)
0 a bn+] 0 —a, 0 K

Note that L is a doubly-infinite Jacobi matrix: symmetric, tridiagonal with positive
off-diagonal entries. The following proposition gives the existence of a Lax pair for
the Toda lattice.

Proposition 2.1 (Flaschka [43, 44], Manakov [82]) The Toda lattice equations
(11) are equivalent to the matrix equation

dL—PL 14
E_[?]’ ( )

where [P, L] denotes the matrix commutator, [P, L] := PL — LP.
Proof By direct calculation. Left as an exercise. O

Equation (14) is called the Lax equation after Lax [79]; and the pair (L, P) is
called a Lax pair. We will call L the Lax operator for the Toda lattice. Note that the
matrix P defined in (13) depends on L: P = L4 — L_, where L stands for the
upper (+) and the lower (—) diagonal parts of L.

At this point, it must be stressed out, that (14), namely the Lax formulation,
on one hand constitutes a basis for the inverse scattering method, but it also pos-
sesses a deeper property, i.e., the so-called Hamiltonian formulation. An equation
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(or system of equations) is said to have a Hamiltonian formulation if they can be
written as a (perhaps infinite-dimensional) classical Hamiltonian system. In general,
Hamiltonian formulation is a characteristic of all equations (or systems of equations)
which are solvable by the inverse scattering transform. Moreover, in our case, the
inverse scattering transform can be understood as a canonical transformation of
the associated Hamiltonian structure. The first example demonstrating the relation
between the Lax pair and the Hamiltonian formulation was the famous KdV
equation—to which we shall come back in the next subsection—in 1971 [129].
Just as the KdV equation, the Toda lattice also possesses infinitely many conserved
quantities (see Exercise2.3). For further study on Hamiltonian structure of Lax
equations for integrable systems, the reader may consult [1, 3], or [42] (and the
references therein) which is a self-contained textbook.

Remark 2.2 Proposition 2.1 holds for the finite Toda lattice with the boundary
condition a—; = ay—; = 0 for some integer N > 0. In fact, complete integrability
was first proved [43, 44, 82] for this finite version of the Toda lattice, and was later
generalized to the infinite lattice. The equations of motion in the (a, b) variables for
the finite the Toda lattice are given by:

dby 2
— =2a?,
dr %
db
d—t”=2(aﬁ—aﬁ_]), n=12,...,N-2,
d (15)
S nbust —b) s n=0,1,2,... .N—2,
dt
dby—y
a 2y
Note that the condition a_; = ay—; = 0 corresponds to setting the relative

displacements gy — gy—1 and gy — g—; to be infinite. This is sometimes called a
reservoir condition in the literature.

Exercise 2.3 Show that if the Lax equation (14) holds for L(¢), then it also holds
for the matrix power L(z)", for any m € N. Using this, find an infinite sequence
of conserved quantities for the Toda lattice equations: trace(L(¢)" — Lyo™), where
Lo is the doubly infinite Jacobi matrix with limy,—.o b, = 0 on its diagonal and
limy,| 00 @n = 1/2 on its off-diagonal.

Exercise 2.4 (Teschl [117]) For two sequences ¥/, ¢ € £(Z) define

G, ) (n) = Yu(Lp)n — G (LY)n -

Prove Green’s formula:

> 5. v)() = Wa.§) — Wt (V. 9) . (16)

j=m
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where W, (¢, ¥) stands for the Wronskian which is defined by

WV, ¢) = an(Vudnt1 — Yn+19n) - (17)

Before we cover scattering data associated with L we have the following theorem
that summarizes its basic properties.

Theorem 2.5 (from [117, Theorem 1.5]) Assume that a,b € £°(Z), with a,, > 0
for all n € Z. Then L defined in (12) is a bounded self-adjoint operator on £*(Z).
Moreover, a, b € {°(Z) if and only if L is bounded on £*(Z).

Proof For ¥, ¢ € {*(Z) we have lim,_, +o0 W,(¥,¢) = 0, where W, (-,-) is the
Wronskian defined in (17). Using this together with Green’s formula (16) from
Exercise 2.4 implies that

(. Ly)e = (L. V)

for all ¢, € £2(Z), proving that L is self-adjoint. Now, if a, b € £>°(Z), then for
any ¢ € {2(Z)

[{$. L) 2| < Cllalloo + 1blc) 95 -

which implies that ||L|| < 2|la|loco + ||&]lco>» Where || - || denotes the operator norm.
On the other hand, assume that L is bounded. Let {5,[,k]}n <7 denote the sequence

defined by 8% = 0if n # kand 8 = 1. Then for any k € Z
2
a; +aj_y + b = |Ls¥||S < |L|* .

which implies that a and b belong to £°°(Z). This completes the proof. O

For a detailed treatment on Jacobi matrices and the associated difference
operators we refer the reader to [117].

As is well-known, the integrability of the Toda lattice can be exploited via the
bijective correspondence between the Lax operator, which in this case is the Jacobi
matrix L, and its scattering data. This correspondence goes under the name of direct
and inverse scattering theory, and has already been studied in detail. While we do
not attempt to give a comprehensive survey of the relevant references, the interested
reader may enter the subject, for example, through [117] or [17], and the references
therein. We now proceed with the spectral properties of the Lax operator L and
definition of the scattering data.

2.3.2 Spectral Properties of the Lax Operator L

For the moment, we forget about the time dependence and begin with a brief study of
the spectrum associated with the doubly-infinite Jacobi matrix L given in (13). First,
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recall from Theorem 2.5 that L is a bounded self-adjoint operator on £2(Z). Thus it
bears no residual spectrum and its spectrum o (L) is a subset of R. Let M denote the
Marchenko class of Jacobi matrices whose coefficients (a, b) € £°(Z) & {*°(Z)
satisfy

> () (Jan — & + [bal) < 00 (18)

neZ

Throughout this section, we assume that a,, > 0 for all n € Z and that (18) holds.
We later present the theorem which states that these two conditions are preserved
by the Toda lattice equations (11).

The following theorem from [117] locates the essential spectrum of L under an
assumption that is weaker than (18). We present it in a version that is simplified for
our setting and purposes.

Theorem 2.6 (from [117, Theorem 3.19]) Suppose that the sequences (a,b) €
L°(Z) & L°°(Z), with a, > 0 for all n € Z, satisfy

> lantt = an| + |bu1 — bu| < 00 (19)
neZ

Suppose further that lim,| o0 @, = % and limy,| s b, = 0. Then the following are
true for the essential spectrum oes(L) and the pure point spectrum oy, (L) of the
associated Jacobi matrix L:

Oess (L) = 0y (L) = [_1’ 1] > Upp(L) CcR \ Oess (L) . (20)

Note that due to the closure present in (20), Theorem 2.6 does not exclude eigen-
values at the boundary of the essential spectrum, but it does prevent eigenvalues
embedded in the interior of the essential spectrum. Here is an example illustrating
presence of eigenvalues at the edge of the essential spectrum.

Example 2.7 (Teschl [117]) Consider the sequences (a, b) with

1 b — 2 —3n? 21
al’l - 2 ’ n — 4 + }’l4 .
Then the associated Jacobi matrix has indeed an eigenvalue at A = 1 with the
corresponding eigenfunction ¢ € £>(Z) given by
¢n = l (22)
n — 1 + i’l2 .

The reason for this is that (18) is violated: the first moment ) _, ., |nb,| is divergent.
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Yooy N R VI
o (L) _Ll Oac (L) 11

Fig. 4 Spectrum o (L) of L on the A-plane, consisting of finitely many real simple eigenvalues
{)tj};-‘;1 and the absolutely continuous part o,.(L) = [—1, 1]

Under the assumption (18), L has finitely many simple eigenvalues with associ-
ated eigenvectors in £2(Z). o (L) consists of an absolutely continuous part o, (L) =
[—1, 1] and a finite simple pure point part oy, (L):

oppL) ={A;:j=1,2,...,N} C (—o0,—1) U (1, +00),

for some N € IN. The spectrum of L typically is of the form depicted in Fig. 4.
We close this section with a series of remarks.

Remark 2.8 A Jacobi matrix J with bounded sequences b on the diagonal and a,
with a, # 0 for all n € Z, on the off-diagonal, is unitarily equivalent to the Jacobi
matrix J with b on the diagonal and {|a,|},cz on the off-diagonal. Therefore, the
assumption that a, > 0 made in this section makes no difference from a spectral
theory point of view. If a, = 0 for some n however, J is decomposed in to a direct
sum of two half-line (infinite) Jacobi matrices. The assumption that a,, # 0 for all n
guarantees that the equation

Jy = Ay

has exactly two linearly independent solutions in £(Z) for any A € C, and that the
spectrum of J has multiplicity at most two [117]. Thus, we need the assumption
a, # 0 to have a well defined, bijective direct and inverse scattering theory to solve
the Cauchy initial value problem. Noting that the dynamics given in (11) preserve
the signs of a,, we can make the assumption a,, > 0.

Remark 2.9 The spectral problem

Ly = Ay

is a discrete analogue of the Sturm—Liouville eigenvalue problem. For a discrete
version of Sturm oscillation theory, see [116] or [106] and the references therein.

Remark 2.10 The spectral properties of the Lax operator L are similar to the
Schrddinger operator

H = —% ~+ u(x) (23)
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on the line, which arises as the Lax operator for the KdV equation
U + Uty + Uy = 0,

as was discovered by Gardner et al. in [48] (see also the seminal work of Lax [79]).
Just as in the Toda case, if u in the Marchenko class

Aa+umwmm, 24)

then H has finitely many real simple L’-eigenvalues —Ej2 on (—o0,0) and an
absolutely continuous spectrum [0, +-00). A difference is that the Jacobi matrix L
has two sides to its continuous spectrum, where the Schrédinger operator has only
one side. This manifests itself in the fact that Toda solitons can propagate in two
directions whereas KdV solitons propagate in only one direction on the line.

2.3.3 Scattering Data

Our aim in this section is to define “spectral data” from the spectral problem
Ly = Ay, (25)

that is enough to reconstruct L from. First, it is convenient to map the spectrum of
L via the Joukowski transformation:

A=3Ge+7"), z=A-v22-1, 2€C, [d=1,.

Here the square root v/A2 — 1 is defined to be positive for A > 1 with o,.(L) =
[<1,1] being its only branch cut. This is, of course, a 1-to-2 map. Under this
transformation, the absolutely continuous spectrum is mapped to the unit circle,
denoted by T, and the eigenvalues A; are mapped to é‘jil, with ; € (=1,0) U (0, 1)
via

=3+, (26)

forj = 1,2,...,N. In these new coordinates the spectrum of L, which is depicted
in Fig. 4, takes the form of the set of points illustrated in Fig. 5.

It is a standard result (see, for example,[117, Theorem 10.2]) that for any z € C
with 0 < |z| < 1, the linear problem (the 3-term recurrence relation)

_z+z*1

Ly 5

v @7

has two unique solutions, ¢4 (z, -) and ¢_(z, -), normalized such that
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Imz

T = oac (L)

® ® @ Rez

Fig. 5 o(L) in the z-plane, z = A — ~/A%2 — 1

lim z]F”(pi(z; n)=1.
n—=+o0

These are called Jost solutions, named after Swiss theoretical physicist R. Jost.
Moreover, the functions z > @4 (z; n) are analytic for 0 < |z| < 1 (for each value
of the parameter n) with continuous boundary values for z = 1. The Jost solutions
have the following asymptotic expansions near z = 0:

+n

L 2
AL(n) (1 +2B1(n)z + O(z )) , asz— 0, (28)

¢+(zn) =

where

Ay(n.t) =[] 2400 and  Bi(n)=— Y b0 .

j=n j=n+1
n—1 n—1 (29)
A= ] 20() and  B_(n.t)y=-Y b).
j==00 B

Note that the functions z +— Ax(n)z7"@+(z;n) are analytic for |z < 1
and they extend continuously to the boundary |z = 1. Moreover, u+(z;n) =
A+ (n)z "o+ (z; n) satisfies u+ (0;n) = 1.

Before we proceed with the definition of scattering data, we have an exercise.
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Exercise 2.11 Suppose that ¢(z) and ¥ (z) are two different solutions of (27) for
the same value of z 4 z~!. Show that their Wronskian ‘W, (¢, ) is independent of .
Hint: Use Green’s identity.

From here on, we drop the subscript n in the Wronskian whenever it is
independent of n. In addition to the result of the above exercise, W(¢,v¥) = 0
holds if and only if ¢ = c for some constant ¢ € C. Now, ¢4 (z;+) and ¢4 (z7';-)
solve (27) for the same value of z + z~'. Evaluating their Wronskian as n — 400
gives
71—z

T

- 1 n_—n n —n
W(es (@) o4 (7559) = S @00 =) = (30)

It similarly follows that

-1
W(o—(z), -("34) = % . 31)

Equations (30) and (31) show that {¢_(z;-),¢_(z"";)} and {@4(z;-), 04 (z7'; )}
both form a set of linearly independent solutions of (27) for |z| = 1 with z> # 1.
Therefore, we can write

9+ (zn) = B-@e-(z:n) + a4 (De-(z"in) . (32)
9_(zn) = B+ (@Qe+(zn) + a— (D4 (z 'in) . (33)

Note that o1(z) and Pi(z) are independent of n. Now, using (32) and the
asymptotics for the Jost solutions as n — —oo we calculate

Z—l

W(ps (@) p-(z) = oy () —— # 0 (34)

for |z = 1 and 7> # 1. On the other hand, using (33) and the asymptotics as
n — 400 we obtain

71—z
2

W(p+ (). 9-(z:7) = a—(2) #0. 35)
These imply that

ay(z) =a-(z),

hence we rename these quantities as A(z) := o4(z) = «—(z). Then

AR) = W(p+(z0), 0-(z:7) - (36)

Z
1-22
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The above formula tells us that A(z) has no zeros on the unit circle, for 72 # 1.
We will come back to zeros of A(z) later. Now we move on to obtain formulae for
B+ (z). Using (33) and the asymptotics for the Jost solutions as n — 400 yields

71—z

W(p-(z:). 9+ "0) = B+(2) 3

£0, (37)

for |z] = 1, z> # 1. Similarly, using (32) and the asymptotics for the Jost solutions
as n — —oo gives us
7' -z

2

Wio-"50), p4(z7) = B-(2) (38)

Hence

Bi() = 1f_ZZ2w(<p,(z; Dpr ) |

2z &9

—Zzw(w—(z“:-),w(z: ) -

P-() = 1—

Moreover, it follows that

(@) =(1-B+@B-) —ARAC))e-(z:)
+ (B+(@AR) + B+@BTE)e-(c7"1).

and by linear independence we obtain the following relations:

B-@)B+() + A@ACZH) =1, —B+@)=B-("). (40)

A straightforward calculation shows that ¢4 (z;-) and its Schwarz reflection
©+(z%;)*, where z* denotes the complex conjugate of z, solve (27) for the same
value of z, and both of these solutions have the same asymptotic behavior:

lim @i () z77"=1, lim ei(znz"=1. (41)
n——+00 n——+00

Therefore, by uniqueness, ¢+ (z*;)* = ¢4 (z;-) for 0 < |z] < 1. It follows by the
same argument that ¢_(z*;)* = ¢_(z;-) for 0 < |z] < 1. We can use these two
facts to deduce the symmetries of A(z) and 4 (z). Taking complex conjugates of
both sides in (32) for |z| = 1 gives

P+ (Z) =) o-(z) + A ) o) .
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Then, by independence, we have
- =p-(). ACH" =A4A@). 42)
By an analogous argument using (33) we deduce that
B+(E)* = B+() . (43)
Then using (40), (42), and (43) yields
AQF =1+1B-@F . [A@P =1+ B+@)I*. (44)

Now we define a new quantity 7(z) by

T(2) = ﬁ ,
and rewrite (32) and (33) as
T+ () = ’SA_—((ZZ))so—(z: )+ (45)
and
TQ0-Gi) = HED s + 027100 6)

respectively. In addition to these, (44) takes the form:

1B+ @I
[A@)P

|B—(2)|?
[A@R)[>

1=TQI + 1= TP + 47

For |z| = 1, (45) has the following wave reflection interpretation. Since
lim ¢_(zhn" =1,
n—>—0oQ

we imagine ¢_(z~!;n) to be a left incident wave with unit amplitude placed at
the left end (n — —oo) of the lattice. Then we picture that the wave ¢_(z~';n)
is incident from the left end of the lattice, gets reflected by the lattice potential
and ﬂA’((Zz)) ©—(z; n) is the reflected wave moving left. Seen from the right end of the
lattice (n — +00), we have the transmitted wave T(z)¢4(z;n). In light of this

interpretation, we define

p-(2)

=10

(48)
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to be the left reflection coefficient and T'(z) is called the transmission coefficient. The
analogous interpretation for (46) has (ﬂ+(z) / A(z))(p+ (z;n) as the reflected wave
moving right, and we define

B+(2)
A(2)

to be the right reflection coefficient. With these definitions, we have the following
scattering relations:

Ri(z) = (49)

IT@QP + R+@PP=1. [TQP+I|R-@I =1,

(50)
TR (Z*) + T(zZ)R_(z) =0,
and
T()* =T(), R+()* =Re(2"). )]
Exercise 2.12 Using the Laurent expansion of A(z) at z = 0, show that
T(z) = A(l +z Z 2b, + 0(22)) , (52)

neZ

where A = [],c7 2a,.

Proposition 2.13 7(z) has a meromorphic extension inside the unit disk. The only
poles of T(z) inside the unit circle are at z = §j, j = 1,2,...,N, for which A; =
&+ Zj_l)/2 is an eigenvalue of L.

Proof Since both ¢4 (z;) are both analytic for 0 < |z] < 1, A(z) has an analytic
extension inside the punctured unit disk, given by the formula (36), and we define
A(0) = 1/A using the series expansion in Exercise 2.12. The poles of T(z) are
precisely the zeros of A(z). Suppose that A(§) = 0 for some fixed § € C with
0 < |§] < 1. Then

W(p+ (&), 9-(€:)) =0,
implying that ¢, (£:-) = c(£)p_(&; -) for some constant ¢(£) € C. Then we have
Jim g (EmET =1, (53)
and

im g (§m)g" = 1im c(§)e-(§:m)E" = c(§). (54)
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Equations (53) and (54) imply that ¢ (§;n) — 0 exponentially fast as [n] — 400,
hence ¢ (£;-) € £>(Z). This means that 7(z) has a pole at z = £ inside the unit
disk if and only if L has an eigenvalue at

A=3E+ET.

with the associated eigenfunction ¢(£,) = ¢4 (£,-) = c(§)p_(§:-) in€*(Z). O

Note that positive {;s correspond to the eigenvalues above 1, while negative ;’s
correspond to the eigenvalues below —1. By analyticity, the zeros of A(z) inside
the unit disk are isolated and they cannot have an accumulation point inside the
unit disk. Note that if the zeros of A(z) do not have an accumulation point on
the boundary |z| = 1, then the zero set of A(z) is finite. The following exercise
addresses this.

Exercise 2.14 Prove that A(z) has finitely many isolated simple zeros inside the
unit disk by showing that the zero set does not have an accumulation point on the
boundary |z| = 1. Hint: It might be useful to treat the cases W(¢4(z;+), ¢—(z;)) =
0 and W(g4(z;-), ¢—(z:)) # O separately.

Now let ¢; € C, forj = 1,2,..., N, be the proportionality constants given by
@+ (&5) = cjo—(gj;-). The residues of T'(z) atz = ¢;,j = 1,2,..., N, are given by
§ivj~

Gj

R;‘,S T(z) = —cigjyj+ = — ) (55)
j

where

Vit = llox(Ei)l5" - (56)

The constants y; — are called the left norming constants and the constants y; ; are
called the right norming constants. The sets

81 (L) == {Re(2) for [z| = L{GH | {yj+hie,}

are called the right and the left scattering data for L, respectively. In fact, a
symmetry calculation shows that either of these sets determine the other and the
transmission coefficient 7'(z) via an application of the Poisson—Jensen formula [117,
Lemma 10.7]. Therefore it is enough to work with only one of these sets. We set

R() =R+, vj=vV+
and call

8(L) = {R() for |z| = 1. {G}L, v}, }
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L(0) = mmmmmm e e T T REEr > L(1)
nonlinear evolution A
& 2
g E
gl e&—/m bijections 2
3 2
g 5)
@ &
v simple time evolution
7 (L(0)) > (L))

Fig. 6 Inverse scattering transform method for solving the Cauchy initial value problem for the
Toda lattice

the scattering data for L. The mapping L. — & (L) is called the direct scattering
transform.

It is a fundamental fact of scattering theory that Jacobi matrices L. whose
coefficients satisfy (18) are in bijective correspondence with their scattering data
8 (L) (see, for example,[117, Chap. 11]). Thus, there exists an inverse mapping
8 (L) — L, which is called the inverse scattering transform. Moreover, as we shall
see in the next section, time evolution of the scattering data for L(r) is governed
by simple linear ordinary differential equations when L(#) evolves according to the
Toda lattice equations (14). This fact equips us with a method to solve the Cauchy
initial value problem for the Toda lattice as depicted in Fig. 6:

1. Given initial data (a°, b°) satisfying (18), compute the scattering data §(L(0))
for the Jacobi matrix L(0) with coefficients (a°, b°).

2. Compute the time evolution of the scattering data § (L(t)) atadesired time ¢ € R.

3. Compute the inverse scattering transform to reconstruct L(¢) from & (L (t)), hence
obtaining (a(t), b(z)).

Following this procedure transfers the inherent difficulty of dealing with a nonlinear
equation into the study of the scattering and inverse scattering transform for an
operator. The latter can be approached with the specific and powerful methods,
mainly with the method of nonlinear steepest descent introduced by Deift and Zhou
[34], developed for Riemann—Hilbert problems.

We end the section with a theorem which establishes that one generically has
R(x1) = —1 for Jacobi matrices in the Marchenko class M [see (18)].

Theorem 2.15 ([18, Theorem 1]) The set of doubly infinite Jacobi matrices J(a, b)
(with the sequence a in the off-diagonal entries and the sequence b in the diagonal
entries) in M with the associated reflection coefficient satisfying R(+1) = —1 forms
an open and dense subset of M in the topology induced by the norm

13 B)lac = Y (1 + [nD)(jan — 5| + [Bal) -

neZ
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2.3.4 Time Dependence of Scattering Data
Existence of a Lax pair has several important consequences. We begin with the one
that concerns the spectrum of the Lax operator.

Proposition 2.16 The Lax equation (14) is an isospectral evolution on Jacobi
matrices.

Proof Let Q(t) be the unique solution of the matrix Cauchy initial value problem

Q _
E_PQ, Q) =1, (57)

where I is the identity. Solutions for the initial value problem exist locally and
they are unique (see, for example,[6, Theorem 4.1.5]). Since ||P(?)|| is uniformly
bounded on any compact time interval, the solution is global. The skew-symmetry
of P implies that dQ* /dt = —Q*P. Therefore

d
d_z(Q*Q) =-Q"PQ+Q"PQ =0, (58)

implying that Q(#) is unitary for all # € R. Furthermore,

C(Q'LQ) = ~Q'PLQ+ Q*(PL-LP)Q + QLPQ =0, ()
which means (Q*LQ)(¢) = L(0), hence

L) = QL(0)Q(®)* . (60)

We showed that L() is unitarily equivalent to L(0) for all # € R. This completes the
proof. O

By proving Proposition 2.16 we established the fact that o (L(0)) = o(L(t)) for
all time 7 € R if L(¢) evolves according to (14). We have the corollary:

Corollary 2.17 Each eigenvalue A;, j = 1,2,...,N, of L is a constant of motion
of the Toda lattice equations (11).

Another consequence of Proposition 2.16 is
L@ = [ILO) ., forallz=0, (61)

which implies that the solution (a,b) of the Cauchy initial value problem in
{*(Z) @ £°°(Z) for the Toda lattice equations (11) is global in time since

lalloo + [1blloe = 2[LMI = 2[LO)] .
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We know present the time evolution of the scattering data.

Proposition 2.18 ([117, Theorem 13.4]) The time evolutions of the quantities in
the scattering data are as follows:

G =g, forj=1,2,...,N,
yi(t) = Vje(gj_grl)’ , forj=1,2,...,N,
Rzt =RE@e“ " for|z] =1,

where R(z) = R(z;0), & = ¢(0), and y; = ;(0).

Exercise 2.19 Prove Proposition 2.18. Define the scattering matrix S(z) by

_ [ AR —B+(2)
8@ = (ﬂ—(z) A(z—l)) ’

and then the “oco x 2” matrices ¥ (z) and @ (z) whose nth rows are

W(z:n) = (¢4 (zn) e+ (7 55n)) |

(62)
D (zn) = (p—("sn) p—(z:n)) .

respectively, so that we have ¥ (z; n) = @ (z;n)S(z) for all n € Z. Differentiate both
sides of (27) and obtain the time evolution S(z; 7).

Exercise 2.20 (Moser [91]) Consider the finite version of the Toda lattice as
described in (15). Show that the time evolution of the first component wl[k] of the
normalized eigenvector ¥l associated to the eigenvalue A, is given explicitly by:

eZ)Lkzl/fl[k] (0)2
Z;V:l ezkjtlﬁl[/] (0)2

See also [90] for a detailed proof of (63).

M2 = (63)

We close this section with a calculation which is due to Moser [91] and dates
back to 1975.

Exercise 2.21 (Moser [91]) For the finite Toda lattice (15) considered in
Remark 2.2 show that the off-diagonal elements L;1;(f) = L;;+1(¢) of L(¢)
converge to zero as ¢ tends to infinity.
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2.4 Inverse Problem

The problem of reconstructing L from its scattering data is often called the
inverse problem (and the mapping that achieves this is called the inverse scattering
transform). This problem can be formulated as a Riemann-Hilbert factorization
problem. Before giving a brief description of a Riemann—Hilbert problem, we need
to introduce some notation. For an oriented contour X in the complex plane, its +
side is to the left of X' as it is traversed in the direction of orientation, and its — side
is to the right. Given this convention, we denote by ¢ and ¢~ the nontangential
limits of a function ¢ on X from + side and — side of X, respectively. Loosely
speaking, a Riemann—Hilbert problem is the problem of finding a sectionally
analytic (or sectionally meromorphic) function ¢ that is discontinuous across an
oriented contour X' C C with the jump condition

T (2) =¢ (2)0GR) + F(z), forze X .

In case the sought after function ¢ is sectionally meromorphic, say, with simple
poles, there are prescribed residue conditions along with the jump condition. To
assure that the problem at hand is uniquely solvable, one specifies normalization of
¢ atapoint @ € C U {oo} and, perhaps, a symmetry condition. A detailed overview
and discussion on Riemann—Hilbert problems is beyond the scope of these lectures.
The interested reader is encouraged to see [2, 23, 32, 119]. We now proceed with
presenting the Riemann—Hilbert formulation of the inverse scattering transform for
the Toda lattice.

Based on the domains of analyticity of the Jost solutions z — ¢4(z;-,-), we
define the following row-vector valued meromorphic function in the complex plane:

i) (T@e-(zn.02" ¢4 (0, 07") lz| <1, o
m(z;n, t) ==
(p+ @m0 T De_(zinz™") . |zl > 1,

We first find what jump condition m(z; n, f) satisfies on the unit circle T. Using the
notation given above for the nontangential limits, define

mE(zo;n,1) ;= lim m(z), forlz|=1.
20

lZE<1

We note here that these & superscripts should not be confused with the + signs used
in subscripts for labeling the asymptotic behavior of Jost solutions ¢ .

From the relations (32) and (33) we see that the jump condition satisfied by m
across the unit circle T is

— 2 _ * ,—0(z;n,1)
m* (Z; n, t) = m_(z; n, t) (1 |R(Z)| R(Z) ©

R(Z)ee(z;n.t) 1 ) , forze T, (65)
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where
O(z;n,t) = t(z—z"') +2nlogz .
We have arrived at the following fact [78, Theorem 3.3]. m(z; n, t) is a solution of

the following vector Riemann-Hilbert problem:

RH Problem 1 Find a row vector-valued function m(-; n,¢): C \ T — C'*? which
satisfies the following conditions:

* Analyticity condition: m(z; n, t) is sectionally meromorphic away from the unit
circle T with simple poles at Zjil,j =12,...,N.
* Jump condition:

_ 2 _ * ,—0(z;n,1)
m* (z;,n,t) =m™ (z;n,1) (1 |R(Z)| R@)"e

R(z)ee(z’1~’) ) ) , forze T,

e Residue conditions:

0 0
Res ¢im(z;n, t) = lim m . ,
esgm(@n.1) ¢ © (—§/)’jee((”"") 0)

) 0 ;-fly.eﬁ({j;n,t)
. — Jj
I§§§ m(z:n,t) lgrgj m(z) (o 0 .

J

o Symmetry condition:

m(z) = m(2) ((1’ (1)) ,

e Normalization condition:

lim m(z;n,t) = m(oo;n,t) = (ml m2) , my-mpy=1, m>0.
7—>00

The solution of this Riemann—Hilbert problem is unique (see [77]) and the
symmetry condition is essential for uniqueness in presence of poles. Note that
once m(z; n, t) is obtained, we can extract the solution (a,, (), bn(t)) of the Cauchy
initial value problem for the Toda lattice equations from the asymptotic expansion
of m(z;n, t) as z — oo:

m(z;n, t)

(14 2B4(n,)2)A+(n,)(1 —=2B4(n—1,0)2) + O(z2).  (66)

T A1)
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We recover (a, b) from the formulae

a,(t) = IM and b,(t) =By(n) —B+(n—1). (67)
A+(I’l, t)

As can be seen, solving the Cauchy initial value problem for sufficiently decaying
initial data for the Toda lattice equations is equivalent to solving RH Problem 1
which depends parametrically on the independent variables (n, ) of the nonlinear
evolution equations (11). However, obtaining an explicit formula for the solution
m(z; n, t) for any given values of (n, f) is difficult, if possible. One can, on the other
hand, obtain rigorous long-time asymptotics (as ¢ — oo) for the solutions of the
Cauchy initial value problem through the analysis of Riemann—Hilbert formulation
of the inverse scattering transform as ¢ — oo. Note that as ¢+ — oo, the jump matrix
in RH Problem 1 becomes highly oscillatory since the coefficient of the ¢-term in
0(z;n,t) is purely imaginary for |z| = 1. One can approach this problem by the
method of nonlinear stationary phase/steepest descent (see [34]). Loosely speaking,
this method involves finding the stationary phase points of the exponential terms
in the jump matrix, and then deforming the jump contours so that the deformed
contours pass locally from the directions of steepest descent of these exponential
terms at the stationary phase points and that the new jump matrices on those
deformed contours tend to the identity matrix as ¢ — oo exponentially fast away
from the stationary phase points.

This method has yielded a large number of rigorous asymptotic results for various
completely integrable partial differential equations (see, for example, [36] and [35],
among many others) as well as for the Toda lattice (see [77, 78]). Moreover, recent
advances in numerical solution of the Riemann—Hilbert problems [97-99] has led to
numerical implementations of the inverse scattering transform method for integrable
PDEs [118, 120] and for the Toda lattice [18]. Therefore, it is possible to numerically
compute and plot solutions accurately in arbitrarily long time scales without using
any time-stepping methods.

The deformations that are employed in the process of analyzing the solutions
of the Riemann-Hilbert problem in the long time regime are determined by the
asymptotic region that (n, t) lies in as t — oo (see Fig. 7 for asymptotic regions for
the Toda lattice).

The Toda lattice has the following asymptotic regions [18]: for constants
kj > 0:

1. The dispersive region. This region is defined for |n| < k¢, with 0 < k; < 1.
Asymptotics in this region were obtained in [78].

2. The collisionless shock region. This region is defined by the relation ¢t < |n| <
t — c»1'3(log )?/3. For the behavior of the solutions obtained via the numerical
inverse scattering transform see [18].

3. The transition region. This region is also not present in the literature for the Toda
lattice. The region is defined by the relation t — c,1'/3(log 1)2/3 < |n| < t —c3¢'/3
[18]. An analogue of this region was first introduced for KdV in [120].



220 D. Bilman and S. Konstantinou-Rizos
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Fig. 7 Asymptotic regions for the Toda lattice, figure taken from [18]

4. The Painlevé region. This region is defined for t — c3t'/3 < |n| < t + c3t'/3.
Asymptotics in this region were obtained in [64] in absence of solitons and under
the additional assumption that |R(z)| < 1.

5. The soliton region. This region is defined for |n| > ¢ 4 c3t'/3. Let v; > 1 denote
the velocity of the kth soliton and choose v > 0 so that the intervals (v — v, vg +
v),k=1,2,...,N,are disjoint. If |n/t — vi| < v, the asymptotics in this region
were obtained in [77] and [78].

For the deformations used in each region for the Toda lattice we refer the reader
to [78] and [18].

Remark 2.22 The collisionless shock region and the transition region appear as t —
oo only if the reflection coefficient R(z) corresponding to the initial data attains the
value —1 at the edges of the continuous spectrum z = +1. Theorem 2.15 tells us
that this is generically the case: for an open dense subset of initial data inside the
Marchenko class (18), the long time behavior of the solution exhibits behavior that
is different than the behavior in the Painlevé region. If |[R(£1)| < 1 the collisionless
shock and the transition regions are absent.

The following rigorous results were obtained in [77, 78]. The solution corre-
sponding to sufficiently decaying [as in (18)] splits into a sum of N independent
solitons (N being the number of eigenvalues of the Lax operator) and radiation.
This result shows that in the region n/t > 1, the solution is asymptotically given
by an N_-soliton solution, where N_ is the number of {; € (—1,0). Similarly, in
the region n/t < —1 the solution is asymptotically given by an N -soliton solution,
where Ny is the number of {; € (0, 1). Each soliton is formed by a distinct pair
of eigenvalue and the associated norming constant, that is, by a (;, ;), for some
j€{1,2,... N} In the dispersive region n/t < 1, the solution (radiation) decays to
the background, i.e., a,(f) — % and b,(f) — 0 in the sup-norm as t — oo.

We close this subsection with a special case that leads to an explicit formula for
the solution. If the potential Jacobi matrix is reflectionless, that is if R(z) = 0 on the
entire unit circle, then RH Problem 1 can be solved explicitly. Below we present the
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solution m(z; n, t) in the case where there is only one eigenvalue ¢ € (—1,0)U (0, 1)
and the associated norming constant ¥ > 0 in the scattering data. Such scattering
data results in a pure 1-soliton solution of the Toda lattice.

Proposition 2.23 ([77, Lemma 2.6]) If 8$(L) = {R(z) = 0 for |z| = 1, ¢, y}, then
the unique solution of RH Problem 1 is given by

m(zn.1) = (f(2) f(1/2) . (68)
where

1
\/1 _ CZ + ye{'?(f;n,t) \/] _ é'2 + ;2),69({;11.!)

1
x (1—§2+§2ye“’<5;”~'>—z Eg ) (69)
=

fz) =

Proof The symmetry condition forces the solution to be of the form

m(z:n, 1) = (f(zn,0) f(1/zn,1))

where f(z; n, f) is meromorphic in C U oo with simple pole at z = ¢. Therefore f

must be of the form
H(n,t)
1+2 , (70)
z—=¢

where the unknown constants (in z) G and H are uniquely determined by the residue
condition

@)= Gl

Rgs m(z;n, 1) = —f (& HeyedEmd

and the normalization f(0)f(c0) = 1, f(0) > 0. O

From Proposition 2.23 we obtain
1 — &2 4 yefGnn
1— é'2 + é‘2y69(§,n.t)

. B EryefCng (g2 — 1)
+(n, 1) = 2(1 — 2+ é-zye@(f;n,t)) ’

(71)

from which the solution (a,, (1), b, (t)) to the Cauchy initial value problem can be
extracted using (67).
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The solutions (a,b) that correspond to reflectionless Jacobi matrices (Lax
operators) L are precisely the N-soliton solutions of the Toda lattice given in (9),
where N is the number of eigenvalues A; = (¢ + 1/¢) of L, i.e., the number
of pole pairs ({j, ¢ j_l) in the Riemann—Hilbert formulation of the inverse scattering
transform.

The inverse scattering transform method for solution of the initial value problem
also applies to the finite Toda lattice and the periodic Toda lattice. While it is not
possible to give a full exposure to these cases here, we provide a summary and
references below for the interested reader.

2.4.1 The Solution of the Finite Toda Lattice

For the finite N x N version® of the Toda lattice given in (15), the Lax operator
becomes

bo ag
ap b1 a
ar by ar
L= o ) (72)
an—3 by—z an—
an—z by—1
and the scattering data consists of N real simple eigenvalues A;,j = 1,2,...,N of

the Jacobi matrix L(f) and
12
w0 = (o),

where wl["] is the first component of the jth normalized eigenvector (associated
with ;). As mentioned in Exercise 2.20, w;(¢) has simple time evolution:

e?'w;(0)
wj (t) = N :

_— j=12,...,N, (73)
D =i e?*w (0)

when L(#) evolves under the finite Toda dynamics (observed by Moser [91]) and A;
remain constant in time [44]:

() =A,00), j=1.2,....N.

It is well-known that L(7) can be reconstructed from the data {A;, w;(?) }f'zl (see [33,
112], or [32] and the references therein.) Moreover, the inverse scattering transform

“Finite Toda lattice is sometimes called the open Toda lattice.



Discrete Integrable Systems, Darboux Transformations, and Yang—Baxter Maps 223

method to solve the initial value problem for the finite Toda equations becomes the
Gram—Schmidt orthogonalization process:

1. Given initial data L(0) and some time 7 > 0 at which the solution L(7) is desired,
compute the QR-factorization:

e = QR().
2. The solution of the Toda lattice is then obtained via
L(1) = Q() "L(0)Q(),

where Q(r) T is the transpose of the orthogonal matrix Q(t). For details, we refer
the reader to [91] and [110, 111].

2.4.2 The Periodic and Quasi-Periodic Solutions of the Toda Lattice

The inverse scattering transform methods in the context of nonlinear evolution
equations are not limited to spatially decaying solutions. Beginning with the seminal
works of Novikov [96], Lax [79], Dubrovin [38, 40], Its and Matveev [62, 63],
and McKean and van Moerbeke [86], the inverse scattering transform methods
were extended to construct spatially periodic and quasi-periodic solutions of the
KdV equation in the late 1970s. These methods make extensive use of the algebro-
geometric theory of Riemann surfaces. By the early 1980s analogous methods were
developed for other integrable nonlinear evolution equations such as the nonlinear
Schrodinger equation. Explicit formulae for periodic and quasi-periodic solutions,
which give soliton solutions as certain limiting cases, became available in terms
of the Riemann theta function (see [39] for a survey article on theta functions and
nonlinear equations). The fundamental object of the algebro-geometric approach to
integrate nonlinear evolution equations is the Baker—Akheizer function (a function
with certain analyticity properties on a Riemann surface) [11, 12, 14]. Such a
connection between nonlinear evolution equations and algebro-geometric methods
led to rapid developments both in algebraic geometry and in the theory of integrable
PDEs. While it is not possible to list here the vast literature, the interested reader is
encouraged to see the recent survey article of Matveev [84] on finite gap theory, a
not so recent survey article by Krichever [76] and his previous work [73, 75].
Integrability of the periodic Toda lattice consisting of N particles, with

ap+N = dy, bn+N =b, (74)

was first established by Hénon [55] in 1974 (see also [45], where Flaschka and
McLaughlin obtained the action-angle variables, and [121]). In 1976 Dubrovin et al.
[41] and Date and Tanaka [30] simultaneously gave the explicit formula for the
diagonal elements b,(f) of the solution of the periodic Toda lattice in terms of
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Riemann theta functions. Three years after this development Krichever gave the
explicit formulae (again in terms of theta functions) for the off-diagonal elements
a,(t) [74]. In his work, Krichever provides the solution for both quasi-periodic
and the periodic Toda lattices. In these cases the spectrum of the Lax operator
consists of finitely many bands on the real line and the scattering data is generally
referred as “algebro-geometric” data obtained from the resulting Riemann surface.
For a detailed treatment on algebro-geometric solution methods for the periodic and
quasi-periodic Toda lattice (and the entire Toda hierarchy), we refer the reader to
[49] and the references therein.

3 Darboux and Bicklund Transformations. Derivation
of Discrete Systems

Bicklund and Darboux (or Darboux type) transformations originate from dif-
ferential geometry of surfaces in the nineteenth century, and they constitute an
important and very well studied connection with the modern soliton theory and
the theory of integrable systems. In the modern theory of integrable systems, these
transformations are used to generate solutions of partial differential equations,
starting from known solutions, even trivial ones. In fact, Darboux transformations
apply to systems of linear equations, while Bicklund transformations are generally
related to systems of nonlinear equations.

For further information on Bécklund and Darboux transformations we indica-
tively refer to [54, 85, 105] (and the references therein).

3.1 Darboux Transformations

In 1882 Jean-Gaston Darboux [24] presented the so-called “Darboux theorem”
which states that a Sturm-Liouville problem is covariant with respect to a linear
transformation. In the recent literature, this is called the Darboux transformation
[85, 105]. The first book devoted to the relation between Darboux transformations
and the soliton theory is that of Matveev and Salle [85].

3.1.1 Darboux’s Theorem

Darboux’s original result is related to the so-called one-dimensional, time-
independent Schrodinger equation, namely

YV +A—wy=0, u=uk), (75)



Discrete Integrable Systems, Darboux Transformations, and Yang—Baxter Maps 225

which can be found in the literature as a Sturm—Liouville problem of finding
eigenvalues and eigenfunctions. Moreover, we refer to u as a potential function,
or just potential.

In particular we have the following.

Theorem 3.1 (Darboux) Let y, = y|(x) be a particular integral of the Sturm—
Liouville problem (75), for the value of the spectral parameter A = A,. Consider
also the following (Darboux) transformation

d
—y[ll=— -1 , 76
yeosli)i= (-0 )y 6)
of an arbitrary solution, y, of (75), where l; = [;(y;) = yl,xyl_' is the logarithmic
derivative of yi. Then, y[1] obeys the following equation

Y+ @ —ull]y[1] =0, (77a)
where u[l] is given by

ull] = u—21, . (77b)

Darboux’s theorem states that function y[l1] given in (76) obeys a Sturm-—
Liouville problem of the same structure with (75), namely the same (75) but with an
updated potential u[1]. In other words, (75) is covariant with respect to the Darboux
transformation, y — y[1], u > u[1].

3.1.2 Darboux Transformation for the KdV Equation

The significance of the Darboux theorem lies in the fact that transformation (76)
maps solutions of a Sturm—Liouville equation (75) to other solutions of the same
equation, which allows us to construct hierarchies of such solutions. At the same
time, the theorem provides us with a relation between the “old” and the “new”
potential. In fact, if the potential u obeys a nonlinear ODE (or more importantly
a nonlinear PDE?), then relation (77) may allow us to construct new nontrivial
solutions starting from trivial ones, such as the zero solution.

Example 3.2 Consider the Sturm—Liouville equation (75) in the case where the
potential, u, satisfies the KdV equation. Therefore, both the eigenfunction y and
the potential u depend on #, which slips into their expressions as a parameter.

In this case, (75) is nothing else but the spatial part of the Lax pair for the KdV
equation, namely:

Ly=21y or you+(A—u(xn)y=0. (78)

3Potential ¥ may depend on a temporal parameter 7, namely u = u(x, ).
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Now, according to Theorem 3.1, for a known solution of the KdV equation, say
u, we can solve (75) to obtain y = y(x, t; A). Evaluating at A = A, we get y(x, 1) =
y(x, t; A1) and thus, using (77b), a new potential u[1]. Therefore, we simultaneously
obtain new solutions, (y[1], #[1]), for both the linear equation (78) and the KdV
equation,* which are given by

Y[l = @ =h)y. (79a)
ull] = u—20, . (79b)

respectively.
Now, applying the Darboux transformation once more, we can construct a second

solution of the KdV equation in a fully algebraic manner. Specifically, first we
consider the solution y,[1], which is y[1] evaluated at A = A,, namely

»2ll] = (0, —1)y> . (80)

where y, = y(x,t; A;) Then, we obtain a second pair of solutions, (y[2], [2]), for
(78) and the KdV equation, given by

2l = @ — b)y[1] 2 (0 — b)(3, — 1)y , (81a)

ul2] = ull] = 2b, = u— 2l + b - (81b)

This procedure can be repeated successively, in order to construct hierarchies of
solutions for the KdV equation, namely

O] ull]) = 62 ul2) — -+ = Olnl ufn]) — -, (82)

where (y[n], u[n]) are given by

yln] = (l_[(ax - lk))y , ulpl=u— 2Z(lkx) > (83)

k=1 k=1

where “y” indicates that the terms of the above “product” are arranged from the
right to the left.

In these notes, we understand Darboux transformations as gauge-like transfor-
mations which depend on a spectral parameter. In fact, as we shall see in the next
chapter, their dependence on the spectral parameter is essential to construct discrete
integrable systems.

“Potential u[1] is a solution of the KdV equation, since it can be readily shown that the pair
(y[1], u[1]) also satisfies the temporal part of the Lax pair for KdV.
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3.2 Bdcklund Transformations

As mentioned earlier, Bicklund transformations originate in differential geometry in
the 1880s and, in particular, they arose as certain transformations between surfaces.

In the theory of integrable systems, they are seen as relations between solutions
of the same PDE (auto-BT) or as relations between solutions of two different PDEs
(hetero-BT). Regarding the nonlinear equations which have Lax representation,
Darboux transformations apply to the associated linear problem (Lax pair), while
Bécklund transformations are related to the nonlinear equation itself. Therefore,
unlike DTs, BTs do not depend on the spectral parameter which appears in
the definition of the Lax pair. Yet, both DTs and BTs serve the same purpose; they
are used to construct nontrivial solutions starting from trivial ones.

Definition 3.3 (BT-Loose Definition) Consider the following partial differential
equations for 1 and v:
F(u, vy, g, Uy, Uy, ...) =0, (84a)
GV, Uy, Vs, Uy, Uy, ... ) = 0. (84b)

Consider also the following pair of relations
Bi(u, uy, uyy ..., 0,05, 0;,...) =0, (85)

between u, v and their derivatives. If 8; = 0 is integrable for v, mod(F = 0),
and the resulting v is a solution of G = 0, and vice versa, then it is an hetero-
Bicklund transformation. Moreover, if F = G, the relations 8; = 0 is an auto-
Bicklund transformation.

The simplest example of BT are the well-known Cauchy-Riemann relations in
complex analysis, for the analyticity of a complex function, f = u(x, ) + v(x, 7).

Example 3.4 (Laplace Equation) Functions u = u(x,f) and v = wv(x,f) are
harmonic, namely

Viu=0, Vv=0, (86)
if the following Cauchy—Riemann relations hold

Uy = V;, U = —Vy. 87
The latter equations constitute an auto-BT for the Laplace equation (86) and can
be used to construct solutions of the same equations, starting with known ones. For

instance, consider the simple solution v (x, f) = xt. Then, according to (87), a second
solution of (86), u, has to satisfy u, = x and u, = —t. Therefore, u is given by
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u=1x"-r). (88)

However, even though Laplace’s equation is linear, the same idea works for
nonlinear equations.

3.2.1 Bicklund Transformation for the PKdV Equation
An auto-Bicklund transformation associated to the PKdV equation,

U = 6142 — Uxxx » (89)

X

is given by the following relations

Nw+v)=2a+3u—v)*,

o - 90
(1= )y = 302 = 12) = (1= Vs e

which was first presented in 1973 in a paper of Wahlquist and Estabrook [125]. In
this section we show how we can construct algebraically a solution of the PKdV
equation, using Bianchi’s permutability.

Remark 3.5 We shall refer to the first equation of (90) as the spatial part (or x-part)
of the BT, while we refer to the second one as the temporal part (or t-part) of the BT.

Exercise 3.6 Show that relations (90) constitute an auto-B#cklund transformation
for the PKdV equation (89).

Now, let u = u(x, f) be a function satisfying the PKdV equation. Focusing on the
spatial part of the BT (90), we can construct a new solution of the PKdV equation,
u = Bo, (1), ie.

(uy + )y = 201 + $(uy —u)*. 1)

Moreover, using another parameter, o, we can construct a second solution u, =
Bq, (u), given by

(2 + u)x = 20 + S(up —u)* . (92)

Starting with the solutions #; and u,, we can construct two more solutions from
relations ujy = By, (u1) and uy; = By, (u2), namely

(12 + ur)y = 200 + §(uiz —ur)* (93a)
(21 + )y = 201 + 3 (U2 — u2)* . (93b)

as represented in Fig. 8a.
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u
a a / \
uj u u
a a \ /
ui2 uz1
(a) Construction of solutions using BT (b) Bianchi’s diagram

Fig. 8 Bianchi’s permutability. (a) Construction of solutions using BT. (b) Bianchi’s diagram

Nevertheless, the above relations need integration in order to derive the actual
solutions uy, u and, in retrospect, solutions u;, and u,;. Yet, having at our disposal
solutions u; and u,, a new solution can be constructed using Bianchi’s permutativity
(see Fig. 8b) in a purely algebraic way. Specifically, we have the following.

Proposition 3.7 Imposing the condition u;; = uyy, the BTs (91)—(93b) imply the
following solution of the PKdV equation:

U=u—s21"2 (94)

Uy —up

Proof 1t is straightforward calculation; one needs to subtract (92) and (93b) by (91)
and (93a), respectively, and subtract the resulting equations. O

Later on we study the Darboux transformations for the NLS equation, and we
shall see that BT arise naturally in the derivation of DT.

Exercise 3.8 (Bicklund Transform for the sine-Gordon Equation) Show that

the following relations
u—+v Cfu—v
= osin ,
2 /), 2

By : (95)
u—v 1 . fu+v
= —sin ,
2 ), « 2
between functions u = u(x, ) and v = v(x, t), constitute an auto-BT for the sine-
Gordon equation:

Uy = Sinu . (96)
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Following the same procedure as for the PKdV equation, namely using the BT (95)
and Bianchi’s permutability, show that:

U=u+4arctan[o£l + o tan(ul_uz)] , 97

0y — O 4

where u satisfies (96), is also a solution of (96).

3.3 From Darboux Transformations to Discrete Systems

In this section, we shall show how one can derive discrete integrable systems using
Darboux transformations. In particular, our starting point will be continuous Lax
operators, and by considering the associated Darboux transformations, we derive
semidiscrete and fully discrete Lax operators. That is, in the derivation of Darboux
transformations, we derive differential-difference (Backlund transformations, [80,
81]) and difference-difference integrable systems.

3.3.1 Lax-Darboux Scheme

With the single term Lax—Darboux scheme, we describe several structures which are
related to each other and all of them are related to integrability. To be more precise,
the Lax—Darboux scheme incorporates Lax operators, corresponding Darboux
matrices and Darboux transformations, as well as the Bianchi permutability of the
latter transformations.

In what follows we present the basic points of the scheme:

* We consider Lax operators of the following AKNS form:

L=D,+U@p.¢:1). p=px),qg=ql),

where U is a matrix which belongs in the Lie algebra s[(2, C).

Remark 3.9 The abbreviation AKNS is due to Ablowitz, Kaup, Newell and
Segur who solved the sine-Gordon equation (96) (see [4]) writing it as compati-
bility condition of a set of Lax operators in the form L = D,+U and T = D,+V,
where U and V are certain matrices. Moreover, they generalized this method to
cover a number of PDEs [5]. It is worth mentioning that the authors of Ablowitz
et al. [4, 5] were motivated by Zakharov and Shabat [130] who applied the inverse
scattering method to the nonlinear Schrédinger equation.
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* By Darboux transformation, here, we understand a map

L > MLM ' =L, =D, + U@pio.q10;A) . (98)
N’

Uio

Matrix M is called Darboux matrix and satisfies the following equation (see
Exercise 3.11).

DXM+ Ul()M_MUZO, M:M(p»%plO,QIO’f;A)- (99)

The Darboux matrix M depends on the “old” potentials, p, g and the “updated”
ones, pio, q10- It also depends on the spectral parameter and may depend on an
auxiliary function, as we shall see later in the example.

Darboux transformations consist of Darboux matrices M along with corre-
sponding Bdcklund transformations (or dressing chains).

Remark 3.10 1t is obvious from relations (98)—(99) that, for a given operator L
we cannot determine M in full generality, and we need to make an ansatz. In what
follows, we shall be assuming that M has the same dependence on the spectral
parameter as L.

Exercise 3.11 Show that according to (98) for a Darboux transformation, the
corresponding Darboux matrix satisfies (99).

¢ The associated Bécklund transformation is a set of differential equations relating
the potentials and the auxiliary functions involved in L and L. It can be regarded
as integrable systems of differential-difference equations DAEs [80, 81]. This
follows from the interpretation of the corresponding Darboux transformation
defining a sequence

M M M
<o = (p-10,9-10) =~ (. @) = (P10, q10) - - -

* A Darboux matrix M maps a fundamental solution of the equation LY = 0,
where ¥ = ¥(x, 1) to a fundamental solution ¥y of L;¥;y = 0 according to
Yo = MW¥. In general, matrix M is invertible and depends on p and ¢, their
updates pjo and g9, the spectral parameter A, and some auxiliary functions, i.e.,
M = M(p,q,p10, q10; ).

Moreover, the determinant of the Darboux matrix is independent of x (see
Exercise 3.12).

Exercise 3.12 Using (98), where U € sl(2, C) show that matrix M:

1. maps fundamental solutions of LY = 0 to fundamental solutions of L; ¥ = 0.

2. has determinant independent of x, namely d.(detM) = 0. Hint: Use
Liouville’s well-known formula for the determinant of the solution of the
equation (d/dx)¥ = MV).
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Fig. 9 Bianchi commuting ¥or M. ¥
diagram ® ot o
K Kio
@ ®
¥ M Y10

We employ Darboux matrices to derive two new fundamental solutions ¥
and Y :

Yo = M(p,q.p10.q10; ¥ = MY, Wy = M(p.q,po1,qo1: M)W = K .

Considering compatibility around the square, a third solution can be
derived as described in the Bianchi-type diagram Fig.9, where M, =

M(po1, qo1, P11, qi1; A) and Ko := M(pio, q10, P11, G115 A)-
The compatibility around the square yields the following condition:

MoK — KM =0, (100)

If the latter condition is written out explicitly, it results in algebraic relations
among the various potentials involved, namely a system of PAE equations.

We can interpret the above construction in a discrete way. Particularly, let us
assume that p and ¢ are functions depending not only on x but also on two discrete
variables n and m, i.e., p = p(x; n, m) and g = g(x; n, m). Furthermore, we define
the shift operators 8 and T acting on a function f = f(n, m) as

fio=8f(nom) =f(n+1,m), for:=Tf(n,m=fn,m+1). (101)
In general,
fi =8 Tf(n,m) = f(n+i,m+j) (102)

We shall refer to § and T as the shift operators in the n and the m-direction,
respectively.

3.3.2 An Example: Lax-Darboux Scheme for the Nonlinear Schrodinger

Equation

Consider the following Lax operator

L:=D,+U(p.¢:A) =D+ AU' + U°, (103a)
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where U' and U° are given by

U' = oy = diag(1, 1), 0°=(2%) (103b)
2g 0

Operator (103) constitutes the spatial part of the Lax pair for the nonlinear
Schrodinger equation,

Pr=DPut 9. @ =—qu—4q" .

Now, we seek elementary Darboux transformation, namely Darboux transforma-
tion that cannot be decomposed to others. We assume that the associated Darboux
matrix, M, has linear A-dependence, namely it is of the form M = AM; + M,.
Substitution of the latter to (99) implies a second order algebraic equation in A.
Equating the coefficients of the several powers of A equal to zero, we obtain the
following system of equations

A2 o.M =0, (104a)
A My, o3, My] + US My — M U° =0, (104b)
A0 Moy + UjgMy —MoU® =0, (104c¢)

where with [03, M|] we denote the commutator of o3 and M.

Equation (104a) implies that M; must be diagonal, i.e., M| = diag(ci, ¢3). Then,
we substitute M to (104b).

Now, for simplicity of the notation, we denote the (1, 1) and (2, 2) entries of M,
by f and g respectively. Then, it follows from (104c) that the entries of matrix M,
must satisfy the following equations

Of = 2(Mo,129 — proMo 1) , (105a)
0xg = 2(Mo21p — q10Mo.12) (105b)
9:Mo,12 = 2(pf — gp10) (105c¢)
Moo = 2(q8 — q1af) - (105d)

The off-diagonal part of (104b) implies that the (1,2) and (2, 1) entries of matrix
M, are given by

Mo12 = cip —capro, Moo = c1q10 — €29 . (106)

Additionally, from the diagonal part of (104b) we deduce that ¢;, = ¢, = 0.
Therefore, c;, i = 1,2 can be either zero or nonzero. Thus, after rescaling we can
choose either¢c; = 1, ¢, = 0 (rankM; = 1),0orc; = 0, ¢, = —1 (rankM; = 1),
orcy = l,cp = —1 (rankM; = 2). The first two choices correspond to gauge
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equivalent elementary Darboux matrices and the third one leads to a Darboux matrix
which can be given as a composition of the two previous elementary matrices.

Indeed, the choice ¢; = 1, ¢; = 0 implies My 1, = p and My 21 = q19. Moreover,
(105b) implies that g = const. = «, i.e.,

My = (f P) . (107)

qgio @

In this case the Darboux matrix is given by

1O\ (fp
(o0)+ (gue) o

where, according to (105), its entries satisfy

0f = 2(pq —p10qi0)/:» 00 =2(pf —apro)/s,  9xqi0 = 2(cq — qiaf) /-

(109)
Now, if & # 0, it can be rescaled to @ = 1.

In the case where o = 0, from (109) we deduce

Px =20, qox=—2fq0 - (110)
Thus, the Darboux matrix in this case is given by
10 fp
M(p, qi0,f) = A . 111

(v.q10.1) (o 0) " (qm o) (i

In addition, after an integration with respect to x, (110) imply that g9 = ¢/p.
In general, we have the following.

Proposition 3.13 Let M be an elementary Darboux matrix for the Lax operator
(103) and suppose it is linear in A. Then, up to a gauge transformation, M is given by

10
Mp.gnh =1 0)+ (7 7). (112)
00 qio 1
where the potentials p and q satisfy the following differential-difference equations
0 = 2(pq — p1oqi0) (113a)
axp = 2(pf — p1o) (113b)

dxq10 = 2(qg — q1af) - (113c)
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Moreover, matrix (112) degenerates to

fp _px
mon=i(oo) = (Gp0) - =5 @9

It is straightforward to show that system (113) admits the following first integral

0(f —pqi0) =0. (115)

which implies that d, detM = 0.

Exercise 3.14 Show that the choice ¢; = 0,c, = —1 in (106) leads to a
Darboux matrix gauge equivalent to (112), and, in particular, show that matrix
o1N(p1o, ¢, g)o; ! is of the form Eq. (112).

Remark 3.15 In this case, of the nonlinear Schrodinger equation, an elementary
Darboux transformation consists of an elementary Darboux matrix (112), which is
A-depended, and a system of DAEs, namely system (113). The latter is nothing
else but the spatial part of a Biacklund transformation associated to the nonlinear
Schrédinger equation, and it does not depend on the spectral parameter, A.

3.4 Derivation of Discrete Systems and Initial Value Problems

In this section we employ the Darboux matrices derived in the previous section
to derive discrete integrable systems. We shall present only the pairs of Darboux
matrices which lead to genuinely nontrivial discrete integrable systems. For these
systems we consider an initial value problem on the staircase.

3.4.1 Nonlinear Schriodinger Equation and Related Discrete Systems

Having derived two Darboux matrices for operator (103), we focus on the one given
in (112) and consider the following discrete Lax pair

Yio=MY, Y =KV, (116)
where M and K are given by
10
M=M@p.qon)=r(} )+ (7 7). (117a)
00 q10 1
10
K=M{p.qon.g) = A +(27). (117b)
00 gor 1
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The compatibility condition of (117) results to

Jfoor—f—1(810—8 =0, (118a)

Jo1 & —fg10 — P10gi0 + porgor =0, (118b)
p(for — &) —p1o+po =0, (118¢c)
qu(f —8) —qo + g1 =0. (118d)

This system can be solved either for (po1, qoi, fo1, &) or for (pio, qr0.f, g10). In either
of these cases, we derive two solutions. The first one is

plo=poi, qo=4qgon. f=8., 8o=f. (119)

which is trivial and corresponds to M(p, g10,f) = M(p, o1, &)-
The second solution is given by

qiop”* + (810 —f)p + o pioqii® + (f — g10)q11 + q10
= s qgo1 = s
I+ pgn I+ pgn
(120a)
g1 (1o + pgio) +f — pqio qui(pf —p1o) + g0 + Pqio
Jor = , g= .
1 + pgn 1 + pgn
(120b)

The above system has some properties which take their rise in the derivation of
the Darboux matrix. In particular, we have the following.

Proposition 3.16 System (120) admits two first integrals, ¥ := f — pqio and § :=
g — Pqo1, and the following conservation law

T-DF =8-1§. (121)

Proof Relation (115) suggests that
(T =D —pq10) =0 and (8 —1)(g—pgo) =0, (122)
which can be shown by straightforward calculation, and it is left as an exercise.

Thus, F = f — pqio and G := g — pqo; are first integrals. Moreover, (118a) can be
written in the form of the conservation law (121). |

Corollary 3.17 The following relations hold.

f—=pqo=an) and g-—pqgo = P(m). (123)
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Po1, 401 P11,911 Evolution determined by (117) :
for !
g g1o
J
pq P1o:910
m

Fig. 10 Initial value problem and direction of evolution

Remark 3.18 In view of relations (123), we can interpret functions f and g as
being given on the edges of the quadrilateral where system (120) is defined, and,
consequently, consider system (120) as a vertex-bond system [56].

Exercise 3.19 Show relations (122) using (118).

Our choice to solve system (118) for po;, go1, fo1 and g is motivated by the initial
value problem related to system (120). Suppose that the initial values for p and ¢
are given on the vertices along a staircase as shown in Fig. 10. Functions f and g are
given on the edges of this initial value configuration in a consistent way with the
first integrals (123). In particular, horizontal edges carry the initial values of f and
vertical edges the corresponding ones of g.

With these initial conditions, the values of p and g can be uniquely determined at
every vertex of the lattice, while f and g on the corresponding edges. This is obvious
from the rational expressions (120) defining the evolution above the staircase, cf.
Fig. 10.

For the evolution below the staircase, one has to use

qoip* + (for — @)p + por porqii® + (g — foqu + qoi
Pio = , qio = ,
14+pqgu 1+ pqn
(124a)
q11(po1 + pfor) + & — pqor q11(pg — po1) + for + pqor
g0 = , f= ,
1 4+ pqu 1+pqn
(124b)

which uniquely defines the evolution below the staircase as indicated in Fig. 10.
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Remark 3.20 We could consider more general initial value configurations of stair-
cases of lengths £; and ¢, in the n and m lattice direction, respectively. Such initial
value problems are consistent with evolutions (120), (124) determining the values
of all fields uniquely at every vertex and edge of the lattice.

Now, using first integrals we can reduce system (120) to an Adler—Yamilov type
of system as those in [8]. Specifically, we have the following.

Proposition 3.21 System (120) can be reduced to the following nonautonomous
Adler—Yamilov type of system for p and q:

- Mp  gor = qio 4 2P (125)
+ pgn

Po1 = P1o
1 4+ pqu

Proof The proof is straightforward if one uses relations (123) to replace f and g in
system (120). O

Now, we will use two different Darboux matrices associated with the NLS
equation to construct the discrete Toda equation [108].

In fact, we introduce a discrete Lax pair as (116), with M = M;(p,f) in (114)
and K = M(p, qo1, &) in (112). That is, we consider the following system

10
Wy = (A (0 0) + (’; g))w , (126a)
_ 10 gp
Yo = ()L (O 0) - (6]01 1)>lp ’ (1260)

and impose its compatibility condition.
From the coefficient of the A-term in the latter condition we extract the following
equations

f—foo=g—¢guw0, (127a)
1

por = — . (127b)
q11

Additionally, the A°-term of the compatibility condition implies

fng —g1of = ’% — pordor (128)
g0 —for = bot , (128b)

p
g—f="10 (128¢)
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Now, recall from the previous section that, using (123), the quantities g and g
are given by

g=B(m) +pgor and gio = B(m) + pioqi - (129)

We substitute g and g into (128b) and (128c), and then replace p and its shifts using
(127b). Then, we can express f and fj; in terms of the potential ¢ and its shifts:

p=20_ A0 4 gy, (130a)
qi0 g1

for =TTy B (130b)
q20 q11

Proposition 3.22 The compatibility of system (130) yields a fully discrete Toda type
equation.

Proof Applying the shift operator 7 on both sides of (130a) and demanding that its
right-hand side agrees with that of (130b), we obtain

qu _de 990 _ gy 41y~ B(m) . (131)

920 411 q12 6111_

Then, we make the transformation
q —> exp(—=w-1.-1) . (132)
which implies the following discrete Toda type equation
eMITITY WL M0 VTl = B(m 4 1) — B(m) (133)

and proves the statement. O

Exercise 3.23 Show that the discrete Toda equation (133) can be written in the
form of a conservation law.

3.5 Lax-Darboux Scheme for NLS Type Equations

In the previous section we used the NLS equation as an illustrative example to
describe the Lax—Darboux scheme. The NLS equation was not selected randomly,
but as a simple example of recent classification results of automorphic Lie algebras.
In particular, finite groups of fractional-linear transformations of a complex variable
were classified by Klein [66], and they correspond to the cyclic groups Z,, the
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dihedral groups D,, the tetrahedral group T, the octahedral group O and the
icosahedral group I. Following Klein’s classification, in [21, 22] it has been shown
that in the case of 2 x 2 matrices (n = 2), the essentially different reduction
groups are

* the trivial group (with no reduction);
* the cyclic reduction group Z; (leading to the Kac—-Moody algebra A});
* the Klein reduction group Z, x Z, = D,.

Now, the following Lax operators

10 0 2p
L=D,+2A , 134
- (0—1)+(2q 0) (3%
10 0 2p
L=D 2 134
42 (0_1)+A(2q0), (134b)
_ 2 92 10 02p —1 02(]
Lo oo (10 ea(L ) (02) . ase

constitute all the essential different Lax operators, with poles of minimal order,
invariant with respect to the generators of Z, and D, groups with degenerate orbits.?
In what follows, we study the Darboux transformations for all the above cases.

Operator (134a) is associated with the NLS equation [131], while (134b) and
(134c) are associated with the DNLS equation [65], and a deformation of the DNLS
equation [88], respectively.

In [67, 70], the Lax—Darboux scheme was applied to all cases (134a), (134b) and
(134c). As a result, for all these cases, Darboux transformations were studied and
novel discrete integrable systems were constructed.

4 Discrete Integrable Systems and Yang-Baxter Maps

As we mentioned in the introduction, a very important integrability criterion is that
of the 3D-consistency and, by extension, the multidimensional consistency [19, 94].

In what follows, we briefly explain what is the 3D-consistency property and we
review some recent classification results. For more information we refer to [57, 92]
which are two of the few self-contained books on the integrability of discrete
systems, as well as [53] for a collection of results.

SThese are orbits corresponding to the fixed points of the fractional linear transformations of the
spectral parameter.
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4.1 Equations on Quad-Graphs: 3D-Consistency

Let us consider a discrete equation of the form
O(u, uyo, ugr, ur;a,b) =0, (135)

where u;;, i,j = 0,1, u = ugo, belong in a set 4 and the parameters a,b € C.
Moreover, we assume that (135) is uniquely solvable for any u; in terms of the rest.
We can interpret the fields u; to be attached to the vertices of a square as in Fig. 11a.

If (135) can be generalized in a consistent way on the faces of a cube, then it is
said to be 3D-consistent. In particular, suppose we have the initial values u, u109, Uo10
and ugo; attached to the vertices of the cube as in Fig. 11b. Now, since (135) is
uniquely solvable, we can uniquely determine values u;9, u19; and ug;;, using the
bottom, front and left face of the cube. Then, there are three ways to determine value
u111, and we have the following.

Definition 4.1 If for any choice of initial values u, ujo, ugio and ugyy;, equation
QO = 0 produces the same value u;;; when solved using the left, back or top face of
the cube, then it is called 3D-consistent.

Note 4.2 In the above interpretation, we have adopted similar notation to (101)-
(102): We consider the square in Fig. 11a to be an elementary square in a two-
dimensional lattice. Then, we assume that field # depends on two discrete variables
nand m, i.e., u = u(n, m). Therefore, u;s on the vertices of Fig. 11a are

Uor1
a
Uil
|
|
|
|
Uoy Uy ' a
O Upo1 I Ujol c
|
I
|
|
, Hoto
b c @-----q4----- uiio
Y
d
7
s b
@ @ @
u Uuio u a U100
(a) Quad-Graph (b) Cube

Fig. 11 3D-consistency. (a) Quad-graph. (b) Cube
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ugo = u(n,m) , up =um+1,m),
(136)
upy = u(n,m+1), uyp=un+1,m+1).

Moreover, for the interpretation on the cube we assume that u# depends on a third
variable k, such that

upoo = u(m,m, k), w0 =um+1,mk),... ,uyp=um+1,m+1,k+1).
(137)

Now, as an illustrative example we use the discrete potential KdV equation which
first appeared in [58].

Example 4.3 (Discrete Potential KdV Equation)  Consider (135), where Q is
given by

O(u, uyg, uor, uy1; a, b) = (u—uyy)(uo — uot) + b —a. (138)

Now, using the bottom, front and left faces of the cube Fig. 11b, we can solve
equations

O(u, u100, Uo10, U110; @, b) = 0, (139a)
O(u, w100, uoo1, 1015 a,¢) =0, (139b)
O(u, uo10, Uoo1, Uo11: b,c) =0, (139¢)

to obtain solutions for u;9, 4191 and ug;1, namely

a—>b
Ujlo=u~+ —— (140a)
Upro — U100
a—~cC
Moy = U+ ———— (140b)
Upor — U100
b_
oy =+ ——— (140c)
Upo1 — U010

respectively.
Now, if we shift (140a) in the k-direction, and then substitute u;¢; and uy;; (which
appear in the resulting expression for u;;) by (140), we deduce

_ (a—D)uiootto10 + (b — c)ugiotoor + (¢ — a)uiootoon
Ui = — . (141)
(a —b)ugor + (b — c)uipo + (¢ — @)uoio

It is obvious that, because of the symmetry in the above expression, we would obtain
exactly the same expression for u;;; if we had alternatively shifted u;o; in the m-
direction and substituted u;;9 and up;; by (140), or if we had shifted ug;; in the n-
direction and substituted u;19 and u;¢;. Thus, the dpKdV equation is 3D-consistent.
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4.2 ABS Classification of Maps on Quad-Graphs

In 2003 [9] Adler et al. classified all the 3D-consistent equations in the case where
A = C. In particular, they considered all the equations of the form (135), where
u, uyg, Uor, U1, a, b € C, that satisfy the following properties:

L. Multilinearity. Function Q = Q(u, ujo, uo1, u11; a, b) is a first order polyno-
mial in each of its arguments, namely linear in each of the fields u, u;q, uo1, u11-
That is,

O(u, uyo, uor, U11; a, b)

= ajuuoto1U11 + arutiotior + azuoui + -+ + aie . (142)

where a; = a;(a,b),i =1,...,16.
II. Symmetry. Function Q satisfies the following symmetry property

O(u, uyo, ugy, ur1; a, b) = €Qu, ugr, uro, uy1; b, a)
(143)

= 0Q(uo, u, u11, Uo1; a, b) ,

withe, o0 = £1.
III. Tetrahedron property. That is, the final value u;;; is independent of u.

ABS proved that all the equations of the form (135) which satisfy the above
conditions, can be reduced to seven basic equations, using Mobius (fraction linear)
transformations of the independent variables and point transformations of the
parameters. These seven equations are distributed into two lists known as the Q-
list (list of 4 equations) and the H-list (list of three equations).

Remark 4.4 The discrete potential KdV (dpKdV) equation, which we shall consider
in Eq. (161), is the first member of the H-list (Hy).

Those equations of the form (135) which satisfy the multilinearity condition (1),
admit Lax representation. In fact, in this case, introducing an auxiliary spectral
parameter, A, there is an algorithmic way to find a matrix L such that (135) can
be written as the following zero-curvature equation

L(uy1, uor; a, A)L(uor, u; b, A) = L(uyy1, uyo; b, A)L(19, us a, 1) . (144)
We shall see later on that 1. equations of the form (135) with the fields on the

edges of the square Fig. 11a are related to Yang—Baxter maps and 2. Yang—Baxter
maps may have Lax representation as (144).
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4.2.1 Classification of Quadrirational Maps: The F-List

A year after the classification of the 3D-consistent equations, ABS in [10] classified
all the quadrirational maps in the case where A = CIP!; the associated list of maps
is known as the F-list. Recall that, a map Y: (x,y) — (u(x,y),v(x,y)) is called
quadrirational, if the maps

u(,y):Ah—>~A, v, .)A—> A, (145)

are birational. In particular, we have the following.

Theorem 4.5 (ABS, F-List) Up fo Mobius transformations, any quadrirational
map on CP' x CP! is equivalent to one of the following maps

(I1=bx+b—a+ (a—1)y

= ayP, v = bxP pP= ; (F
=@ * b(1 —a)x + (a—b)xy + a(b— 1)y Fp
—by+b—
u:XP, U:EP, P:—ax v+ a; (Fur)
a b X—=Yy
—b
u="2p, vsz, P=u; (Fmn)
a b xX—y
b—a
u=yP, v=2xP, P=1+ ; (Frv)
x—y
a—>b
u=y+P, wv=x+P, P= , (Fv)
X—=y

up to suitable choice of the parameters a and b.

We shall come back to the F-list in Sect.4, where we shall see that all the
equations of the F-list have the Yang—Baxter property; yet, the other members of
their equivalence classes may not satisfy the Yang—Baxter equation. However, we
shall present a more precise list given in [103].

4.3 The Yang-Baxter Equation

The original (quantum) Yang—Baxter equation originates in the works of Yang [126]
and Baxter [15], and it has a fundamental role in the theory of quantum and classical
integrable systems.

Here, we are interested in the study of the set-theoretical solutions of the Yang—
Baxter equation. The first examples of such solutions appeared in 1988, in a paper
of Sklyanin [107]. However, the study of the set-theoretical solutions was formally
proposed by Drinfiel’d in 1992 [37], and gained a more algebraic flavor in [20].
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Veselov, in [123], proposed the more elegant term “Yang—Baxter maps” for this type
of solutions and, moreover, he connected them with integrable mappings [123, 124].

Let V be a vector space and ¥ € End(V ® V) a linear operator. The Yang—Baxter
equation is given by the following

Y2oyBoyB =yPoyBoy?, (146)

where Y¥ i, j = 1,2,3,i # j, denotes the action of Y on the ij factor of the triple
tensor product V ® V ® V. In this form, (146) is known in the literature as the
quantum YB equation.

4.3.1 Parametric Yang-Baxter Maps

Let us now replace the vector space V by a set A, and the tensor product V ® V
by the Cartesian product A x A. In what follows, we shall consider A to be a finite-
dimensional algebraic variety in KV, where K is any field of zero characteristic, such
as C or Q.

Now, let Y € End(A x A) be a map defined by

Y:(x,y) — (u(x,y), v(x,y)) . (147)

Furthermore, we define the maps Yie End(AxAxA) fori,j =1,2,3,i # j, which
appear in (146), by the following relations

Y2 (x.y.2) = (u(x.y). v(x.y).2) . (148a)
YR, y,2) = (ulx,2),,v(x,2)) , (148b)
Y2 (xy.2) = (xu(y.2).v(.2) - (148¢)

Let also Y?! = nYx, where 7 € End(A x A) is the permutation map: 7(x,y) =
(v, x).

Map Y is a YB map, if it satisfies the YB equation (146). Moreover, it is called
reversible if the composition of Y?! and Y is the identity map, i.e.,

Ylovy=1d. (149)

Now, let us consider the case where parameters are involved in the definition of
the YB map. In particular we define the following map

Yop: (x,y) = (u,v) = (u(x,y;a,b), v(x,y;a, b)) . (150)

This map is called parametric YB map if it satisfies the parametric YB equation
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Y (y, b)

(x;a)

(a) (b)

Fig. 12 Cubic representation of (a) the parametric YB map and (b) the corresponding YB equation

Y oY oY, =Y oY, oY, . (151)
One way to represent the map Y, is to consider the values x and y taken on the
sides of the quadrilateral as in Fig. 12a; the map Y, ; maps the values x and y to the
values placed on the opposite sides of the quadrilateral, # and v.
Moreover, for the YB equation, we consider the values x, y and z taken on the
sides of the cube as in Fig. 12b. Specifically, by the definition (148) of the functions
YY, the map Y;? maps

23
Y

(xvy» Z) —(> (xvy(l)vz(l)) s (152)
using the right face of the cube. Then, map Y3 maps
Yih
oy ™, 20) =5 (03D 22) = Y3 0 Y2 (x,y,2) (153)

using the front face of the cube. Finally, map Y ;% maps

Yah
(x(l),y(l),z(z)) — (x(z),y(z), z(z)) = Y;i o Y(}% o Yﬁ(x, v,2) , (154)

using the top face of the cube.

On the other hand, using the bottom, the back and the left face of the cube, the
values x, y and z are mapped to the values @, $® and 2? via the map Y72 oY} 3oY!3
which consists with the right-hand side of equation, namely (147) '

YR oY, o ¥p3(x.y.2) = (P, 5P,2?) . (155)
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Therefore, the map Y, satisfies the YB equation (151) if and only if x® = 3,
Y = 5@ and 7@ = 3@

Most of the examples of YB maps which appear in these lecture notes are
parametric.

Example 4.6 One of the most famous parametric YB maps is Adler’s map [7]

Yap a—>b a—>b
Y) —> (u,v) = -, , 156
(x,y) (u,v) ( x+yx+x+y) (156)

which is related to the 3D consistent discrete potential KDV equation [93, 101].

Exercise 4.7 By straightforward substitution, show that Adler’s map (156) satisfies
the YB equation (146).

4.3.2 Matrix Refactorization Problems and the Lax Equation

Let us consider the matrix L depending on a variable x, a parameter ¢ and a spectral
parameter A, namely L = L(x; c, A), such that the following matrix refactorization
problem

L(u;a, A)L(v; b, A) = L(y; b, A)L(x;a,A), forany A € C, (157)

is satisfied whenever (u, v) = Y,;(x,y). Then, L is called Lax matrix for Y, ;, and
(157) is called the Lax-equation or Lax-representation for Y, ;.

Note 4.8 In the rest of this thesis we use the letter “L” when referring to Lax
matrices of the refactorization problem (157) and the bold “L” for Lax operators.
Moreover, for simplicity of the notation, we usually omit the dependence on the
spectral parameter, namely L(x; a, A) = L(x; a).

Since the Lax equation (157) does not always have a unique solution for (u, v),
Kouloukas and Papageorgiou in [72] proposed the term strong Lax matrix for a YB
map. This is when the Lax equation is equivalent to a map

(u,v) = Yap(x,y) . (158)

The uniqueness of refactorization (157) is a sufficient condition for the solutions of
the Lax equation to define a reversible YB map of the form (158). In particular, we
have the following.

Proposition 4.9 (Veselov) Let u = u(x,y), v = v(x,y) and L = L(x; &) a matrix
such that the refactorization (157) is unique. Then, the map defined by (158) satisfies
the Yang—Baxter equation and it is reversible.

In the case where the map (158) admits Lax representation (157), but it is not
equivalent to (157), one may need to check the YB property separately.
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In these lecture notes, we are interested in those YB maps whose Lax represen-
tation involves matrices with rational dependence on the spectral parameter, as the
following.

Example 4.10 In terms of Lax matrices, Adler’s map (156) has the following strong
Lax representation [109, 124]

L(u;a, A)L(v;b,A) = L(y; b, A)L(x;a,A) , forany A € C, (159)

where

uxmx)z(ﬁfﬂi)—x<fg). (160)

4.4 Yang-Baxter Maps and 3D Consistent Equations

From the representation of the YB equation on the cube, as in Fig. 12b, it is clear
that the YB equation is essentially the same with the 3D consistency condition with
the fields lying on the edges of the cube. Therefore, one would expect that we can
derive YB maps from equations having the 3D consistency property.

The connection between YB maps and the multidimensional consistency condi-
tion for equations on quad graphs originates in the paper of Adler et al. in 2003 [9].
However, a more systematic approach was presented in the paper of Papageorgiou
et al. [102] a couple of years later and it is based on the symmetry analysis of
equations on quad-graphs. In particular, the YB variables constitute invariants of
their symmetry groups.

We present the example of the discrete potential KdV (dpKdV) equation [93,
101] which was considered in [102].

Example 4.11 The dpKdV equation is given by

(ft =) fio—for) —a+b=0, (161)

where the fields are placed on the vertices of the square as in Fig. 13. We consider
the values on the edges to be the difference of the values on the vertices, namely

x=fio—f, y=fu—fio, u=fu—Jfo, and v=fo—f, (162)
as in Fig. 13. This choice of the variables is motivated by the fact that the dpKdV

equation is invariant under the translation f — f + const. Now, the invariants (162)
satisfy the following equation

xX+y=u+v. (163)
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fOl' .fll u

re® ® /o0

X

Fig. 13 (a) dpKdV equation: fields placed on vertices. (b) Adler’s map: fields placed on the edges

Moreover, (161) can be rewritten as
x+yx—v)=a—>b. (164)

Solving (163) and (164), we obtain the Adler’s map (156).

4.5 Classification of Quadrirational YB Maps: The H-List

All the quadrirational maps in the F-list presented in the first chapter satisfy the YB
equation. However, in principle, their Mobius-equivalent maps do not necessarily
have the YB property, as in the following.

Example 4.12 Consider the map Fy of the F-list. Under the change of variables

(xvyvuv U) - (—.X, —y, u, l)) ) (]65)
it becomes
—b —b
(x,y) — (—y— a0 x-l ) : (166)
xX—y xX—y

The above map does not satisfy the YB equation.

In fact, all the maps of the F-list lose the YB property under the transformation
(165).

The quadrirational maps which satisfy the YB equation were classified in [103].
Particularly, their classification is based on the following.

Definition 4.13 Let p;:X — X be a A-parametric family of bijections. The
parametric YB maps Y, ; and Y, ;, are called equivalent, if they are related as follows
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~

Yap =pg' X0y Yap paX Py - (167)
Remark 4.14 1t is straightforward to show that the above equivalence relation is
well defined; if ¥, ; has the YB property, so does the map Y, .

The representative elements of the equivalence classes, with respect to the
equivalence relation (167), are given by the following list.

Theorem 4.15 Every quadrirational parametric YB map is equivalent (in the sense
(167)) to one of the maps of the F-list or one of the maps of the following list

_(I=Dxy+(b—a)y+bla—1)

= _15 = E) - £l H
u=y0 v =0 0 1—axy+(@—bx+ab-1) (Hr)
- a+ (b—a)y—bxy
u=y0T w=a0 Q=g (Hn)
y X ax + by
= - s = — ) = 5 H
u aQ v bQ 0 Ty (Hm)
1 axy + 1
= = s = — H
u=yQ v =xQ by + 1 (Hrv)
a—>b
u=y—P, v=x+P, P= : (Hy)
X+y

We refer to the above list as the H-list. Note that, the map Hy is the Adler’s map
(156).

4.6 Derivation of Yang—Baxter Maps from Darboux
Transformations

In this section we shall show how we can use Darboux transformations of particular
Lax operators to construct Yang—Baxter maps, which can then be restricted to
completely integrable ones (in the Liouville sense) on invariant leaves.

4.6.1 Invariants and Integrability of Yang—Baxter Maps
Proposition 4.16 If L = L(x,a; A) is a Lax matrix with corresponding YB map, Y

(x,y) = (u,v), thenthe tr(L(y, b; A)L(x, a; L)) is a generating function of invariants
of the YB map.
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Proof Since,
(157)

tr(L(u, a;AM)L(v, b; A)) = tr(L(y, b; A)L(x, a; )L))
(168)

= tr(L(x, @ ADL(y, b 1))

and the function tr(L(x, a; A)L(y, b; )L)) can be written as tr(L(x, a; A)L(y, b; )L)) =
Dk AL (x,v; a, b), from (168) follows that

Ii(u, ”U;Cl,b) :Ii(X,y;a, b) s (169)

which are invariants for Y. O

The invariants of a YB map are essential towards its integrability in the Liouville
sense. Note that, the generated invariants, I;(x, y; a, b), in Proposition 4.16, may not
be functionally independent. In what follows, we define the complete (Liouville)
integrability of a YB map, following [47, 122]. However, for Liouville integrability,
the reader is expected to have some basic knowledge of Poisson geometry [13, 83].

Definition 4.17 A 2N-dimensional Yang-Baxter map,
YZ(X],...,XZN) = (M],...,MQN) s u; = Mi(.X],...,.sz) s i = 1,...,2N,

is said to be completely integrable or Liouville integrable if

1. there is a Poisson matrix, J;; = {x;, x;}, of rank 2r, which is invariant under the
action of the YB map, namely J;; and ][j = {u;, u;} have the same functional form
of their respective arguments,

2. map Y has r functionally independent invariants, /;, namely /; o Y = I;, which are
in involution with respect to the corresponding Poisson bracket, i.e., {;, [;} = 0,
ij=1,....ri#]j

3. there are k = 2N — 2r Casimir functions, namely functions C;, i = 1,...,k,
such that {C;,f} = 0, for any arbitrary function f = f(xy,...,xoy). These are
invariant under Y, namely C; o Y = C;.

4.6.2 Example: From the NLS Equation to the Adler-Yamilov YB Map

Recall that, in the case of NLS equation, the Lax operator is given by

L(p.q: ) = Dy + AU, + Uy, where U; = 03, Uy = (20 25’) , (170)
q

where o3 is the standard Pauli matrix, i.e., o3 = diag(1, —1).
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Moreover, a Darboux matrix for L is given by

_ (10 fp
M_A(O 0) * (6]10 1) . (a7

The entries of (171) must satisfy the following system of equations
Oy = 2(pg — p10q10). 9p = 2(pf —p10) . 0xqi0 =2(q—quaf) . (172)
which admits the following first integral
0x(f —pq10) = 0. (173)

This integral implies that d, detM = 0.
In correspondence with (171), we define the matrix

M(x:A) = A (1 O) n (X x‘) Cox= (LX), (174)
00 X2 1

and substitute it into the Lax equation (157)
M@u; MM(v; L) = M(y; A)M(x; L) 175)
to derive the following system of equations

vi=x1, =y, U+V=X+Y, wv =xy,
up +U0v =y1+x1Y, yiva + UV =001 + XY, vn +wV=x 4+ Xy, .
The corresponding algebraic variety is a union of two six-dimensional com-

ponents. The first one is obvious from the refactorization problem (175), and it
corresponds to the permutation map

Xu=y, yHvV=Xx,

which is a (trivial) YB map. The second one can be represented as a rational six-
dimensional noninvolutive map of K* x K* — K* x K3

2
xixo —x1 X +x1Y

x1|—>u1:y1+ 172 1A+ 0 , YV =X, (176a)
14+ x1y2

X2 + V13 + 2 X — oY

Xo > Up =Yyo, = vy =
2 2 =)2 »2 2 1+ %172

(176b)
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yiy2 —x1x + X + x; Y XX =y X +Y

X—>U= , Y=V )
1+ x1y2 1+ x1y;
(176¢)
which, one can easily check that, satisfies the YB equation.
The trace of M(y; A)M(x; A) is a polynomial in A whose coefficients are
r(M(y; OM(x; 1)) = A% + AL(x,y) + L(X,Y)
where
L(x,y)=X+Y and bL(x,y) =xy +x1y, + XY, 77

and those, according to Proposition 4.16, are invariants for the YB map (176).

In the following section we show that the YB map (176) can be restricted to a
four-dimensional YB map which has Poisson structure.

Now, we show that map (176) can be restricted to the Adler—Yamilov map on
symplectic leaves, by taking into account the first integral, (173), of the system
172).

In particular, we have the following.

Proposition 4.18 For the six-dimensional map (176) we have the following:

1. The quantities ® = X —x1x, and ¥ = Y —y,y; are its invariants (first integrals).
2. It can be restricted to a four-dimensional map Y, : Ay X Ap — Ay X Ap, where
Ag, Ay are level sets of the first integrals ® and ¥, namely

Ae ={(x,x,X) e K} | X =a+ xix2}, (178a)
Ay ={(1.2.Y) €K’ | Y =D+ yiy} . (178b)

Moreover, map Y, is the Adler—Yamilov map.

Proof 1. It can be readily verified that (176) implies U — uju; = X — x1x, and
V —vjvy = Y — y1y,. Thus, @ and ¥ are invariants, i.e., first integrals of the
map.

2. The existence of the restriction is obvious. Using the conditions X = x;x; + a
and Y = y;y, + b, one can eliminate X and Y from (176). The resulting map,
X — u(x,y),y — v(x,y), is given by

x.y) Yab ( a—>b n a—>b ) (179
X,y) —> — X1, V2, X1, X + ——— .

y V1 T+ x7 1, Y2, X1, X2 1+x1y2y2
Map (179) coincides with the Adler—Yamilov map. O

Map (179) originally appeared in the work of Adler and Yamilov [8]. Moreover,
it appears as a YB map in [71, 100].
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Now, one can use the condition X = x;x, + a to eliminate X from the Lax matrix
(174), i.e.,

M(xia.)) = A ((1) g) + (“ + 30 "‘) L ox=(nm) . (180)

X2 1

The form of Lax matrix (180) coincides with the well-known Darboux transforma-
tion for the NLS equation (see [105] and references therein). Now, Adler—Yamilov
map follows from the strong Lax representation

M, a, AYM(v;b,A) = M(y; b, A )M(x;a, ) . (181)

Therefore, the Adler—Yamilov map (179) is a reversible parametric YB map with
strong Lax matrix (180). Moreover, it is easy to verify that it is not involutive.
For the integrability of this map we have the following

Proposition 4.19 The Adler—Yamilov map (179) is completely integrable.

Proof The 4 x 4 Poisson matrix associated to the following Poisson bracket
{x1, %} ={yi,y»2} =1, andall therest {x;,y;} =0, (182)

is invariant under the YB map (179), namely the latter is a Poisson map with respect
to the Poisson bracket 7 = (9/dx;) A (9/0dx2) + (3/3y1) A (9/0dy,). Now, from the
trace of M(y; b, A)M(x; a, A) we obtain the following invariants for the map (179)

L(xy) =xixo+yiy2+a+b, (183)

L(x,y) = (a+ x1x2) (b + y1y2) + x1y2 + 0231 + 1. (184)

It is easy to check that I1, I, are in involution with respect to (182), namely {I;,,} =

0. Therefore the map (179) is completely integrable. O
The above proposition implies the following.

Corollary 4.20 The invariant leaves A, and By, given in (178), are symplectic.

4.7 Yang-Baxter Maps for NLS Type Equations.
Noncommutative Extensions

In the previous section we showed how one can use Darboux transformations to
construct Yang—Baxter maps which can restrict to completely integrable ones on
invariant leaves. In particular, using a Darboux transformation for the NLS equation,
namely matrix (171), we constructed the six-dimensional Yang—Baxter map (176)
which was restricted to the completely integrable Adler—Yamilov map (179) on the



Discrete Integrable Systems, Darboux Transformations, and Yang—Baxter Maps 255

invariant (symplectic) leaves (178). In [67, 68], all Yang—Baxter maps related to the
cases (134a), (134b) and (134c), as well as their integrability, were studied, using
the associated Darboux transformations.

Motivated by some results on noncommutative extensions (in a Grassmann
setting) of Darboux transformations and their use in the construction of noncommu-
tative discrete integrable systems [50], in [51, 69], the first steps towards extending
the theory of Yang—Baxter maps were made.
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Symmetry-Preserving Numerical Schemes

Alexander Bihlo and Francis Valiquette

Abstract In these lectures we review two procedures for constructing finite
difference numerical schemes that preserve symmetries of differential equations.
The first approach is based on Lie’s infinitesimal symmetry generators, while the
second method uses the novel theory of equivariant moving frames. The advantages
of both techniques are discussed and illustrated with the Schwarzian differen-
tial equation, the Korteweg—de Vries equation and Burgers’ equation. Numerical
simulations are presented and innovative techniques for obtaining better invariant
numerical schemes are introduced. New research directions and open problems are
indicated at the end of these notes.

1 Introduction

The aim of geometric numerical integration is to develop numerical integrators
that preserve geometric properties of the system of differential equations under
investigation. Classical examples include symplectic integrators [36, 51], energy
preserving methods [77], and schemes that preserve a Lie—Poisson structure [88].
The motivation behind geometric numerical integration is that, as a rule of thumb,
such integrators will typically give better global or long term numerical results than
standard methods since they incorporate qualitative properties of the system under
consideration.

In mathematical physics, most fundamental differential equations are invariant
under a certain collection of symmetry transformations. These symmetries can be
point transformations, contact transformations, or generalized transformations [68].
In all cases, the symmetries of a differential equation encapsulate important proper-
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ties of the equation and its solutions. Furthermore, Lie group techniques are amongst
the most effective methods for obtaining explicit solutions and conservation laws of
nonlinear differential equations [11, 68, 76].

When discretizing differential equations invariant under a certain symmetry
group, there are different incentives for preserving the symmetries of these equa-
tions. From a physical standpoint, discrete spacetime models should preserve the
symmetries of their continuous counterparts. Mathematically, Lie group techniques
could then be used to find explicit solutions and compute conservation laws of
the discrete models. From a more practical point of view, symmetry-preserving
discretizations should share some exact solutions with the original differential
equations, or at least provide better approximations than noninvariant numerical
schemes.

In the last 30 years, the application of Lie group techniques to finite differ-
ence equations has become a very active field of research. To the best of our
knowledge, Yanenko and Shokin were the first to use group theoretical methods
to study finite difference schemes by introducing first differential approximations
of difference equations [82, 87]. The application of Lie group methods to finite
difference equations, as we know it today, was first introduced by Dorodnitsyn
in 1989 [23]. Early on, one of the main focuses in the field was to construct
Lie point symmetry-preserving finite difference approximations of differential
equations. Beside Dorodnitsyn, early contributors include Bakirova, Kozlov, Levi,
and Winternitz who constructed symmetry-preserving schemes for heat transfer
equations [2, 3, 26], variable coefficient Korteweg—de Vries equations [27], Burgers’
equation [37], the nonlinear Schrodinger equation [17], and second-order ordinary
differential equations [28]. Symmetry-preserving approximation of Euler—Lagrange
equations and their corresponding Lagrangian have also been considered in [29, 30],
and the application of Noether’s theorem to compute conservation laws has been
extensively studied in the discrete setting [24, 44, 45]. The applications of Lie point
symmetries to finite difference equations have also been extended to generalized
symmetries [54, 55], A-symmetries [53, 59], and contact transformations [62].

In recent years, more systematic efforts have been directed towards investigating
the numerical performance of symmetry-preserving schemes. For ordinary differen-
tial equations, symmetry-preserving schemes have proven to be very promising. For
solutions exhibiting sharp variations or singularities, symmetry-preserving schemes
systematically appear to outperform standard numerical schemes [13, 14, 18, 50].
For partial differential equations, the improvement of symmetry-preserving schemes
versus traditional integrators is not as clear [9, 49, 61, 78]. On one hand, it was
shown in [85] that symmetry-preserving schemes do much better in tracking sharp
interfaces in Hamilton—Jacobi equations. On the other hand, invariant numerical
schemes for evolution equations generally require the use of time-evolving meshes
which can lead to mesh tangling and thereby severely limit the use of symmetry-
preserving schemes. In this case, special techniques have to be developed to avoid
mesh singularities. For example, new ideas relying on r-adaptivity have been
implemented to improve the performance of invariant integrators [7]. Also, in [5, 6]
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an invariant evolution—projection strategy was introduced and invariant meshless
discretization schemes were considered in [4].

The preceding references only provide a short bibliographical overview of the
field. Many papers had to be omitted. More references on the subject can be found
in the survey papers [56, 86], and the books [25, 44].

Given a differential equation with symmetry group G, the first step in construct-
ing a symmetry-preserving numerical scheme is to compute difference invariants
of the product action of G on a chosen stencil. There are mainly two approaches
for constructing those invariants. Most of the references cited above use the
infinitesimal symmetry generators of the group action and Lie’s infinitesimal
invariance criterion to construct difference invariants. Alternatively, the difference
invariants can be constructed using the novel method of equivariant moving frames
mainly developed by Olver, which was done in [4, 21, 50, 70, 78, 79]. Given
sufficiently many difference invariants, an invariant numerical scheme is, in general,
obtained by finding a suitable combination of these invariants that converges
to the original differential equation in the continuous limit. When using Lie’s
infinitesimal generator approach, a suitable combination is found by taking the
Taylor expansion of the difference invariants and combining them in such a way
to obtained the desired invariant scheme. With the method of moving frames, a
suitable combination is found more systematically by invariantizing a noninvariant
numerical scheme. Since the symmetry group of a differential equation will,
in general, act on both the independent and dependent variables, a symmetry-
preserving numerical scheme will usually not be defined on a uniform orthogonal
mesh.

The application of Lie groups to finite difference equations is a vast and very
dynamic field of study. While preparing these lecture notes we had to omit many
interesting applications and important results. The focus of these notes will be on
the theoretical construction of invariant numerical schemes and their numerical
implementation. At the heart of all our considerations are differential equations,
finite difference equations, symmetry groups, and invariants. These familiar notions
are all reviewed in Sects. 2, 3, and 4. As outlined above, there are two different
approaches for computing invariants of a Lie group action. The infinitesimal
approach based on Lie’s symmetry generators is introduced in Sect. 4.1, while the
equivariant moving frame approach is explained in Sect. 4.2. Section 5 is devoted to
weakly invariant equations, which can play an important role in the construction of
symmetry-preserving schemes. The construction of symmetry-preserving numerical
schemes is carefully explained in Sect.6. To illustrate the implementation, we
consider the Schwarzian differential equation and the Korteweg—de Vries (KdV)
equation. In Sect. 7 we carry out numerical simulations for the Schwarzian equation,
the KdV equation and Burgers’ equation. For partial differential equations, the
invariance of a numerical scheme does not, in general, guarantee better numerical
results. We will show that symmetry-preserving schemes can lead to mesh tangling,
which limit their practical scope. To circumvent this shortcoming, we discuss new
invariant numerical strategies. For the Korteweg—de Vries equation, we introduce
invariant evolution—projection schemes and invariant adaptive numerical schemes.
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Unlike the KdV equation, solutions to Burgers’ equation can exhibit shocks. For
these shock solutions we propose a new invariant finite volume type scheme. Finally,
in Sect. 8 we identify some open problems and challenges in the field of symmetry-
preserving numerical integrators.

2 Differential and Difference Equations

In this section we review the definitions of differential equations and finite differ-
ence equations. We take this opportunity to introduce some of the notation used
throughout these notes.

2.1 Differential Equations

Let M be an m-dimensional manifold. For 0 < £ < oo, let J© = J© (M, p) denote
the extended {th order jet space of 1 < p < m dimensional submanifolds S C M
defined as the space of equivalence classes of submanifolds under the equivalence
relation of £th order contact at a point [68]. Local coordinates on J © are given by
the £-jet

(x.u®) | )

where x = (x!, ..., x”) correspond to the independent variables and u“ denotes the
derivatives

o ok ue
u = -
T (x Y e (Qxp
withl <e<g=m—-pand0<k=j +---+j, < L.

In the above notation, J = (ji, ..., j,) is an ordered p-tuple of nonnegative integers,
with entries j; > 0 indicating the number of derivatives taken in the variable x'. The
order of the multi-index, denoted by #J = k, indicates how many derivatives are
being taken.

Example 2.1 In the case where p = 2 and ¢ = 1, we have two independent
variables (x',x*) = (t,x) and one dependent variable #' = u. Then, the second
order jet space is parametrized by

(ta Xy Wy Upy Uy, Ugry Upys MXX) .
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Definition 2.2 A differential equation of order n is the zero locus of a differential
map A:J© — R. That is,

A(x, u(l)) =0. 2)

For later use, we introduce two regularity requirements on differential equations.

Definition 2.3 A differential equation A(x, u(‘f)) = 0 is said to be regular if the
rank of its differential

da = Z 92 4o 4 Zzaaduﬂ
J a=1

is constant on the domain of definition of A: J®© — R.

Example 2.4 Any evolutionary partial differential equation
A(t,x, u(z)) =u—f(t,x, U, Uy, Uy, ... Ue) =0

is regular since the rank of dA = du, — df is one.

Deﬁnition 2.5 A differential equation A(x u® ) = 0 is locally solvable at a point
(xo, “0 ) if there ex1sts a smooth solution u = f(x), defined in the neighborhood

of xo, such that u{” = f©(xy). A differential equation which is both regular and
locally solvable is said to be fully regular.

The above description assumes that a submanifold S C M is locally represented
as the graph of a function § = {(x, f (x))}. Alternatively, when no distinction
between independent and dependent variables is made, a submanifold S C M is
locally parameterized by p variables s = (s', ..., s”) € R” such that

(x(s), u(s)) es

In numerical analysis, the independent variables s = (s',...,s") are called
computational variables [39]. These are the variables that are discretized when finite
difference equations are introduced in Sect.2.2. We let ¢© denote the £th order
jet space of submanifolds S C M parametrized by computational variables. Local
coordinates on (¥ are given by

(sx ([))—( xiA...uf:A...), 3)

withl <i<p, 1 <a<g,and0 <#A < /.

Remark 2.6 'We hope that the jet notations (x, «) and (s, x©, 4©) will not confuse
the reader. The independent variable, that is x and s, respectively, indicates with
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respect to which variables the dependent variables u# (and x in the second case) are
differentiated in u(®.

Example 2.7 In the case where p = 2 and m = 3, let (s', s2) = (t,s) denote the
two computational variables and let (¢, x, u) be a local parametrization of M. Then
the second order jet space ¢ is parametrized by

(Tv s, ta X, U, tra tsvxra -xs, M'[» Msa tTI5 tl's’ tss’x'[l"xlsvxss» utrv ursv uss)'

The transition between the jet coordinates (1) and (3) is given by the chain rule.
Provided

b, .
det 2 #0, wherel <i,j<p, @)
sl

the implicit total derivative operators
P N
. . BIY
D, = WiDg, (W) =|—-— , i=1,...,p,
Z Do W) (a) g

are well-defined, and successive application of those operators to the dependent
variables u® will give the coordinate expressions for the x-derivatives of u in terms
of the s-derivatives of x and u:

Jp

P 71 14
% = (Da)' -+ (DpYru® = (Z w! Dsz) (Z W DS,) ue . (5)
=1 =1

We note that the nondegeneracy constraint (4) implies that the change of variables
x = x(s) is invertible.

Example 2.8 Combining Examples 2.1 and 2.7, assume that x = x(z,s) and r =
t(t, s) are functions of the computational variables (z, s). Provided

Xt X

det [’f tS} =ty — 13, £ 0, 6)

the implicit derivative operators

t: Dy —t;, D, Xy Dy — x; Dy
= "~ p=="t T (7

D, ,
Xsly — Xl Xsly — Xl
are well-defined. It follows that

Irus — Uy Xs Ur — Xg Uy
Uy = —————, U= —"—"—. (®)

Xsly — Xl Xsly — Xl

Relations for the higher order derivatives are obtained by applying (7) to (8).
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Given a differential equation (2), the chain rule (5) can be used to re-express (2)
in terms of x' = x'(s), u® = u”(s) and their computational derivatives x_,, u%;:

As, 9 u®) = A(x,u?) = 0. (9a)
Recall that (s,x“) u(“) = (s,. ...) € 9 for A = 0 in (9a) while
(x,u®) = (x,.. .)€ J(Z) in A = 0 Equation (9a) can be supplemented by

companion equatlons [64]
As,x9,uD) = 0. (9b)

The latter are introduced to impose restrictions on the change of variables x =
x(s). The system of differential equations (9) is called an extended system of the
differential equation (2). For the extended system of differential equations (9) to
share the same solution space as the original equation (2), the companion equations
(9b) cannot introduce differential constraints on the derivatives u® “

Definition 2.5 is readily adapted to the computational variable framework.

Definition 2.9 A differential equation A (s, xO, um) = 0 (or system of differential
equations) is regular if the rank of its differential

I Y . a'
dA:;@dsl—i-;;a Zzaadus,

J oa=1 ¢

is constant on the domain of deﬁnition The equation (or system of equations) is
locally solvable at a point (so,)cO ) Uy © ) if there exists a smooth solution x = f (s),
u = g(s), defined in the neighborhood of sy, such that x((f) = f©(sp) and ”0 =
g9 (so). The differential equation (or system of differential equations) is said to be
fully regular if it is both regular and locally solvable.

Example 2.10 As one of our main examples in these notes, we consider the
Korteweg—de Vries (KdV) equation

U+ Uy + ey = 0. (10)
We introduce the computational variables (z,?) so that x = x(z,s), t = #(z,s).
Then the implicit total derivative operators are given by (7). Before proceeding any

further, we assume that

t, =0, t,.=0. (11)
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In other words,
t=kr +1°, (12)

where k # 0 and #° are constants. The reasons for imposing the constraints (11)
are explained in Example 3.10. The operators of implicit differentiation (7) then
simplify to

Therefore,

Uy 1 [ ug 1/1 (ug Uy Xp U
Uy = — Ux=—"\T") » Ux= "\ T\ , W= ————"—
X X\ X5 /¢ Xe \ X5 \ X5 /o / t; ;X

and the KdV equation (10) becomes

U; X\ U 1 /(1 (ug
—+lu——)—+—— — =0, (13)
I Ir ) X Xs \Xs \Xs J 5/ ¢

together with the companion equations (11). The differential equation (13) is remi-
niscent of the equation one obtains when writing the KdV equation in Lagrangian
form [9]. In the classical Lagrangian framework, the differential constraint

AN (14)
e

is also imposed. The KdV equation then reduces to

- Uy 1 /1 (u
A= —+—|—(|— =0, (15)
Iz Xs \Xs \Xs J 5/ 5

together with the companion equations (11), (14). In particular, when k = 1 in (12),
we obtain the system of differential equations

1 /1 (ug
M‘[+_ — | — =0, X =Uu.
X \xs\ x5/, /,

2.2 Finite Difference Equations

We now move on to the discrete setting, which is the main focus of these lecture
notes. In the previous section, we introduced two different jets spaces, namely
J® and g©. The motivation for introducing computational variables and the
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corresponding jet space ¢ ©) stems from the fact that the discrete framework is more
closely related to g© than J©.

Let N = (n',...,n”) € Z? denote an integer-valued multi-index. Thinking of
the multi-index N as sampling the computational variables s = (s',...,s”) € R? at
integer values, the discrete notation (xy, uy) should be understood as sampling the
submanifold S = {(x(s). u(s))} C M at the integer-valued points s = N € Z” C R”.
In other words (xy, uy) = (x(N), u(N)). To approximate the £-jet (s,x([), u([)) €
4® at s = N, we consider a finite collection of points

q [
(N,x[]su;/]):(N,---,xN+1<,---,uN+K,...), (16)
where K € Z”. We require that the point (xy, uy) is always included and that
XN+K, # XN+k, Whenever K| # K, ,

so that no two discrete independent variables are the same. We refer to (16) as the
Lth order discrete jet at N. In numerical analysis, a point in (16) is also called a
stencil. For theoretical purposes, one can assume that the multi-index K € (Z=%)?
only takes nonnegative values and that 0 < #K = k' + --- 4+ k» < {. The latter
provides the minimal number of points required to approximate the £-jet (x, u([))
(or (5,x9,u®)) by first order forward differences. In applications, especially
when constructing numerical schemes, it is generally preferable to consider points
centered around (xy, uy) and to include more than the minimum number of points
in (N , x%], u%]) required to approximate (x, u“)) for better numerical accuracy and
stability. From now on, we will assume that a certain stencil (16) has been chosen.
We denote by

4 14
g = (vl

NeZzZr

the union over all the stencils and call g1 the £th order discrete jet space as !9
provides an approximation of (©. Since the jet coordinates of J © can be expressed
in terms of the jet coordinates of ¢ ¥ using (5), it follows that the points in ¢!“ can
be used to approximate J ©,

Example 2.11 Consider the case where p = 2 and the dimension of the manifold M
is dimM = m = 3. Let (¢, x, u) be local coordinates on M. In the continuous case,
see Example 2.7, we introduced the computational variables (z, s). In the discrete
case, let N = (n,i) € Z?, which can be thought of as evaluating the computational
variables (7, s) at integer values. To make the multi-index notation more compact,
we let

(tn. Xy uy) = (X0 u"), N=(ni)eZ.

[t |
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Working with forward differences, the simplest first order discrete jet is
parametrized by

1

(t][\}],xl[\l,],u%]) = (!, x}, u} t’»1+1 n+1 “'}Hvt?-i-l’xji’—i-l’“?—&-l)'

First order approximations of the first order derivatives (¢,, x;, u;) and (¢, x;, t5) on
a grid with unit spacing are then given by

L

(t5, X5, Us) ~ (t?_H - t?,){q_l — X, M?.H - u?) .

1

(Z‘T,xf,uf) ~ (t?‘f‘l t xn-i-l le?,u?-i_l N u’.z) ’
(I7)
1

Referring to (8) for the expressions of the r and x derivatives of u in terms of the
computational variable derivatives, and using (17) we have that

1 1
_ tr Uy — Uy N (I:H_ - t?)(”?-}-l - u:l) ( i+1 t,")(ur'H— - u:l)
Xote = Xety (X, —ax) (@ =) — G X, — )

Xg Uy — Xg Uy (x;l-{—l _x?)(u?+1 - r'l) _( o xn)(ul-H u:l)
Nt (W DT )~ T (A — 1)

(18)

ur =

The latter expressions are first order forward approximations of the first order partial
derivatives u, and u, on any mesh that satisfies

det [(t?“ =) (14 —r?>]
W =) (g =)

= (=)@ =) = @ =) — ) #£ 0

the latter being a discrete version of the nondegeneracy condition (6). The procedure
can be repeated to obtain approximations of higher order derivatives on arbitrary
meshes. For example, applying the implicit derivative operators (7) to the first order
derivative expressions (8) one obtains formulas for the second order derivatives u,,,
uy, and u, expressed in terms of the computational derivatives. Substituting the
approximations (17) and the second order derivative approximations

i At n+2 2tn+l +l Xpr A x;1+2 _2xl{l+l _I_x?’

~ M+l ont+l n n+1 +1 _ .n
s Rlipy =1 o EX s e A T =X
fes A 1, — 210 + 1, Xos A Xjiyp — 200 + X}

into the formulas obtained yields discrete approximations for u,,, uy, and u, in the
computational variables on an orthogonal grid with unit spacing.
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Definition 2.12 A finite difference equation is the zero locus of a discrete map
E: g1 — R. That is,

E(N,x}ﬁ],u%]) =0.

Definition 2.13 A finite difference equation E: I — R is said to be regular if the
rank of the differential

e e

i
,13N+K

dxyx + Z o duy g
Q4 g

is constant for all N in the domain of definition of the equation.

Finite difference equations can be studied as mathematical objects of interest
in their own [31, 44, 63]. In the following we are interested in finite difference
equations that approximate differential equations.

Definition 2.14 A finite difference equation E(N, s [4]) = 0 is said to be
consistent with the differential equation A( ,u® ) = 0 (or A( [), u“)) = 0)
if in the continuous limit (xy+x, Uy+x) —> (Xn, Un),

EN, 2 ullly = A(e,u®)  (or ENV, A, iy — A(s,x©,u®)) .

Remark 2.15 The process of taking continuous limits is discussed in more details
in Sect. 6.

Definition 2.16 Let A(x,u”) = 0 be a differential equation with extended system
{A_(s, x0, u(e)) =0, AN(S, x0, u(z)) = 0}. A numerical scheme is a system of finite
difference equations

E(N,x[[], “1[5]) =0, E(N,x[el, ul[f;]) =0,
where E(N, x[a, u%]) = 0 approximates the differential equation
A, u®) = A(s.29,u0) = 0

[

and the equations E(N X ,uN]) = 0 provide an approximation of the companion

equations
A(s,x(l), um) =0.
Intuitively, the difference equations E(N, x%], uN]) = 0 provide constraints on
the mesh used to approximate the differential equation A = 0. The latter should not

yield any restrictions on the discrete dependent variables u%].
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Example 2.17 To illustrate Definition 2.16, let us consider the KdV equation (10).
Assume the equation is to be discretized on the orthogonal mesh

'=kn+1, xi=hi+x, (19)
where k,h > 0, (n,i) € Z2, and {°, xy are arbitrary constants. The mesh (19) can

be encapsulated in a system of finite difference equations in different ways. For
example, it is not difficult to see that (19) is the solution to the system of equations

t;l-H—l'?:k, x;’l"‘l_x:l:()’
(20)
i =14 =0, Xip =% =h.
The mesh (19) is also a solution to
gt 2 47 =0, O - =0,

(21
G =6 =0, Xy =24 +x_,=0.

The difference between the two systems of mesh equations is that in (20) the time

step k and the spatial step i are fixed by the system whereas in (21) those steps

corresponds to constants of integration. In both cases, the KdV equation can be

approximated by

1
:l+ B u;‘l n
Kl

n n n n n n
u Uiy — Uiy n Wiy — 2y + 20y —u,

o s =0. (22)

The systems of equations (20)—(22) or (21)—(22) provide two examples of Definition
2.16. They also illustrate the fact that, in general, the equations E = 0 specifying
the mesh are not unique.

3 Lie Symmetries

Let G be an r-dimensional Lie group, and let M be a d-dimensional manifold with
local coordinates z = (zl, e zd). In the following, the manifold M can represent
the submanifold jet spaces J© or g© or the discrete jet space ¢! In the latter
case, M should in fact be called a lattifold or lattice variety, that is a manifold-like
structure modeled on Z” [65, 67].

Definition 3.1 A transformation group acting on a manifold M is given by a Lie
group G and a smooth map @: Gx M — M, such that (g, z) = g-z, which satisfies
the following two properties

e-z=z, g-(h-2)=(gh)-z, forallze M,g,heG, (23)



Symmetry-Preserving Numerical Schemes 273

and where e € G denotes the identity element.

It follows from (23) that the inverse of the transformation defined by the group
element g is given by the inverse group element g~!. Therefore g induces a
diffeomorphism from M to itself.

Remark 3.2 Definition 3.1 assumes that the group action is global, meaning that
g-zis defined for every g € G and every z € M. In practice, group actions may only
be defined locally, meaning that for a given z € M, the transformation g - z is only
defined for group elements g sufficiently near the identity. For a local transformation
group, the map @ is defined on an open subset B with {e} x M C B C Gx M, and
the conditions (23) of Definition 23 are imposed wherever they are defined.

In the following, we use capital letters to denote the image of a point under a
group transformation. For example,

Z=g-7 wherege Gandze M.

At the infinitesimal level, let g denote the Lie algebra of vector fields corresponding
to the infinitesimal generators of the group action. A vector field

d i)
v=2 '@y
a=1

will be in g if it is tangent to the orbits of a one-parameter subgroup of transforma-
tions of G. The flow through the point z € M generated by a vector field v € g, is
found by solving the initial value problem

dz¢
=2y, ZY0)==z", a=1,....d.
de
The maximal integral curve is denoted exp[ev] - z, and is called the exponentiation
of the infinitesimal generator v.

Definition 3.3 Let G be a local Lie group of transformations acting on M. The Lie
group G is a (local) symmetry group of the (fully) regular equation' F(z) = 0 if and
only if

F(g-z) =0 whenever F(z) =0,
for all g € G such that the local action is defined. Infinitesimally, a connected Lie

group of transformations G acting on M is a local symmetry group of F(z) = 0 if
and only if

'Depending whether M represents J©, 4@, or 419, we refer to Definitions 2.5, 2.9, or 2.13 for
the notion of (fully) regular equation.
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V(F)|,_, =0 forallveg. (24)

Remark 3.4 Definition 3.3 extends to systems of equations and more general local
groups of transformations by including discrete transformations as well [10, 40, 42,
43]. In the following we restrict all our considerations to Lie point symmetries and
omit the interesting case of discrete symmetries.

3.1 Symmetries of Differential Equations

Symmetries of differential equations are covered extensively in many excellent
textbooks such as [11, 12, 43, 68, 71, 76]. We refer to these references for a more
detailed exposition.

If M = JO, then the local group action is given by the prolonged action
X, U9 =g- (x, u“)) on the submanifold £-jet (x, u(e)). Let

X=g-x, i=1,...,p, U=g-u*, a=1,...,q (25)
denote the local group action of G on the manifold M locally coordinatized by (x, u).

To compute the prolonged action, we introduce the implicit differentiation operators
[33],

p ) ) ax/\ !
Dy =3 WiD,. where (W)= (—) (26)
= oxt
denotes the entries of the inverse Jacobian matrix and
d L, 9

is the total differentiation operator with respect to the independent variable /. In the
above formula, ¢; = (0,...,0,1,0,...,0) € R” denotes the unit vector with zeros
everywhere except in the jth component. We note that the operators (26) mutually
commute

[DXI',DX]']ZO, lfl,pr

Successively applying the implicit differentiation operators (26) to U* = g - u®
yields the expressions for the prolonged action

¢, = Dx)' - Dx)YrU*, a=1,..,q #J>0.
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At the infinitesimal level, let
. 3 ! 3
= ! N o o N — 27
v ;wu)ax,+;¢ (6, ) = @7

denote an infinitesimal generator of the group action (25). The prolongation of (27)
to J© is given by

"0 0
V(@):;%-l@_i_zz]:d)a,fw’

a=1

where the prolonged vector field coefficients are defined recursively by the standard
prolongation formula

P
¢a;]+ej — ij(,ba;j _ Z(iji_-i) ui/—}—e,- )

i=1

Given a differential equation A(x,u®) = 0, the Lie point symmetries of the
equation are found from the infinitesimal invariance criterion

vOQ)|,_, =0 forallveg. (28)

The latter yields a differential equation in x, u and the derivatives of u with respect
to x, as well as £'(x,u) and ¢*(x,u) and their partial derivatives with respect to
x and u. After eliminating any dependencies among the derivatives of the us due
to the equation A(x, u“)) = 0, one can equate the coefficients of the remaining
unconstrained partial derivatives of u to zero. This yields a system of linear partial
differential equations for the coefficients £’ and ¢®, called the determining equations
of the (maximal) Lie symmetry algebra. The procedure for obtaining and solving
the determining equations has been implemented in all major computer algebra
systems such as MACSYMA, MAPLE, MATHEMATICA, MUMATH and REDUCE.
An extensive list of references on the subject can be found in [19].

Example 3.5 To illustrate the algorithm outlined above, we compute the infinites-
imal generators of the KdV equation (10). Let v = £(,x,u)d, + n(f,x,u)d, +
¢ (t,x,u)d, denote a general vector field on R*. The third order prolongation of v is

3) a + a + ¢ 8 + ¢x a + ¢T a + ¢xx 8 + ¢Xt a + ¢tt a
A\ el S - - b - e —
ox i ot ou Ouy u; Oty Oty Outy
. 0 0 d
+ ¢xxx + ¢)MI + ¢xtt_ + ¢ttt_

s
Otk Othyr Oty Oty
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where
¢t = D¢ —uD§ —u,Dyn ,
¢* = D¢ —u D —u,Din ,
™ = Di(9") — uneDx§ — uxDi1
= D} — D% — wDin — 2 D€ — 2Dy (29)
¢ = Dy(¢™) — UD€ — D1
= D¢ — u,D € — uDn — 3u, DX — 3u,D?n
— 3up D& — 3upe Dy .

Applying the infinitesimal invariance criterion (24) to the KdV equation (10) we
obtain

' tup* +ugp+¢™ =0, (30)

where u satisfies (10). Substituting the expressions (29) into (30) and replacing u,
by —uu, — u,,, we obtain the determining equations of the Lie symmetry algebra,
which we now solve. Firstly, the coefficient of u,,, is Dy = 1, +u,n, which implies
that n, = 1, = 0. In other words, n = () is a function of ¢ only®. Secondly, the
coefficient of 12, yields £ = 0 and thus § = £(t,x), implying that the admitted
Lie symmetries are projectable. Next, the coefficient of u,,, gives n, — 3§, = 0.
Integrating the latter with respect to x, we find that £ = %x N, + x(t). The coefficient
of u,, implies that ¢, = ¢, = 0 so that ¢ = o(t)u + ¢(¢, x). Next the coefficient
in u, yields the equation

=& +tumn—§)+¢=0.
Substituting the expressions for £ and ¢, we find
2

o=-3%n and (p:%xnt,+)(, so that ¢=—%un,+%xnn+xt.

Finally, the term with no derivatives of u gives ¢, + ¢y .. + u ¢, = 0, which after
substitution yields

—%uﬁn + %xnm +x:=0.

Since n = n(t) and y = y(¢) are functions of ¢, the latter equation holds for all
(t, x, u) provided that n,, = y,, = 0. Therefore,

E=c1+ct+ce3x, n=cs+3c3t, ¢=c3—2c3u,

2This is true for all evolution equations.
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and the maximal Lie symmetry algebra is spanned by the four vector fields

Vi =, —> space translations ,

0x

d . .
V2 = -, —> time translations ,

ot

9 P 31
V3 =t—+ —, —> Galilean boosts ,

ox  OJu

d .

vy =x— +3t——2u—, — scalings.

0x ot du

Exercise 3.6 Show that the symmetry group of the ordinary differential equation
uy, = 0 is eight-dimensional, and generated by

9 9 9 29 2
. o " Mo "M
(32)
9 9 9 9 00
o o "awr M T au

Show that the corresponding group of local transformations is the projective group
SL(3, R) acting via fractional linear transformations

€] €y €
€1X + €ru + €3 €4X + €5u + €4 15253
= <= 2 U=—""—2""7 det|leses¢5| =1,
€7X + €gU + €9 €7X + €gU + €9
€7 €8 €9
where €1, ..., €9 € R are group parameters.

Exercise 3.7 Consider the Schwarzian differential equation

Uy Uy — (3/ 2)u§x
ity

= F(x), (33)

where F(x) is an arbitrary function.

1. Find the determining equations for the vector fields spanning the maximal Lie
symmetry algebra and show that a basis is given by

9 9 , 0
Vi, 2Suo., V3=uoo (34)

2. Show that the corresponding local Lie group of transformations is

au + b .
X =ux, U= , withad —bc=1. 35)
cu+d
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3. When F(x) = 0is identically zero, show that the maximal Lie symmetry algebra
is four-dimensional and determine a basis. Also find the corresponding finite
group transformations.

Exercise 3.8 Show that the maximal Lie symmetry algebra of Burgers’ equation
Uy + Uy = ity , (36)

where v > 0 denotes the viscosity, is spanned by the vector fields

0 0 0 d
Vl:ﬁ’ V2=E, V3=la—x+a, -
I 9,0
V4—x8—+2la‘—u$ V5ZZX5+IE+(X—IM)E.

In the computational variable framework, the local transformation group G acting
on the manifold M is trivially extended to the computational variables. That is,

g'(S,X,M) = (s,g-x,g-u) .

The prolongation of an infinitesimal generator (27) to ¢© is then simply given by

SRS T RS 3 I

a=1 J

where D! = (Dg)!---(Dg)r denotes the total differentiation operator in the
computational variables s = (sl, ...,s") with

P p q .
b=+ 2N a LY a j=loop
i=1 a=1 J

Definition 3.9 Let G be a symmetry group of the differential equation A (x, u(e)) =
0. The extended system of differential equations

{A(s, X9 u®) = 0, A(s,x0, u?) = 0} (38)
is said to be G-compatible if G is a symmetry group of (38). That is,

A(s,g-x9, g-u®) =0, N A_(s,x“),u“)) —0.
s 0o x® o y0) — WRenever 1 20 Ly —
A(s,g-xY, g-uY) =0, A(s,x U )—O,
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and where the prolonged action is defined. At the infinitesimal level,
DA — OCA —
v )(A)’{AEO,A:O} =0 and v )(A)|{A=0,5=0} =0

for all infinitesimal generators v € g.

Example 3.10 Recall from Example 3.5 that the KdV equation (10) is invariant
under a four-dimensional maximal Lie symmetry group whose associated algebra
of infinitesimal generators is spanned by the vector fields (31). In the computational
variables (z, s) introduced in Example 2.10, the first prolongation of the infinitesimal
generators (31) is given by

) 0 a 0 ) 0 0 0 0 0 0
R T A A M P T PR PR i
) 0 0 0 0 0 0
V4 =xa—+3ta——2u£ +)Cya—xs+3tga—ts 2uva_u5
-I—)ci—f-iiti—2ui
" dx, ot, " ou,

By direct computation, it is not hard to verify that for the differential equation (15)
2 x T 2 1 2 x
WAl 5oy = v3 14 5o = 5141 52y = V141 52, = 0.

Therefore, Eq. (15) is invariant under the symmetry group of the KdV equation.
Also,

v,(f)(ts) =0, v,(f)(tn) =0, vﬁz)();—I - u) =0, k=12,3,4,

whenever

Therefore, the companion equations (11), (14) are invariant under the symmetry
group of the KdV equation. The extended system of differential equations (11),
(14), (15) is therefore G-compatible with the symmetry group of the KdV equation.

3.2 Symmetries of Finite Difference Equations

Asin Sect. 3.1, let G be a local Lie group of transformations acting smoothly on the

manifold M. The induced action on the discrete n-jet (N, xm, u%]) is given by the
product action
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[€]
8" (N9XN

¢
,I/tl[v])z(N,...,g'XN+K,...,g'MN+K,...), (39)
where each point (xy+x, Uy+x) is transformed by the same group transformation g.
At the infinitesimal level, given the vector field

P q
.0 0
V= g;v—l + ¢Ioé— s (40)
; oxjy O; ous,
where & = €'(xy, uy) and ¢ = ¢%(xy, uy), the prolonged vector field is given by

g 9 ! 9
vl = Z[Z EIIV+KF + Z¢KI+K i| )
K Li=1 N+K  g=]

o
Qi 4k

which is obtained by adding copies of v evaluated at the different points in the
discrete j 1
jet (N, xp', uy').

Remark 3.11 The above considerations can be generalized by allowing the group
action (39) or the infinitesimal generator (40) to depend on the multi-index N. For
example, in (40), the vector field coefficients could be functions of N so that 5,"\, =
E'(N,xy,uy) and ¢% = ¢*(N,xy,uy). When constructing symmetry-preserving
schemes, this more general case does not occur as the transformation group that one
considers is the group of point symmetries of the differential equation A(x,u") =
0, which only contains point transformations in the x, u variables.

Using the infinitesimal invariance criterion
vi(E)|,_, =0 forallveg, (41)

the symmetries of finite difference equations can be computed in a manner similar to
the differential case. Equation (41) yields a finite difference equation for the vector
field coefficients &} and ¢%. Since the invariance condition (41) only has to hold on
the solution of the difference equation, one must eliminate any dependencies among
(xy, uy) and their shifts due to the equation E(N, xm, u%]) = 0. Differentiating the
resulting equation with respect to the remaining variables sufficiently many times,
one obtains a system of differential equations for the vector field coefficients. Once
the differential equations are solved, one will, in general, have to substitute the
solution into the original difference equation for the vector field coefficients, or an
intermediate equation obtained along the way, and solve the resulting equation to
obtain the symmetry generators.

Example 3.12 As a first example, let us compute the admitted infinitesimal genera-
tors of the ordinary difference equation

uiyr = a(@ui+1 + b(Q)u; where a(i)b(i) #0Vie Z . 42)
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Let
p ad
V=0 —
Bui
be a vector field, where we allow ¢; = ¢ (i, u;) to depend on the discrete index

i € Z. Applying the infinitesimal invariance criterion (41) we obtain the equation
¢(i + 2. auiv1 + b()u;) = a(@ (i + L uir1) + b()P (i ui) (43)
where we replaced u;y, by the right-hand side of (42). Applying the differential

operator (1/b(i))d,, — (1/a(i))du,.., to (43) we obtain the differential-difference
equation

—¢'(i+ Luy) + ¢ ((u) =0, (44)

where the prime notation means differentiation with respect to the second entry of
the function. Differentiating (44) with respect to u; we obtain

¢" (i, u) =0.
Integrating this equation once, we find that
', u) = (i), (45)

for some arbitrary function (7). Substituting (45) in (44) yields a(i + 1) = a(i).
Thus, «(i) = c is constant. Integrating (45), we obtain that

o, u;) = cu; + B() . (46)
Substituting (46) in (43) we conclude that (i) must be a solution of the equation

Bi+2 = a()Pi+1 + b(i)B;. Thus, the Lie algebra of infinitesimal symmetry
generators is spanned by

V| = uig, — dilations ,
i

0
vg =p (i)ﬁ’ — linear superposition of solutions .
1

Example 3.13 As a second example, we consider the autonomous discrete potential
Korteweg—de Vries equation (dpKdV)

1
n+1 n
Uipy = U + ———— 7
Uiy — U

(47)
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which can be found in the work of Hirota [38]. Let

v=¢ ¢ = oi.n,uy)

n_
i n
ou}

be a vector field. Implementing the infinitesimal invariance criterion (41), we obtain
the equation

¢n+1 _ AN

+1 n i i+1

oL =,
o l Uiy — “?H)z

1
where ¢ln_:-ll = (l+ l,l’l + l,u:-l + W) . (48)
i+1 %

Applying the operator 9, T Bu;,-m yields
¢ (ion+ Lty —¢'(i+ Linuly) =0. (49)
Differentiating with respect to u, | gives
¢"(i+ 1,nul ) =0 sothat ¢! =a(i,n)u} + B.n).
Substituting ¢;' in (49) we obtain the difference equation
ai,n+1)—a(i+1,n) =0,
which implies that o (i, n) = y (i 4+ n). Substituting ¢” in (48) yields the constraints

yi+n+2)=—y@i+n+1)=y@i+n),
Bi+1,n+1)=p43Gn, BGi+1n=p>En+1),
which imply that
' =ci(=D)""u + (D) 3,

where ¢y, cy,.c3 are arbitrary constants. We conclude that the Lie algebra of
infinitesimal symmetry generators is spanned by

0 d
V2 = (—1)l+na7 , V3= W .

L

; 0
vi= ()

These vector fields satisfy the commutation relations

Vi.v2] =—v3, [vi,vi]=—v2, [v2,v3] =0,
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which are isomorphic to the commutation relations of the pseudo-Euclidean Lie
algebra e(1, 1) [83].

For more examples, we refer the reader to [41, 44, 56-58].

4 Invariants

Intuitively, an invariant is a quantity that remains unchanged under the action
of a group of local transformations. In this section, we review two methods for
constructing invariants. The first approach is based on Lie’s infinitesimal invariance
criterion which leads to systems of first order partial differential equations that can
be solved using the method of characteristics. The second approach uses the novel
theory of equivariant moving frames. In this framework, invariants are obtained by
solving a system of nonlinear algebraic equations. Remarkably, the latter can be
solved for a wide variety of group actions.

4.1 Lie’s Infinitesimal Approach

As in Sect. 3, we consider the differential and finite difference cases simultaneously
by considering an r-parameter local Lie group G acting on M, which can represent
either J©, g or g14.

Definition 4.1 A function I: M — R is said to be a G-invariant if
I(g-z) =1(z) forallge G (50)
where the action is defined. At the infinitesimal level, I: M — R is an invariant if
v(I[) =0 forallveg. (&2))

Remark 4.2 The notion of an invariant is more restrictive than that of an invariant
equation. The invariance of an equation only has to hold on its solution space
whereas the invariance of a function must hold on its domain of definition.

Finding invariants from the group invariance condition (50) can be difficult as
the group action is generally nonlinear. One of the key insights of Sophus Lie was
to work with the infinitesimal invariance condition (51) as the latter is a linearized
version of the nonlinear problem. Let

d
0 .
v,(zé é’,‘:(z)a—za, k=1,...,r=dimg, (52)
a=1
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be a basis of the Lie algebra g of infinitesimal generators of the Lie group action G.
To find the functions /: M — R invariant under the group action G, we require that
the infinitesimal invariance criterion (51) holds for each basis element (52). This
yields the system of first order linear partial differential equations

d

ol
ZE?(z)—:O, k=1...,r. (53)
a=1 aZ“

The latter is solved using the method of characteristics. The corresponding charac-
teristic system of ordinary differential equations is

dz! d2 A

0o 20 HEe”

and, in the generic case, the system of equations (54) yields a complete set of
dim M — r functionally independent invariants

k=1,...,r, (54)

I'z), v=1,...,dimM —r.

Definition 4.3 A set of invariants I. = {...,1"(z), ... } is said to be complete if any
invariant function /: M — R can be expressed in terms of those invariants. That is,

1) =F(....I'GQ)....).

Most textbooks on symmetries and differential equations cover Lie’s infinitesi-
mal method of computing differential invariants [11, 12,43, 68, 71, 76]. Differential
invariants are fundamental objects in mathematics and have many applications.
They occur in geometry as the curvature of curves, surfaces, and submanifolds
[35], they are used in differential equations to reduce the order of ordinary
differential equations and find invariant solution of partial differential equations
[11, 12, 43, 68, 76], their signature manifold is used to solve local equivalence
problems [34, 47, 71, 84], geometric flows of differential invariants are closely
related to completely integrable equations [66], and have applications in computer
vision [48], climate and turbulence modeling [8], and much more.

In the finite difference situation, since the Lie group G acts trivially on the
multi-index N, the components of N will always provide p invariants. Solving the
infinitesimal invariance criterion

Vi = Z[ZSLN-&-KE) Z¢KN+K8 o ] =0, (55)
XN Utk
where k = 1,...,r, will, in the generic case, produce dim g[‘fl — p — r difference

invariants /¥ (x[z], u%]) independent of the multi-index N.
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Example 4.4 To illustrate the application of the infinitesimal invariance criterion
(55), we consider the special linear group SL(2, R) acting on M = R?> = {(x,u)}
by the fractional linear action (35) with infinitesimal generators (34). For future
reference, we consider the order three discrete jet space ¢3! with coordinates

(X1, Wi 1, Xiy Uiy Xi 15 Ui 15 Xik 2, Uit2) - (56)

To compute a complete set of finite difference invariants on ¢3!, we prolong the
infinitesimal generators (34) to gPI:

. I 3
vi= — 4 — ,

! iy Ou;  Ouipy  Oujgp

X P s . ? (57)
Vo = Ui Uim— T U1 T U255

2 Youy ou; i 2 Ui

(3] 2 J 2 9 2 9 2 J
v =2 P — A

3 u; F u; o, Uity F Uitr it

Omitting the trivial invariant given by the index 7, we expect (dim gP!—1)—dim g =
8 — 3 = 5 functionally independent invariants. Clearly, four of them are given by

Xi—1 > X, Xi+1, Xi+2. (58)

To find the remaining functionally independent invariant I = I(u;—1, u;, Uit1, Uit2),
we first solve the differential equation

oI ol ol ol
v[13] ) =——+

el -0
dui—1  Ow;  Ouipy i

using the method of characteristics. The corresponding characteristic system of
ordinary differential equations is given by

du;—y = du; = duj1 = dujqs .
The three functionally independent solutions are
Loy =wi—wi—y, Li=upr—ui, liy1 = tiyo — Uiy . (59

The functions (59) form a complete set of difference invariants for the infinitesimal
generator v;. To proceed further, we notice that any function I: §P® — R invariant
under all three infinitesimal generators (57) must necessarily be a function of the
invariants (59), that is I = I(l;—1,1;,I;+1). Thus to find the functions that are

simultaneously invariant under V[13] and V[23], we must now restrict the vector field

v[23] to the variables (59). The result is
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0
V[23] = +1; +livi—

! 81,'—1 a 8Iz+1

Thus, the characteristic system associated with the differential equation

W =12 1 g, o
i— 18[, : laIi i+1 aIi+1 =
is
dlioy _dl;  dliy
A T
The two functionally independent solutions are
1 I;
Ji=—, Jig1=—. 60
2 = (60)

Therefore, any invariant function / must be expressible in terms of (60). That it,
I = 1(J;,Ji+1). The restriction of the vector field V[3] to the variables (60) yields

d
v = —1( Ui + 1]— +[1 +J,+1]8J+1)

Thus, the equation v[33] (I) = 0 becomes

al
J[J+1]—+[1+J,+1] =0
aJt-H

Solving the characteristic system

d; Ay
Ji+1 1+

we find that the cross-ratio

Ji (i = uim) (igr — ui1)

= 61
(T +IDA+Jir1) @i — wim) (U2 — u;) oD

i =

is an invariant of the SL(2, R) product action on g,

Exercise 4.5 Continuing Exercise 3.8, introduce the discrete points (¢, x!, u}'),
where (n, 1) € Z>.
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1. Verify that the equation
th,—t =0, (62)

is invariant. Therefore, Burgers’ equation can be invariantly discretized on a
mesh with horizontal time layers, the discrete time " being only a function
ofne”Z.

2. Compute a complete set of difference invariants on the lattice

+1 ntl 1 ntl | bl atl
(CAARRE RN TERRY (GRS A 7 T (AR A TN
(", Xy uiy) (", xi', uf) (", Xy iy )

using Lie’s infinitesimal method.

4.2 Moving Frame Approach

The method of equivariant moving frames is a new theoretical formulation of
Cartan’s method of moving frames [16, 34,47, 71]. In this novel framework, moving
frames are no longer constrained by frame bundles or connections and can thereby
be extended to discrete geometry. The theory of equivariant moving frames for
local Lie group actions was first presented in [33] and then extended to infinite-
dimensional Lie pseudo-group actions in [73, 74]. For a comprehensive introduction
we refer the reader to the textbook [64]. In the discrete setting, the theoretical
foundations have been expounded in [67, 70].

As in the previous sections, our starting point is an r-dimensional local Lie group
of transformations G acting on the d-dimensional manifold M.

Definition 4.6 A right moving frame is a G-equivariant map p: M — G. The G-
equivariance means that

p(g-2) = p(z)g~".

Remark 4.7 1Tt is also possible to consider left moving frames. Given a right moving
frame p: M — G, a left moving frame p: M — G is simply given by group
inversion, p = p~!. Thus, a left moving frame / is a G-equivariant map satisfying
p(g-2) = gp(2).

To guarantee the existence of a moving frame, the group action must satisfy
certain regularity assumptions.
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Definition 4.8 A Lie group G is said to act freely at z if the isotropy group
G.={geCGlg-z=12
is trivial, i.e. G, = {e}. The group action is locally free at z if the isotropy group is

discrete. The action is (locally) free on M if it is (locally) free at all z € M.

When the action is (locally) free, the dimension of the group orbits is constant
and equal to r = dim G.

Definition 4.9 A Lie group action is said to be regular if the orbits form a regular
foliation.

The main existence theorem for moving frames is given by the following
proposition.

Proposition 4.10 [f the action of G on M is locally free and regular, then a moving
frame locally exists on M.

Remark 4.11 Let 'V be a connected open submanifold of M where a moving frame
exists. By restricting M to 'V, we can always assume that a moving frame is globally
defined on M.

In practice, the construction of a moving frame is based on the choice of a cross-
section KX to the group orbits. For simplicity, we assume that X is a coordinate
cross-section, which means that it is specified by fixing some of the coordinates of
Z € M to constant values:

K=~{%=c|k=1,...,r=dimG}. (63)

When the action is free and regular, the right moving frame at z is the unique group
element p(z) sending z onto the cross-section X, that is p(z)-z € K. The expressions
for the right moving frame are obtained by solving the normalization equations

=c, k=1,...,r, (64)

for the group parameters g = p(z). Given a right moving frame, there is a systematic
mechanism for constructing invariants known as the invariantization procedure.

Definition 4.12 The invariantization of a function F(z) is the invariant

L(F)(2) = F(p(2) - 2) - (65)

The fact that (65) is an invariant follows from the G-equivariance of the right
moving frame:

W(F)(g-2) =F(p(g-2)-g-2) =F(p(x)- g~ ~g-2) = F(p(z) - 2) = L(F)(2).
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Geometrically, ((F) is the unique invariant that agrees with F on the cross-
section X . In particular, the invariantization of an invariant / is the invariant itself,
t(I) = I. Therefore, the invariantization map ¢ defines a canonical projection
(depending upon the moving frame) from the space of functions to the space of
invariants.

The invariantization of the components of z is of particular interest. The
invariants ¢(z%) = p(z) -z, a = 1,...,d, are called normalized invariants. By
the moving frame construction, the invariantization of the component functions
defining the cross-section (63) yields constant invariants, ((z**) = c¢*. These are
called phantom invariants. The following proposition explains why the normalized
invariants are important.

Proposition 4.13 The normalized invariants 1(z*), a = 1,...,d, form a complete
set of invariants on M.

Proposition 4.13 follows from the replacement principle. If I = I(z) is an
invariant, since ¢(I) = I, it follows that

1(z) = «(D)(2) = 1(:(2))

In other words, the invariant /(z) can be expressed as a function of the normalized
invariants by replacing z with the invariants ¢(z).

For an arbitrary manifold M, the group action of G on M, does not have to
be free. On the other hand, when M is either J [l], g“) or ;’[[], it is always possible,
under some mild assumptions, to choose £ large enough so that the prolonged action
becomes (locally) free. To state the result precisely, we need the following technical
definitions.

Definition 4.14 Let G be a local Lie group of transformations acting on the

manifold M. The isotropy subgroup of a subset S of M is the subgroup
Gs=1{geGlg-S=S5}.

The global isotropy subgroup of a subset S of M is the subgroup

Gi={geG|g-z=zforallzeS}.

Definition 4.15 A local Lie group of transformations G is said to act effectively on
subsets if, for any open subset U C M, G, = {e}. The local Lie group acts locally
effectively on subsets if, for any open subset U C M, G, is a discrete subgroup of G.

In the differential case, the following theorem due to Ovsiannikov [76], and
corrected by Olver [69], states that if a group acts (locally) effectively on subsets,
then its prolonged action will eventually become free.
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Proposition 4.16 Ifa local Lie group of transformations G acts (locally) effectively
on subsets of M, then there exists £y such that for all £ > £, the prolonged action
of G acts locally freely on an open dense subset VO c IO (or VO c g©),

The discrete version of Proposition 4.16 was proved in [15].
Example 4.17 We now implement the moving frame construction for the projective
action (35) on the order three submanifold jet space

IO = {(x, u, thy, e, Ure)} -

We must therefore compute the prolonged action up to the third derivative. Since
the independent variable x is an invariant of the action (35), the implicit derivative
operator (26) is

and the prolonged action, up to order 3, is

7
Ux = Dx(U) = Cutd?’
u 2cu?
Uxy = Dx(U) = ——— — R
X x(U) (cu+d)? (cu+d)?
Uprx 6CU Uy 6czu)3c

Uxxx = Dy(U) =

(cu+d? (cu+d?  (cu+d?*"
Assuming u, # 0, we construct a moving frame by choosing the cross-section
K ={u=0,u, =¢e=sign(u), uy, =0} . (66)

Solving the normalization equations

au + b Uy
= = O s X = ———= = N
cu—+d (cu + d)?
Uy 2cu§
Uxx =0,

- (cu+d? (cu+dy?

for the group parameters and using the unitary constraint ad — bc = 1, we obtain
the right moving frame

1 u Uy d= 2u)2€ — Ullyy . ©7)

a= 5> =——0, (= ——"7%5,
i/ Jua |/ 2|ul*2 2fu 32
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Invariantizing €u,,,, we obtain the Schwarzian derivative

UxUxxx — (3/2)14)295

€ Lit) = -
X

Exercise 4.18 Referring to Exercise 4.5:

1. Find the one-parameter group action induced by each of the infinitesimal
generators (37).

2. Construct a moving frame on JO = {(t, x, u, up, uy)}.

3. Compute the normalized invariant ¢ (i, ).

Example 4.19 We now reconsider Example 4.4 using the method of moving frames.
The product action on ¢B is

Xicir=Xxi-1, Xi=xi, X1 =Xi41, Xip2 =Xi42,

U _aui—y +b U_aui—l—b
T e+ d e +d’
auiy1 +b auiyr +b
Upp) = LD gy = 2270
T i +d 27 iy +d

In the following, we let

€ = sign( Ui41 — Ui—1 ) )
(i — wim1) (i1 — u;)
Then, a cross-section to the group orbits is given by
K = {u—; = €, u; > oo, uiy1 = 0}, (68)
where we let i; tend to infinity. Solving the normalization equations
U1=¢€¢, U—oo, Ut =0,
we obtain the right moving frame

1 _ Uit

B c(iy1 — u;) B c(uiy1 — u;)

-

) dz_cuiv

)

where

Ui+l — Ui—]
(i1 — i) (u; — ui—y)
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Invariantizing €;u;+, we obtain the same difference invariant as in (61):

_ (i — iy (i — uiy)
(uip2 — u) (Uipr — ui—1)

€ t(ui+2) = R

The latter could also be derived from the replacement principle. Invariantizing
(61) we find that

(e (ui) = t(ui—1)) ((ui2) — t(uir1))
(i1 — t(uim1)) ((ir2) — t(uy))
() — €)u(uig2)

C—€i(L(ui42) — 1()) 1) —>o00

Rl‘ = L(Rl‘) =

€ t(uit2) .

5 Weakly Invariant Equations

As observed in Remark 4.2, the notion of an invariant function is more restrictive
than that of an invariant equation. This brings us to distinguish two types of invariant
equations.

Definition 5.1 An equation F(z) = 0 is said to be weakly invariant if it is invariant
only on its solution space. That is

F(g-z) =0 provided F(z) =0

and the action is defined. An equation F(z) = 0 is said to be strongly invariant if
the function F: M — R is G-invariant. That is,

F(g-2)=F(2) forallg e G

where the action is defined.

Remark 5.2 'We note that a weakly invariant equation can, sometimes, be made
strongly invariant by appropriately multiplying the equation by a certain relative
invariant. We recall that a relative invariant of weight u is a function R(z) which
satisfies R(g - z) = (g, 2)R(z). Indeed, if a weakly invariant equation F(z) = 0 is
such that F(g-z) = u(g, z)F(z), with u(g, z) # 0, then multiplying the equation by
a relative invariant R(z) # 0 of weight 1/u yields the strongly invariant equation
R(z)F(z) = 0.

As a simple example, let M = g = {(i, x;, xiy1, i, uir1)}, and consider the
product action

Xi=Ai+a, Xipi=Axp+a, U=2Auy+b, Ugi=Aup+0b,
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where A > 0 and a, b € R. Then the equation
i1 —u; =0 (69)

is weakly invariant as g-u;11 —g-u; = A(u;4+1 —u;). Dividing Eq. (69) by the relative
invariant h; = x;41 — X;, one obtains the equivalent strongly invariant equation

Uit — Ui -0
Xit1 — X

We now explain how to systematically search for weakly invariant equations.
As always, we assume that G is an r-dimensional Lie group acting locally on a
d-dimensional manifold M.

5.1 Lie’s Infinitesimal Approach

A weakly invariant equation is found by searching for a submanifold § C M,
defined as the zero locus of an equation W(z) = 0, where the isotropy group is
nontrivial. To find such a submanifold we consider a basis of infinitesimal generators
(52) and introduce the corresponding Lie matrix.

Definition 5.3 The Lie matrix is the r x d matrix whose components are given by
the coefficients of the infinitesimal generators (52):

5@ .. 8@
L) = : (70)

8@ ... ¢
Proposition 5.4 The dimension of the group orbit through z € M is equal to the
rank of the Lie matrix L(z).

Proposition 5.5 Let 0 < k < r. The set of points
8y = {z € M | rankL(z) = k}

is invariant under the action of G. The number of functionally independent
invariants on 8y, is given by the formula

dimM —rankL|g =d—k.

The sets of points &, where the rank of the Lie matrix L is not maximal, i.e.
rank L < r, are described by equations of the form W(z) = 0. By Proposition
5.5, these equations are weakly invariant. Therefore, weakly invariant equations
are found by searching for submanifolds where the rank of the Lie matrix is not
maximal.
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Example 5.6 To illustrate the above considerations, we consider the Lie algebra of
vector fields

I RN TV BN B,
_axa V2_au$ V3_x8x7 V4—xau, Vs—uau,

and search for weakly invariant equations on the discrete jet space

Vi

I = LG, xim1, X, X1, Uit Ui, Uig 1)) (72)

The prolongation of the infinitesimal generators (71) to ¢? is given by

U N NN NV N
8X,'_1 8X,’ 8x,~+1 Bu,-_l 8u,~ 3u,~+1

2] ad ad ad

V3 = Xl o + Xia—xi + XiHW‘-H )
2] a a ad

V4 = Xi—1 i +xi8_u,~ + Xit1 s
] 0 0 0

Vs =i 01 * Mia_ui i ouipr

and the corresponding Lie matrix is

1 1 1 0 0 O
0 0 O 1 1 1
L=|x—1xix+1 0 0 O
0 0 0 xi—1x xip
0 0 O w—1 u; ujyy

Assuming that i; = x;41 —x; # 0 and h;—; = x; — x;—1 # 0, the Lie matrix can be
row reduced to

1 11 0 00
0 00 1 11
L~|—-h_0h 0 00],
0 00 —-h—10h
0 00 W 00

where W = h;— (uj+1 — u;) — hi(u; — u;—y). Therefore, when
hi—t (Wit1 — u;) — hi(u; — ui—1) = 0 (73)

the rank of the Lie matrix is not maximal and (73) yields a weakly invariant
equation.
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5.2 Moving Frame Approach

As explained in Sect.4.2, a moving frame p: M — G exists provided the group
action is free. In terms of the Lie matrix (70), this occurs where the rank of L(z) =
r = dim G is maximal. Therefore, submanifolds where the rank of the Lie matrix is
not maximal occur where a moving frame does not exist. In those situations it is still
possible to construct partial moving frames [72,75, 84]. Intuitively, a partial moving
frame is the G-equivariant map that one obtains when some of the group parameters
cannot be normalized during the normalization procedure. Given a partial moving
frame, the invariantization map is still defined as in (65), and a complete set of
normalized difference invariants can still be constructed.

In applications, partial moving frames naturally occur as one attempts to solve
the normalizing equations (64). The solution to the normalization equations will, in
general, require some nondegeneracy conditions to hold and submanifolds where
those constraints are not satisfied will determine weakly invariant equations.

Example 5.7 We now reconsider Example 5.6 using the equivariant moving frame
method. The group of transformations induced by the infinitesimal generators is
given by

X=Mx+4+a, U=au+px+5b,

where A > 0, « > 0, and @, b, B € R. The product action on the discrete jet space
(72) is

Xi—1 = Axi-1 +a, Ui—1 = aui—y + Bxi-1 + b,
X; = Ax; +a, U; = au; + ﬂxi +b, (74)
Xit1 = Axip1 +a, Uiy = aujr + Bxip1 + b .

Starting the normalization process, we first set X; = 0 and U; = 0. Solving the
normalization equations

0=X;=Ax;+a, 0=U=au;+Bx;+b,
we obtain
a=—-\Ax;j, b=—au—px;. (75)
Introducing the notation

hi=xip1 =X, hioi=xi—xic1, Auwp=uip1—u;, Auiy =uj —ui_,
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the substitution of the group normalizations (75) into the product action (74) yields

Xi—1 = —Ahiq, Uiy = —a Auj—y — B hiy
Xiy1 = Ah;, Uiv1 = o Au; + B by .

(76)

At this stage, assuming that #;—; > 0 (and similarly 4#; > 0) we can set X;—; =
—1, which leads to the group normalization

A= (77

1
hioy
Substituting (77) into (76) yields the difference invariant
hi
Hi = i - .
L(Xit1) .

To normalize the remaining group parameters « and § in

Uit | _ [ —Auimy —hi— | |«

Ui+l Au,‘ ]’l,‘ /3 ’
it is necessary for the coefficient matrix to be invertible. On the other hand, if the
matrix is not invertible, that is, if

—Aui—y —hi—

0 = det
e|: Au,- h,’

] = —h; Au;_1 + hi—1 Au; , (78)

one can only construct a partial moving frame and (78) is a weakly invariant
equation, which is identical to (73). When (78) holds, we can normalize either U,
or U,_;.Let U,_; = 0, then

Aui—y
= — s
p hi—1
and one obtains the partial moving frame
: - 1 Auj
a=-"1 p=Lqge| M |, a=—, B =-au it
hi—y hi—y Ui—1 Xi—1 hi—y hi—

Finally, we note that

h;
t(Uiy1) = 0l|:AMi - h_Aui—lj| =0,
i1

by virtue of (78).
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6 Symmetry-Preserving Numerical Schemes

At this point, given a Lie group of local transformations G acting on M, we have
everything needed to construct G-invariant equations. As introduced in Sect.5,
a G-invariant equation F(z) = 0 will either be weakly invariant or strongly
invariant. To obtain strongly invariant equations, the first step consists of computing
a complete set of invariants I. using either Lie’s infinitesimal approach or the
moving frame method. Once a complete set of invariants I. has been computed,
a strongly invariant equation 0 = F(z) = F(I.) is simply obtained by combining
invariants from I.. To obtain weakly invariant equations, one simply has to use one
of the two procedures outlined in Sect. 5.

When M = J©, the above procedure will produce all the differential equations
A(x,u®®) = 0 admitting G as a symmetry group. Similarly, when M = ¢©,
one obtains all the differential equations A(s,x®,u®) = 0 invariant under the
prolonged action of G. Obtaining these differential equations is referred to as the
inverse problem of group classification. Given a G-invariant differential equation
A(x,u®) = 0, the procedure can also be used to construct an extended system
of equations {A(s,x©,u®) = 0, A(s,x(é), u®) = 0} that is G-compatible with
A(x, u(l)) =0.

In the following, we are mainly interested in the case when M = ¢!, Given a
differential equation A(x,u) = 0 with symmetry group G, we want to construct
a system of finite difference equations that approximates the differential equation,
specifies constraints on the mesh, and preserves the symmetry group G. This is
now obviously done by finding an appropriate collection of strongly invariant and
weakly invariant difference equations, which, in the continuous limit, converge
to the differential equation. To find an approximation of the differential equation
A(x,u®) = 0, the first step consists of computing a complete set of difference
invariants using either Lie’s infinitesimal approach or the moving frame method and
to consider their Taylor expansion. Then one searches for a combination of these
Taylor expansions that will, in the continuous limit, converge to the differential
equation, and thereby provide a finite difference approximation of the equation.
This step will not always work. It is possible that the difference invariants cannot be
combined in such a way to converge to the differential equation in the continuous
limit. When this is the case, one should search for a weakly invariant equation
W(x[[], u%]) = 0 that converges to A = 0. If the later fails, one can try to add
more points in the lattice. It is not clear yet if all invariant differential equations
admit at least one symmetry-preserving scheme. Differential equations with infinite-
dimensional symmetry groups are particularly challenging. To this day, no one
has been able to systematically construct symmetry-preserving schemes for such
equations.

In parallel, one also searches for a set of strongly and/or weakly invariant
difference equations that will constrain the mesh on which the differential equation
is approximated. Mesh equations do not always have to be included. If they are
avoided, this leads to invariant meshless discretization schemes [4], which tend
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to be more complicated numerical schemes as they can operate on an arbitrary
collection of nodes where the solution is sought numerically. When, included, the
mesh equations will influence how the continuous limit should be taken in the
above paragraph. The number of equations specifying the mesh is not a priori fixed.
The only requirements are that those equations should not impose any constraints
on the dependent variables u,[f,], that they should be compatible, and have the
appropriate continuous limit. The latter can mean different things depending on the
point of view used. For example, in [13, 14, 18, 28-30, 56, 61], the discrete indices
N + K are assumed to be fixed and in the continuous limit, the points (xytx, Uy+k)
converge to (xy, uy) for all K € ZP. With this perspective, the mesh equations will
converge, in the continuous limit, to identities such as 0 = 0. Alternatively, if one
regards the discrete index N = (n!, ..., n”) as sampling the computational variables
s = (s',...,s"), one can take the limit in the index variables [67, 78, 79]. To this
end, we introduce the variation parameters € = (€,....eM e [0, 1]7. One can then
write the multi-index N + K as

..........

Letting € — 0™, one has that

lim N+e-K=N.
e—0t

By introducing the variation parameters € = (¢!, ..., €”) in the mesh equations and
letting € — O, the latter will now converge to the companion equations (9b).

We now illustrate the above procedure for constructing symmetry-preserving
numerical schemes by considering three examples.

Example 6.1 As our first example, we construct a symmetry-preserving scheme
for the Schwarzian differential equation (33), whose symmetry group is given
by the fractional linear action (35). The difference invariants on the lattice (56)
are given by the index i, the discrete x-variables (58), and the cross-ratio (61).
These invariants are sufficient to construct a symmetry-preserving scheme of the
Schwarzian equation. We begin by specifying the mesh equation, as this step is the
easiest. Clearly, we can set

Xip1—xi=h,
where 4 > 0 is a positive constant. From the mesh equation, it follows that

Xt =Xi—h, Xqp1=xi+h, Xgo=x+2h.



Symmetry-Preserving Numerical Schemes 299

Therefore, the Taylor expansions of u;—1, u;+1, and u;4, centered at x; are

h2 3
Ui—1 = u(xi—l) =u- hux + ?uxx - gum + (9(h4) s
hZ 3
U1 = u(xi-f—l) =u+ hux + Euxx + Euxxx + 0(h4) s (79)

an’
Ui+2 = u(xi+2) = u+ 2hu, + 2h2uxx + ?ux,\:x + (9(]74) s

where the function « and its derivatives are evaluated at x;. Substituting the Taylor
expansions (79) in the difference invariant (61), we obtain

_ h2u§ + Ruu,, + h4((4/3)uxumc - (3/4)”)%)() +0OM)
e 4h2u2 4 A3, + (10/3)h* g, + O (h5)

Therefore,

4—1/R;  2uyltyy — 3“)%;(
h? - u? + O

X

and an invariant approximation of the Schwarzian equation (33) is given by

1 1
- [z _ E] — F(x). (80)

Example 6.2 As a second example, we consider the second order ordinary differ-
ential equation

U = 0. (81)

As seen in Exercise 3.6, the infinitesimal symmetry algebra is spanned by the vector
fields (32). In the following, we construct a symmetry-preserving scheme of the
differential equation (81) invariant under the five-dimensional symmetry subgroup
generated by (71) on the discrete jet space I = (i, X1, X Xig 1, Wiy Wiy Ui 1)}
Since dim 3’[2] —dimg = 7 — 5 = 2, other than the index i, we expect one more
difference invariant. Solving the system of first order partial differential equations

o or o1 ol
n=-2 4% —0,
W 0xi—1 * ox; * 0y |
o or o1 ol
n=-—"1 2 =0,
2 () Oui—y * ou; * iy
ol al ol
V(D) = iy +Xi—— + Xip =0,

axi_l 8xl~ 8xi+1
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[2](1) I n ol n al
v = Xi— X X =
4 i l8 . za . i+1 3ui+1
I al ol
[2]
ve () = u;— U; =
5 () llai—l+ l3i+ o
we obtain the invariant
Xig1 — X hi
H=———=— (82)
l Xi — Xi—1 i—1

Note that this invariant was also found in our construction of a partial moving
frame in Example 5.7. Clearly, it is not possible to approximate (81) using only the
invariant (82). We therefore search for weakly invariant equations. In Example 5.6
(and Example 5.7) we found that W = h;—; (uj+1 —u;) —hi(u;—u;—;) = 01is a weakly

invariant equation. Since the product of a weakly invariant equation W(xm u[z]) =0

i ot
2]

i

2w _ 2 (ui+1 —u; U — Mi—l) —0
hihizy (i + hic1)  Xip1 —Xio1 \Xi41 — X Xi—Xi—1 )

by a nonzero difference function F(i, x ul[z]) # 0 remains weakly invariant,

is weakly invariant equation, and happens to approximate the differential equation
uy, = 0. As for the mesh equation, we set H; = f(i), with f(i) > 0 for all i, and
obtain

Xip1 — (L +f(@))xi + f(@Oxim1 = 0.

Exercise 6.3 (This Exercise Was Taken from [81]) The first-order ordinary
differential equation

W = A ()u + B (x)er™ (83)
is invariant under the infinitesimal symmetry generators

d 0
vi=e'®W— | v, = [u—Bx)e'™]— .
ou ou

Working on the discrete jet space

I = LG, xi, xigr, wi, wir) )
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1. Show that, other than the index i, the only two invariants are x; and x;4 .
2. Find a weakly invariant difference equation.
3. Write down a symmetry-preserving scheme for (83).

Example 6.4 The standard discretization of the KdV equation on an orthogonal
mesh given in (22) is not invariant under the Galilean boosts

X=x+4+vt, T=t, U=u+v, vekR.

Indeed, under this transformation, the second term in (22) is transformed to

ul  —u?
(M;l + U)' z+12h i—1 ,
while the other two terms remain unchanged. Thus, the discretization (22) does
not preserve all the symmetries of the equation. It is not difficult to see that the
discretization (22) is only invariant under shifts and dilations.
We now proceed to the construction of a symmetry-preserving scheme for the
KdV equation. Introducing the multi-index N = (n, i), let

(tn, xy, un) = (&), %}, ul)

as in Example 2.17. Recall that the symmetry generators of the KdV equation were
found in (31). Clearly, the ratios

n n
lip1 — 4 gt =

1

i
II-H_I _ f— tzn 1

1 1 1

are invariant under space and time translations, Galilean boosts, and scalings.
Therefore, we can use these two invariants to fix invariant constraints on the

— n l_n
discretization of the time variable ¢ by setting ,’:ﬂ ;" = 0and & —= “ = 1. These

i i

two equations are equivalent to

oy —0=0, £ -204+71=0. (84)

l

The latter imply that a symmetry-preserving scheme for the KdV equation can be
formulated on a mesh with flat, equally spaced time layers:

"—fkn+

From here on, we assume that (84) hold. The prolongation of the vector fields (31)
to the points in the stencil depicted in Fig. 1 is given by
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Fig. 1 Stencil for the KdV equation
1 1 2
ad ad
Vl - a1 bl V2 == a—— ’
Z b iaats Z Z '+'I
1=0 =0 j=—2 Bxf‘ﬂ
1 2
Vi = tn+l a + a (85)
3= Z Z gL gl
=0 j=—2 i+j i+j

1

2
d d ad
_ 141 +1 ot
Va4 = Z 37 ot + Z xil‘i‘.i P Zui+j ut!
1=0 j==2 i+j i+j

To simplify the notation, we introduce

S | no__ n
k=770 —1", W =X =
ul,, —u’ (86)
n __ +1 n n _ i+l i
o =x;7 —x}, D”i—T’
1

for the spacings and elementary first order discrete x-derivatives. Applying the
infinitesimal invariance criterion (53) and solving the corresponding system of
first order partial differential equations, we obtain the following 18 functionally

independent invariants

w1 M 1=0,1,j=-1,0,1

i+j_h?ij1’ =uLy=-LU1l,
"= LA Jr = )

P T ke (87)

o' —k-u’
_ _ (1 2
L= -, T =T —ul) ()

KM = k- Duf! 1=0,1,j=-2,-1,0,1.
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Introducing the invariant quantity

Q' = H" K?—l—l - K B Kzn —K;Ll
i i+1 1+ H l+1 1+Hzn ’

an invariant numerical scheme for the KdV equation (together with the mesh
equations (84)) is given by

g KK + Q!+ =L ST (88)
i i i 2 (Hn)z -

Introducing the third order discrete x-derivative

2 Du' . — Du" Du* — Du"
el -CaEE).
i i TH b + ki,

the explicit expression of the invariant scheme (88) is

n+1 n n n n
w;" —u; . 0i\Du! + Du_ 1 n n
T + (Mi — T)f] + §[D3ui + D3Mi_1] =0. (90)

A more appropriate invariant numerical scheme can be realized on the entire ten
point lattice. The latter is given by

+1 +1
o 'L;,(Ky + K, +4K;’ + K )

R Y i |
+ 2|:Iin (Q, + In(HnJrl)z) + Q + (Hn)Z:| =0.

Explicitly,

uf’+1 —uf e Dul! + Dul!_, +Du”+1 —i—Du”Jrl
k i k 4

1
+ [P+ DU DY+ D ] =0 9D

To use the scheme (90) or (91), the grid velocity

must be specified in an invariant manner to preserve the symmetries of the KdV
equation. One possibility is to set
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n

['=0 sothat %:uf. (92)

Together, the Egs. (84), (90) (or (91)), and (92) provide a numerical approximation
of the extended system of differential equations (11), (14), (15) for the KdV
equation. The latter scheme can perform poorly as there is no built-in mechanism
preventing the clustering of grid points as the numerical integration proceeds.
Alternatives to using (92) to obtain the position of the grid points at the next time
level will be presented in Sect. 7. Using adaptive moving mesh methods, we will
construct more reliable invariant numerical schemes.

We conclude this example by discussing the continuous limit of the numerical
scheme (90) with mesh equations (84), (92). Let us introduce the variation parame-
ters (e, §) so that

n—l—l:n—i—leL:1 and i+j=i+j8|5:1.

In the numerical scheme (90), (84), (92), let

n+e n no_ .n
A L, S A = s M
i i € ’ i+1 i 8 ’
_ n n
— 2" + +8 2”1' + ui—8
Uiy up +u_y = 52 ,
n n n n
Wiyos = S s + 3ui —ug

n n no
Wip = 3wy +3u; —up ) = 5

with € = 1 and § = 1, and similarly for the differences in ¢ and x. Then, as € — 0
and § — O,

W — Uiy s — Uy
L Su, 5 — Uy,
€
n n n
uips —2ui +upg Uips — iy s + 3ui —ui s
82 Uss 53 > Ugss s

and the numerical scheme (90), (84), (92), converges to (15), (11), and (14),
respectively.

Alternatively, if one lets t”+l — 1, xf“ — X7, ufjl — u, without introducing
the variation parameters (e, 8) then after multlplylng equation (92) by k, the mesh
equations (84), (92) converge to the identity 0 = 0, while (90) converges to the
original KdV equation (10).

Exercise 6.5 Using the difference invariants computed in Exercise 4.5 part 2,
construct a symmetry-preserving scheme for Burgers’ equation (36).

When using the method of equivariant moving frames to construct symmetry-
preserving numerical schemes, it is possible to avoid the step where one has to
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search for a combination of the difference invariants that will approximate the
differential equation A(x,u™) = 0. In general, for this to be the case, some
care needs to be taken when constructing the discrete moving frame pl: 19 — G.
The latter has to be compatible with a continuous moving frame p©):J © - G.
By this, we mean that the discrete moving frame p!) must converge, in the
continuous limit, to the moving frame p®. If K is the cross-section used to
define pl) and K© is the cross-section defining p(*), then the moving frame pl
will be compatible with p®) if, in the coalescing limit, XI converges to K©. As
shown in [67], discrete compatible moving frames can be constructed by using the
Lagrange interpolation coordinates on !9, although in applications these can lead
to complicated expressions that may limit the scope of the method. It is frequently
preferable to fix invariant constraints on the mesh, and then consider finite difference
approximations of the derivatives compatible with the mesh. On a nonuniform mesh,
these expressions can be obtained by following the procedure of Example 2.11.
Given a compatible moving frame pl! an invariant approximation of the differen-
tial equation A (x, u® ) = 0is simply obtained by invariantizing any finite difference

[l

approximation E(N,x ,u%]) = 0, compatible with the mesh. In particular, the

equation E(N, x[e], u%]) = 0 does not have to be invariant.
We now illustrate the construction of symmetry-preserving numerical schemes

using the method of moving frames.

Example 6.6 As our first example, we revisit Example 6.1 using the moving frame
machinery. In Example 4.19, we constructed a discrete moving frame for the
symmetry group of the Schwarzian differential equation. This moving frame was
constructed using the cross-section (68), which is not compatible with the cross-
section (66) used to define a moving frame in the differential case. Indeed, in (66)
we have u = 0, while in the discrete case we let u; — oo. Therefore, one should not
expect that the invariantization of the standard scheme

Uit — Uiy +3u; —ui—y 3 (Mi+1 —2u; + Uiy

(Uit1 — up)h? AN

2
) = F(x) (93)
will provide an invariant approximation of the Schwarzian equation (33). Indeed,
the invariantization of (93), yields the inconsistent equation

In this case one has to combine the normalized invariants x;—1, X;, Xj+1, Xi+2, and
the cross-ratio €;t(¢;+2) = R; as in Example 6.1 to obtain the invariant numerical
scheme (80).

For the invariantization of (93) to give a meaningful invariant discretization, we
need to construct a discrete moving frame compatible with (67). Working on the
uniform mesh
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Xi+1 — Xi = h s

we introduce the finite difference derivatives

Ui+1 — U; Ui+1 — 2u; + Uuj—1
DM,' — i h 1 , DZM,' — 1 hzl i .

Wiyr — i1 + 3u; — Ui
h3 ’

D3I/li =

To obtain a compatible discrete moving frame, we consider a finite difference
approximation of the cross-section (66) used in the differential case. Namely, let

X = {u; = 0,Du; = ¢;, D*u; = 0}

where € = sign(u,-+1 — ui)(u,- — ui_l)(u,-+2 — M,'_l) .

The latter is equivalent to

K = {ui_1 = —h€,‘,u,‘ = 0, Ui+ = hGi} .

Solving the normalization equations

i—1+b i+ b
Che = Uy = MO oAt D
cui—1 + b cu; +d

auiyy + b

he; = Uiy = ——,

Cuj+1 +b

and using the unitary constraint ad — bc = 1, we obtain the moving frame

Dzu,- uiD2ui
a= ———"—, b = —— )
2¢ Du; Du; 2¢ Du; Du;—q
ui+1 Dui—y — ui—y Du;

Du,- — Dui_l

d=c

where
€i(D?u;)?

2 _
o ZDM, DM,'_I(DM,' + DM,'_I) '

We note that the right-hand side of the last equality is nonnegative by definition of ¢;.
Invariantizing the noninvariant scheme (93), we obtain the invariant discretization

2 — i) (Ui — Uiz 2
: (i — i) (U1 — Ui—1) ~ 2 ). 94)
W [(uiy2 — ui—1)Du; — (U2 — uiv1)Dui—1]  h
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The latter can be written using cross-ratios in a form similar to the invariant scheme
(80). After some simplifications, the invariant scheme (94) is equivalent to

1 1
== —2|=Fx),
h2|:Ri_Ri i| )

where

_ (Uiv2 — wig1) (i — ui—1)
(i — ui) (Ui — ui—1)

B _ (Ui2 — ui—1) (i1 — ;)
Y (i — wi) (Ui — Ui—1)

and R;

Example 6.7 As our final example, we consider the invariant discretization of the
KdV equation. The group action induced by the infinitesimal generators (31) is
given by

X=Ax+vita, T=Ai+b, U=%+v, (95)

where a,b,v € Rand A € RT. As in Example 6.4, to simplify the computations,
we assume that (84) holds. When this is the case, it follows from (18) that

u(l-i-l _ u;l n

o!

U ~ ’T—TIDM?, u, ~ Du} ,
where we use the notation that was introduced in (86). For better numerical
accuracy, we let

n+1 n n n n
il o' Du'! + Du
Mz%AzM?=%—7"%,
(96)
Du + Du”?
Uy & Al = Du; + Dui, )
2
Also, recalling formula (89), we let
U = A} = 1[Du! + Dull_ ] . 7

Implementing the discrete moving frame construction, we choose the cross-
section

K Z{X? :071‘" :O’u;7 :07Axu? = 1} ,
which is compatible with the cross-section {x = 0,# = O,u = 0,u, = 1} that

one could use to construct a moving frame in the continuous case. Solving the
normalization equations
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vl +a=0. 20 +b=0. Au +v=0,

Afzu;’_i_l + v )L_Zul’Ll +v
AXI  +vtt+a  AXL | + vt +a -

’

for the group parameters a, b, v, A, we obtain the right moving frame

_ n ny\1/3 tnu? __ 4 n
a=—x(Au})’"” + @uly? b=—1"Au!,
! ©9)
VN A= (A"

To obtain an invariant scheme, we approximate the KdV equation using (96) and
(CX

Al +ul - Al + Adul =0 . (99)

and invariantize the resulting scheme. Since the latter is already invariant, the
scheme remains the same. We note that the scheme (99) is the same as (90).

Exercise 6.8 Referring to Exercise 4.5:

1. Construct a discrete moving frame on the stencil
; +1 +1 o+l o+l +1 0+l o+l
NSNS AR R A VAR N N N TN AN AN A

compatible with the differential moving frame found in Exercise 4.18 part 2.
2. Invariantize the discrete approximation

Ugy R Dzu? =

- 2 [ ; n ]
Du’ — Du, .
h:l h?—l i i—1

3. Write a symmetry-preserving scheme for Burgers’ equation (36).

7 Numerical Simulations

In this section we present some numerical simulations using the invariant numerical
schemes derived in Sect. 6.
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7.1 Schwarzian ODE

indexSchwarz’ equationWe begin with the Schwarzian ODE (33) with F(x) = 2. In
other words, we consider the differential equation

Uy Uxxx — (3/2)’1)29;
g

=2. (100)

By the Schwarz’ Theorem [64], the general solution of (100) is

u(x) = M with ad —bc # 0 .
csinx 4 dcosx

Choosing a = d = 1 and b = ¢ = 0, we obtain the particular solution u(x) = tan x.
We now aim to obtain this particular solution numerically using the invariant scheme
(80) and a standard noninvariant scheme, and compare the results. For the standard
method, we choose the explicit fourth order adaptive Runge—Kutta solver ode45
as provided by MATLAB. On the surface, this appears to be an unfair comparison
since the invariant scheme (80) is only first order accurate. However, preserving
geometric properties can give a numerical scheme a distinct advantage, even if it is
only of relatively low order. This is verified in Fig. 2.

The relative error tolerance controlling the step size in the (noninvariant) adaptive
Runge-Kutta method was set to 1072, Despite this extremely small tolerance, the
numerical solution diverges at the point x = 7/2 where the solution has a vertical
asymptote. On the other hand, the invariant method, with a step size of 4 = 0.01, is
able to integrate beyond this singularity and follows the exact solution u(x) = tanx
very closely. For the conceptually related case where F(x) = sinx in (33), see [13].

400
o RK4
300 | O invariant
exact
200
100
>
-100
-200 -
-300 -
-400 . . . .
1 1.2 1.4 1.6 1.8 2
X

Fig. 2 Numerical integration of the Schwarzian ODE (33) with F(x) = 2. Blue: Non-invariant
fourth order adaptive RK method. Red: Invariant first order method. Black: Exact solution
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7.2 Korteweg—de Vries Equation

As reviewed in the previous sections, the earliest examples of invariant numerical
schemes for evolution equations almost exclusively rested on the discretization of
their associated Lagrangian form. However, the use of fully Lagrangian techniques
for discretizing differential equations is not common due to their tendency to cluster
grid points in certain areas of the computational domain and to poorly resolve
the remaining parts of the domain. Even more problematic, Lagrangian numerical
methods regularly lead to mesh tangling, especially in the case of several space
dimensions.

For the KdV equation this basic problem is readily demonstrated using the
invariant Lagrangian scheme given by (91) and (92). To do so, we numerically
implement this scheme using as initial condition a double soliton solution of the
form

1
u(t,x) = ECI sechz(@(x +a; — czt))

1
+ Ecz sechz(\/TE(x +ay — czt)) , (101)

where c;,c, € R are the phase velocities of the individual solitons and a;,a; € R
are the initial displacements. In our numerical simulations, we set a; = 20, a, = 5,
c¢1 = 1, ¢, = 0.5, and restricted the computational domain to the interval [—30, 30]
discretized with a total of N = 128 spatial grid points. The time step k was chosen
to be proportional to 4%, k o A3, and the final integration time for the Lagrangian
experiment was t = 0.75. The result of the computation is presented in Fig. 3.

It is visible from the evolution of the mesh points in Fig.3 (right) that mesh
tangling (here: crossing of mesh lines) is about to occur. This leads to numerical

07}
06
05 067
0.4 05|
03 04
5 -
02
03}
0.1
02}
0
-0.1 1 017
30 20 -10 0 10 20 30 %0 20 -10 o0 10 20 30
X X

Fig. 3 Left: Numerical solution for the KdV equation using the invariant Lagrangian scheme (91)
and (92). Right: Associated evolution of the mesh points
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instability that is visible as high wavenumber oscillations between the two solitons,
which sets in almost immediately after the start of the numerical integration. In
other words, the invariant Lagrangian scheme is unsuitable for practical applications
in virtually all relevant numerical situations, since no inherent control over the
evolution of the mesh points is build into the scheme.

It is striking to observe that, despite the well-known shortcomings of Lagrangian
numerical schemes, the latter have played a prominent role in the field of symmetry-
preserving discretization. This can be explained by the fact that for most papers
on the subject, invariant numerical schemes were constructed more as an example
highlighting the possibility of deriving symmetry-preserving schemes of differential
equations rather than as a tool for practical numerical experiments. Indeed, it is fair
to say that even now, the numerical analysis of invariant discretization schemes is
still lacking rigor.

In order to make the invariant numerical scheme (91) practical, a different
invariant grid equation has to be derived. Possible strategies include the use of
invariant evolution—projection schemes and invariant adaptive numerical schemes.

The invariant evolution—projection scheme conceptually builds upon the invari-
ant Lagrangian scheme. The main idea of this approach is to use the invariant
numerical scheme and the invariant mesh equations only over a single time step,
and use an interpolation scheme to project the solution of the differential equation
defined at the new spatial grid points back to the initial (typically uniform)
spatial grid. The entire procedure is invariant if the interpolation scheme used is
invariant [5]. The main appeal of this method is that it enables the use of invariant
numerical schemes on rectangular meshes.

It is readily verified that classical interpolation methods such as linear, quadratic,
cubic or spline interpolations are all invariant under the maximal symmetry group
of the KdV equation. The main reason is that all these schemes are polynomials in
terms like ()7 — 2"y or @1 — ) /(2 — x0T"), where #7! is the inter-
polation point, which are invariant under spatial and temporal shifts and Galilean
boosts. The invariance under scaling transformations follows from the consistency
of the interpolation scheme. For example, consider the linear interpolation given by

Mn+1_un+l

oty okl Mkt TW i bl
W) = T,
Xifn =X

1

Then, under the action of the KAV symmetry group given by (95), the linear
interpolation formula remains invariant. In other words, it follows that

on+1 n+1 U;l:ll - U;H_l Tn+1 n+1
XH—I =X

For more details and examples, see [5, 6].
In Fig.4 we present the numerical results for the scheme (91), (92) using the
double soliton (101) as initial condition on the interval [—30, 30]. As opposed to
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Fig. 4 Numerical solution
for the KdV equation using
the invariant scheme (91),
(92) augmented with a cubic
spline interpolation after
every step to project the
solution back to the original
uniform mesh

the previous simulation, we now introduce a cubic spline interpolation at each time
integration to project the solution back to the original space grid. The number of
discrete spatial points is as before, that is N = 128, and the final integration
time is t = 40. As it can be seen, the two solitons interact with each other
and remain unchanged after their collision, which is properly captured by the
invariant evolution—projection scheme. We point out though that the scheme is rather
dissipative, with the amplitudes of the solitons slowly decreasing over time. While in
the present example dissipation can be seen as a disadvantage, this dissipation can
be essential in hyperbolic problems that involve shock solutions. For these shock
solutions, numerical simulations usually require schemes, such as upwind or Lax—
Friedrich and Lax—Wendroff methods, which exhibit artificial dissipation.

A second possibility for completing the invariant numerical scheme (91) without
using Lagrangian methods rests on moving mesh methods. Without going into great
details, we present here an invariant r-adaptive scheme for the KAV equation (for
more information, see [9]). In r-adaptive numerical schemes a fixed number of grid
points is redistributed so that points automatically move to regions where higher
resolution is required, for example near shocks. Therefore, r-adaptive numerical
methods are particularly important for hyperbolic problems. We refer to [39] for a
comprehensive review of such methods.

For one-dimensional problems, r-adaptive moving meshes on the interval [a, b]
are uniquely determined through the equidistribution principle, which in differential
form reads

(8(t, x)x,)s =0 (102)

with boundary conditions x(z,0) = a and x(¢, 1) = b. In (102), the function § is
called the mesh density function or monitor function. Its role is to control the areas
where grid points should concentrate or de-concentrate. It is typically linked to the
solution of the physical differential equation. For example, the arc-length type mesh
density function is
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0
-30 -20 -10 0 10 20 30
X

Fig. 5 Left: Numerical solution for the KdV equation using the invariant adaptive scheme (91),
(104). Right: Associated evolution of the mesh points

§=\/1+au, (103)

where o € R is a constant adaptation parameter.

To complete the invariant scheme for the KdV equation, we discretize (102)
and (103) using the difference invariants given in (87) or using the invariantization
map induced by the discrete moving frame (98). In particular, it turns out that the
straightforward discretization

81 + 6}
2
n n\ 2
5 = \/1 +a(k—”;+1 ”) ,
Xik1 =X
is invariant under the maximal Lie symmetry group of the KdV equation.

In Fig.5 we present the numerical solution for the KdV equation using the
invariant adaptive scheme (91) with (104) and the same double soliton initial
condition (101) as in the previous simulation. The final integration time was again
chosen to be t = 40 and the adaptation parameter was set to o = 10.

It is readily seen from Fig.5 that the invariant adaptive scheme (91), (104)
again does not suffer from the shortcomings observed for the Lagrangian scheme
(91), (92). In particular, no mesh tangling occurs. The associated adaptive mesh
suitably tracks the position of the solitons and remains almost uniform away from
the two waves, although the adaptation is relatively weak since the solution does not
exhibiting overly steep gradients. An advantage of the invariant r-adaptive scheme

over the invariant evolution—projection scheme is that the amplitudes of the solitons
are not damped during the adaptation strategy.

S 4 5"
G =) = S =) =0,

(104)
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In general, using invariant adaptive schemes has the merit of combining a
geometric numerical method with a well-proven numerical strategy for dynamically
redistributing the points in a mesh. In particular, this technique works for all
evolution equations that are invariant under the Galilean group, which are virtually
all equations of classical hydrodynamics, including the shallow-water equations, the
Euler equations and the Navier—Stokes equations. Since shock waves are physically
important solutions in these models, invariant adaptive schemes are of high practical
relevance in this field.

7.3 Burgers’ Equation

In this section we construct a new numerical scheme for Burgers’ equation (36)
invariant under the four-parameter symmetry group

X=ce“xt+eite, T=e4e,, U=e“u+e;,

€1,€,€3,64 €R (105)

generated by the vector fields vy, vy, v3, v4 given in (37). We exclude the one-
parameter group of transformations generated by vs since in numerical simulations
the evolution of the time variable ¢ should always be strictly increasing, and allowing
the inversion transformations generated by vs would enable one to reverse the time
direction, which is not desirable from a numerical standpoint.

Remark 7.1 As an exercise, the reader is invited to adapt the constructions below
by including the inversion transformations generated by vs. This has never been
attempted and could potentially lead to interesting new results!

Due to the similarities between the symmetry subgroup action (105) and the KdV
symmetry group (31), the underlying symmetry-preserving schemes for Burgers’
equation are conceptually similar to the invariant schemes constructed before for
the KdV equation. Though, one important differences between the two equations
is that solutions to Burgers’ equation can develop very steep gradients (although
remaining smooth for all times provided that v # 0). This is particularly the case if
v approaches zero. Hence, grid adaptation is of practical relevance for this equation.

In [49], an invariantization for the Crank—Nicolson scheme for Burgers’ equation
was proposed. However, we note that the Crank—Nicolson scheme is implicit and
thus in the case where v is small it might not be the most efficient way of solving
Burgers’ equation since an explicit scheme should then suffice. In the following, we
propose a new scheme which draws some ideas from high-resolution finite volume
methods [52]. It is well-known that high order schemes, such as the Lax—Wendroff
method, lead to oscillations in the numerical solution near shocks, whereas low
order schemes, such as the upwind method, develop no such oscillations but exhibit
an excessive amount of numerical viscosity. The idea in the high-resolution method
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is thus to use a high order method away from the shock and a low resolution method
near the shock. The transition between the two regions is accomplished through the
use of flux/slope limiters.

To formulate an indexinvariant finite volume schemeinvariant finite volume type
method for Burgers’ equation, we rewrite (36) in the form

w+f=0, f=%l—vu. (106)

We now discretize (106) on a moving mesh, which, as we have previously seen, is
enough to guarantee invariance under Galilean transformations. As in Examples 2.8
and 2.10, we introduce the computational variables (t, s) and let t = #(7) = kt + £°
and x = x(z,s). Then, a suitable conservative form of Burgers’ equation in the
computational variables (z, s) is given by

1 U ux
(xsut); + k(zu - vf - TT) = (xu), + kf, =0, (107)

see also [39]. We then discretize the flux f in two different ways, once using
the second order centered difference method (high resolution) and once using the
first order upwind method (low resolution). In doing so, we observe, as in [9],
that the invariance under Galilean transformations requires us to discretize (107)
in such a way that all spatial derivatives are evaluated using the same finite
difference discretizations. With that said, the high order discretization of (107) is
A (xau)eh 4+ k Afhieh = 0, with

A ()C u)hlgh (hn+1 4 h"+l)u"+l (h:t + h?—l)u? ,

A = %[(“?4—1)2 — (uy) ] —v(Du} — Du;_,)

n
_ l+1 u" 0i1 »n
X Uit1 Tk Uiy} -

On the other hand, the low order discretization of (107) is A, (x,u)'°Y +k Af'% = 0,
where

hn+1 n+1 hr_z ut} u’t > 0

Aclru)'™ = L
/’l?+1l/t?+l W W <0

11’ i ’

’

and

ALY, w0,

Axflow —
AfY, u <0,
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with
1 o ol
A = Sl = G ] = v = out) - (Lt - ),
I U, O,
Af = 5[(”?+1)2 - (”:'1)2] —v(Duiyy — Duy) — ( ];H Uiv1 — 7”1‘)

The invariant high-resolution method is obtained by dynamically selecting the

regions of the domain where the high order and low order methods are used. For

this purpose, we introduce the ratio
n Aul;—l

_ n _
P = where Au} | = u} —u
Ui

n
i—1 >

and/ =i—1ifu! > 0and ] = i+ 1if u! < 0. Geometrically, the quantity ;'
measures the smoothness of the solution over the interval [x;—p, x;]. This ratio is, by
its definition, invariant under the symmetry subgroup (105), and therefore so is any
function of 6.

We proceed to discretize (107) by considering

A (xgu) +kASf =0, (108)
with

Ar(xsu) = Ar(xsu)low - ¢(91” l)[Ar(xsu)low - Az(xsu)high] ’

Asf — A‘Sflow _ ¢(9,‘n_1)[Axflow _ Axfhigh] ,

and where, for the flux limiter function ®(0!"), we choose the so-called minmod-
limiter, @(0') = max{0, min(1, 8")}. For further discussions on flux limiters,
see [52]. To complete the invariant finite volume type scheme for Burgers’ equation,
we use the same grid adaptation strategy as for the KdV equation to obtain the spatial
step size 0]' = xf‘H — x} as time evolves.

As a numerical example, we carry out an experiment similar to the one given
in [49] for the exact solution

B sinh(x/(2v))
cosh(x/(2v)) + exp(—(c + 1)/ (4v)) ’

u(x) =

where ¢ € R. We discretize the spatial domain [—0.5, 0.5] with N = 128 grid points
using Dirichlet boundary conditions, and choose the time step k to be proportional
to h%, k o« h?. The final integration time is ¢+ = 0.5 and for numerical purposes
¢ = 0.25 and the viscosity was set to v = 0.001. The adaptation parameter « in the
arc-length type mesh density function in (104) was set to « = 0.5. The respective
numerical results are depicted in Fig. 6.
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Fig. 6 Left: Numerical solution of Burgers’ equation using the invariant adaptive scheme (104),
(108). Right: Corresponding evolution of the mesh points

Unlike in the numerical simulations for the KdV equation presented in Sect. 7.2,
Fig. 6 clearly demonstrates the need for an adaptive moving mesh. While this is
implied from the structure of the numerical solution, it is remarkable that the
requirement for a moving mesh is already encoded in the structure of the symmetry
group of Burgers’ equation. Hence, numerically preserving symmetries can be seen
as a geometrical justification for using r-adaptive numerical methods. Moreover, due
to the use of a high-resolution finite volume type scheme, no unphysical oscillations
around the shock is observed.

8 Conclusion

To recapitulate, let us summarize the algorithm for constructing symmetry-
preserving finite difference schemes. Given a differential equation A(x, u”) = 0:

1. Use the infinitesimal invariance criterion (28) to determine a basis of infinitesimal
symmetry generators.

2. Choose a lattice on which the differential equation is to be discretized.

3. When possible, in particular when discretizing a partial differential equation,
impose obvious invariant constraints on the mesh. This step is not necessary but
if implemented it can, in general, simplify the implementation of the remaining
steps.

4. Use either Lie’s infinitesimal approach or the moving frame method to compute
a complete set of difference invariants, and, if necessary, to find weakly
invariant difference equations. When using the moving frame method, one has to
exponentiate the infinitesimal generators found in Step 1 to obtain the connected
component of the group of local symmetry transformations.

5. Combine the difference invariants and the weakly invariant equations in such a
way to obtain an approximation of the differential equation A(x,u®) = 0 and
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(possibly) constraints on the mesh. If using the moving frame method, invari-
antize a finite difference approximation of the differential equation compatible
with the mesh to obtain an invariant approximation of the differential equation.

The basic algorithm for constructing symmetry-preserving numerical schemes is
now fairly well-understood. Below are some open problems and comments for the
interested reader.

e Many important differential equations in mathematical physics admit an infinite-
dimensional symmetry group. Such equations include the Davey—Stewartson
equations [20], Liouville’s equation, the Kadomtsev—Petviashvili equation [22],
the Infeld-Rowland equation [32], the Euler equations [68], and many other
equations from fluid dynamics [46]. Implementing the above algorithm for
infinite-dimensional symmetry groups remains a challenge. One particularity
of these groups is that as new points are added to the stencil, new group
parameters appear, which does not occur in the finite-dimensional case. To avoid
this difficulty, one possibility is to consider finite-dimensional subgroups of
the infinite-dimensional symmetry group and implement the algorithm above
[60, 61]. Another possibility, which preserves the infinite-dimensional nature of
the group action, is to discretize the Lie pseudo-group action [79].

e In the last 25 years, a great deal of efforts has been devoted to constructing
symmetry-preserving finite difference numerical schemes. With the emergence
of finite element methods [80], and discrete exterior calculus [1], it would be
interesting to extend the above symmetry-preserving algorithm to these settings
as well. Further extensions to finite volume and spectral methods should also be
considered.

* As with any geometric integrator, one of the motivations for developing
symmetry-preserving schemes is to obtain better long term numerical results. As
we saw in Sect. 7, and as observed in the literature [13, 14, 18, 50], symmetry-
preserving schemes for ordinary differential equations perform extremely well,
particularly near singularities. For first order ordinary differential equation, it is
even possible to construct symmetry-preserving schemes that will approximate
exactly the solution of the original equation [81]. On the other hand, the
numerical improvements for partial differential equations are not as clear
[4,9, 21, 49, 61, 78, 79]. In many cases, they tend to be comparable to standard
schemes. Now that the theoretical foundations are on firm grounds, one of the
main challenges in the field of symmetry-preserving schemes is to investigate
the numerical properties of invariant schemes and understand why and when
these schemes give better numerical results.

* Most partial differential equations invariantly discretized to date have been
evolutionary equations (such as the KdV and Burgers’ equations). Much more
work, especially from the numerical side, has to be devoted to the invari-
ant discretization of other types of partial differential equations, such as the
wave equation, Laplace’s equation, and the sine-Gordon equation. In particular,
constructing symmetry-preserving schemes compatible with given boundary
conditions is an important avenue of research.
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e Symmetries are usually not the only geometric properties that a differential
equation admits. Other, equally important properties such as a Hamiltonian
structure or conservation laws might be present as well. Developing geometric
integrators that will preserve more than just one geometric property at the time is
an important research direction to pursue.

9 Answers to Selected Exercises

Exercise 4.5, part 2: A complete set of difference invariants is given by the nine
invariants

W h(z+1 h'?h'-H_l
=i b= b=t L= W (O = Dul )
i—1 i—1
o’
Is = K out —put)y, Ig = h(k— - u) :
o’ 1
L= L =) L= ) D+ — )
k k
n+142 n+1 1
Iy = (h,' ) Du;™ — ﬁ s
where
W=, — K= tn+1 _ o" = xn+1 - Du' = er‘l+1 —Uu
S I = ’ i =X i Ty

Exercise 4.18, part 1: The one-parameter group actions are

explervi] - (¢, x,u) = (x + €1, t,u),
expleava] - (t,x,u) = (x, 1 + €2, u),
explesvs] - (¢, x,u) = (x + e3t, 1, u + €3),
explesva] - (1. x, u) = (e x, %1, e “u),

X t

—  ——— (1 —es)u +esx ).
1—est 1 —est ( S)M 5)

explesvs] - (¢, x,u) = (

Exercise 4.18, part 2: Working on the open dense set V" = {(¢,x, u, u,, u,) €
IO | wuy + u, # 0}, the right moving frame corresponding to the cross-section

K={t=0,x=0,u=0,u, =0,u, = 1}
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is
— — _ €4 __ 1/3 _
€ee=—x, e=—t, ea=—-u, *=uu+u)’", € =—u.

Exercise 4.18, part 3: The invariantization of u,, yields the differential invari-
ant

uXX

(Uyy) = m .
Exercise 6.3, part 2: A weakly invariant equation is given by

Ui A — e A0 — B(xi ) + B(x;) = 0.
Exercise 6.5: Along with the equations (62), we can add the mesh equation

Is = 0O (refer to the solution of Exercise 4.5, part 2). On this mesh, the differential
equation can be approximated by

2vI4L 1
_ppy = 2Vlhk
1+
Explicitly,
Y
lhnhnz—l L o i UDZM? )
iti—1

Using the mesh equation o/ = k"u}, we obtain the explicit scheme

wtt
(1 +&"Du})(1 + k”Du?_l)(#) = vD*u!
with #f, | = # and 0]' = k"u].
Exercise 6.8, part 1: A compatible discrete cross-section is given by

u? ul
K=t =0.0 =0,uf =0, 55 + —=b = 0. =0
i+1 i—1
The corresponding discrete moving frame is
€ =—x', €=-1", €3 = —U; ,

where

1
Du! + Dul!_ urtt —yn ot
Axu? — lfll and A[l/l? = .t Axu" .
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Exercise 6.8, part 2: The invariantization yields the finite difference invariant

2 D?uj
1(Duf) = o .
(I + kAl (A + ul™ Adl)
Exercise 6.8, part 3: Invariantizing A + u!Au! = vD?u! we obtain the

invariant scheme

(1 + K Au) (Al + T Aty = vD?ul .
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Introduction to Cluster Algebras

Max Glick and Dylan Rupel

Abstract These are notes for a series of lectures presented at the ASIDE conference
2016. The definition of a cluster algebra is motivated through several examples,
namely Markov triples, the Grassmannians Gr,(C"), and the appearance of double
Bruhat cells in the theory of total positivity. Once the definition of cluster algebras is
introduced in several stages of increasing generality, proofs of fundamental results
are sketched in the rank 2 case. From these foundations we build up the notion of
Poisson structures compatible with a cluster algebra structure and indicate how this
leads to a quantization of cluster algebras. Finally we give applications of these ideas
to integrable systems in the form of Zamolodchikov periodicity and the pentagram
map.

1 Introduction

Cluster algebras were introduced by Fomin and Zelevinsky [14] in 2002 as the
culmination of their study of total positivity [13] and (dual) canonical bases.
The topic of cluster algebras quickly grew into its own as a subject deserving
independent study mainly fueled by its emergent close relationship to many areas of
mathematics. Here is a partial list of related topics: combinatorics [38], hyperbolic
geometry [11, 12, 39], Lie theory [19], Poisson geometry [24], integrable systems
[9, 26], representations of associative algebras [5—7, 44—46], mathematical physics
[1, 10], and quantum groups [3, 21, 32, 33].

In these notes we will give an introduction to cluster algebras and a couple
of the applications mentioned above. These notes are far from exhaustive and
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the references above only touch on the vast literature. Other overviews of cluster
algebras can be found in the works [20, 31, 51] which will also provide additional
references.

These lecture notes are organized as follows. Section 2 gives several motivating
examples from which we will abstract the definition of a cluster algebra. Section 3
contains several variations on the definition of cluster algebras with increasing
generality and also the definition of Y-patterns. In Sect.4, we describe the foun-
dational results in the theory of cluster algebras and sketch, or otherwise indicate
the ideas behind, the proofs of these results. Section 5 recalls the theory of Poisson
structures compatible with a cluster algebra and describes how this naturally leads
to a quantization of cluster algebras. Finally, we conclude with applications of the
cluster algebra machinery to problems involving integrable systems in Sect. 6.

2 Motivating Examples

Cluster algebras are certain commutative rings possessing additional structure,
including:

 adistinguished collection of generators called cluster variables;

¢ a collection of finite subsets of the set of all cluster variables called clusters;

* amutation rule which, given a cluster and one of its variables x, produces another
cluster by replacing x with a different cluster variable x’ related to x by an
exchange relation

where F is a binomial in the variables common to the initial and mutated clusters.

Before defining cluster algebras, we describe a few settings illustrating these various
components. We leave it to the astute reader to compare these examples with the
definitions presented in Sect. 3 and to see how they may be reinterpreted within the
cluster algebra framework.

2.1 Markov Triples

A Markov triple is a triple (a,b,c) of positive integers satisfying the Markov
equation a> + b* + ¢*> = 3abc; an integer which appears as a term in a Markov triple
is called a Markov number. The Markov equation is an example of a Diophantine
equation and two classical number theoretic problems are to determine the number
of solutions and to determine a method for finding all such solutions. We will solve
both of these problems for the Markov equation.
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Exercise 2.1 Prove that (1, 1, 1) and (1, 1, 2) are (up to reordering) the only Markov
triples with repeated values.

Rearranging the Markov equation we see that ¢> — 3abc + a* + b* = 0 and so ¢
is a root of the quadratic f(x) = x> — (3ab)x + (a*> + b?). But notice that the other
root ¢ = (a®> + b?)/c = 3ab — c is a positive integer and so (a, b, ¢’) is again a
Markov triple.

Note that there was nothing special about c in the calculation above. Thus given
any Markov triple (a, b, ¢), we may perform three possible exchanges

a? + b? a? + ¢ b2+ ¢
a,b, a, ,C ,b,c
c b a

and obtain another Markov triple in each case. The following exercises solve the
above two classical problems of Diophantine equations.

Exercise 2.2 (a) Prove that there are infinitely many Markov triples by showing
that there is no bound on how large the largest value can be.

(b) Show that all Markov triples may be obtained from the Markov triple (1,1, 1)
by a sequence of exchanges.

2.2 The Grassmannian Gry(C")

The Grassmannian Gry(C") is the set of k-dimensional linear subspaces of C". A

point in the Grassmannian can be described, albeit non-uniquely, as the row span of a

full rank matrix A € C**". The maximal minors of A are called Pliicker coordinates.
Now, restrict to k = 2 and let

A= [6111 app ... aln] _
a) azy ... Ay,
The Pliicker coordinates are given by A;; = ay;ay; — ajjaz for 1 <i <j < n. Asthe
matrix A is not uniquely determined by a point in Gr,(C"), the Pliicker coordinates

are not truly functions on Gr,(C"), but rather they are only well-defined functions
up to simultaneous rescaling. That is, the Pliicker coordinates determine a closed

embedding into the projective space PG)-!. The following exercise shows that the
image of the Pliicker embedding lies inside a closed subset of projective space.

Exercise 2.3 Verify that the Aj; satisfy the so-called Pliicker relations
Apdjy = AjAy + AyAy (D

forl <i<j<k<l=<n.
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Consider a regular n-gon with vertices labeled 1,2, ...,n. Let T be a triangula-
tion, i.e., a maximal collection of chords E with 1 < i < j < n, no two of which
intersect in their interiors. Note that 7 always consists of n — 3 diagonals together
with the n sides 12,23, 34, ..., 1n. Associate to T the corresponding collection of
Pliicker coordinates

Ar = {AUEE T}

Proposition 2.4 Fix positive reals x;; for all ij € T. Then there exists A € Gry(C")
such that Aj(A) = x; for all ij € T. Moreover, each Ay(A) with ij ¢ T can be
expressed as a subtraction free rational expression of the x;;.

For instance, let n = 4 and T = {13, 12,23, 34, 14}. A possible representing

matrix is
X23 X34
11— 0 —
A= X13 X13 | .

0 x12 x13 x14

There is one remaining Pliicker coordinate, namely A,4, and it can be computed
from the given ones as

X12X34 + X14X23
X13

Apu(A) =

which follows from a Pliicker relation. This formula can be thought of as a change
of coordinates from Ay to A where T" = (T \ {13}) U {24}.

Exercise 2.5 The change of coordinate systems observed above can be understood
more classically in terms of the Ptolemy relations for cyclic quadrilaterals. Indeed,
consider four distinct points labeled 1,2, 3,4 on a circle in cyclic order and let x;;
denote the distance between vertices i and j. Prove that xi3x24 = X12X34 + X14X23.

More generally, if 7 is a triangulation of an n-gon and ik € T is a diagonal (as
opposed to a side), then ik is part of two triangles of 7. Call the third vertices of these
two triangles j and L. It follows that 7" = (T \ {ik}) U {jI} is again a triangulation.
Moreover, it is well known that any two triangulations may be related by a sequence
of these flips of diagonals [29]. Performing a sequence of such quadrilateral flips
and using a Pliicker relation at each step makes it possible to iteratively compute all
the rational expressions promised in Proposition 2.4.

2.3 Double Bruhat Cells

An n x n matrix M is called totally positive if the determinant of every square
submatrix is a positive real number. In particular, every entry of M is positive and M
must be invertible. Write GL;0 C GL, for the subset of totally positive matrices. To
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check that a given matrix M € GL, is totally positive one must, a priori, check that
all (2:) — 1 minors of M are positive. A natural question is whether this verification
process can be made more efficient. More precisely, is there a smaller collection of
minors one may compute and from the positivity of this subset conclude that every
minor is positive, i.e., conclude that M € GL;O? We will call such a collection a
total positivity criterion if it exists.

For small n, such criteria can be found and verified easily. For example, a matrix
M = [25] € GL, is totally positive if and only if a, b, ¢, ad — be > 0 if and only if
b,c,d,ad — bc > 0.

Exercise 2.6 Find a minimal collection of minors whose positivity guarantees a
matrix in GLj is totally positive (Hint: any such total positivity criterion consists of
9 minors).

To describe a solution and easily identify total positivity criteria for all general
linear groups GL,, it will be convenient to slightly generalize the notion of total
positivity. An nxn matrix M is called totally nonnegative if the determinant of every
square submatrix is a nonnegative real number. Write GL,?0 C GL, for the subset
of totally nonnegative matrices. Again one may ask: what is a minimal collection
of minors needed to check that a matrix is totally nonnegative? Unfortunately, or
perhaps fortunately, the total nonnegativity criteria are not uniformly described
across all of GL,,. The solution to this problem naturally leads one to study certain
subvarieties of GL,, called double Bruhat cells, which we now describe.

Let B+, B_ C GL, denote the subgroups of upper and lower triangular matrices
respectively. Identify the symmetric group X, with the subgroup of GL, consisting
of permutation matrices, i.e., matrices having precisely one nonzero entry 1 in each
row and column. For example, identify the permutation (1 2) € X, (written in cycle
notation) with the matrix [ 9 }].

It is well known that GL, decomposes in two ways (actually many ways) as a
union of Bruhat cells:

GL,= | | BywBy = | | B-wB_.

wex, weEX,

To understand total nonnegativity criteria for GL,, we will consider the double
Bruhat cells GL;;* = BiuBy N B_vB_ foru,v € X,.

Exercise 2.7 Find all four double Bruhat cells in GL, and verify that they partition
the space. If you are brave, find all double Bruhat cells in GL3 and verify that they
partition the space.

For I,J C [1,n] with |I| = |J|, denote by A, ; the function on GL, which returns
the determinant of the submatrix on row set / and column set J.

Example 2.8 Let wg = (1 n)(2 n — 1)---(|n/2] [n/2]) denote the longest
permutation in X),. The double Bruhat cell GL);*"* is given as follows:
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GL,"" = {M € GL, : Apipt1-inf(M) # 0, Api—impa(M) # 0foralli .

It turns out that each double Bruhat cell admits its own collection of total
positivity criteria, i.e., for each u,v € X, there exists a minimal collection of
minors whose positivity identifies the subset GL“” N GLZ" inside the double Bruhat
cell GL;"". Some of these total nonnegativity criteria in GL;” can be conveniently
described using double wiring diagrams. Write s; = (i i + 1) € X, for the simple
transposition interchanging i and i + 1. A reduced word for w € X, is a minimal
sequence (iy,...,i,) so that w = s; ---s;, where £(w) := r is called the length
of w. A reduced word (i1, ..., i) is naturally encoded in a wiring diagram, i.e., a
collection of n strands with a crossing between the ith and (i + 1)th strands each
time i appears in the reduced word, see Fig. 1.

Given (u,v) € X2, a double reduced word for (u,v) is an arbitrary shuffle
of a reduced word for u and a reduced word for v, where terms in the reduced
word for v are taken from the set {—1,...,—(n — 1)} for clarity. For example,
taking u = (1 3 2),v = (1 3) € X3, one double reduced word for (u,v) is
(—=1,2,-2,1,—1). Given a double reduced word (iy, ..., i), build a double wiring
diagram by superposing wiring diagrams associated to the reduced word for u and
the reduced word for v with crossings ordered according to the double reduced word
(see Fig. 2).

In a double wiring diagram, we label the strands in «’s wiring diagram on the
right by 1 through #n starting from the bottom and label the strands in v’s wiring

Fig. 1 A wiring diagram for
the reduced word
(1,2,3,1,2,1) € X,

~

4 4
3 4
1 3
2 2
2 2
1 3
3 1

A13,023,A01,A31,A12,23, A12,13, A23,13, Aoz 12, A123,123, D234 123, A1234,1234

Fig. 2 A double wiring diagram for the double reduced word (—1,2,—2,1,—3,2,—1) € ¥, and
the collection of chamber minors determined by this double wiring diagram
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diagram similarly on the left. In this way, each chamber of the double wiring
diagram determines a minor with row set given by the labels of strands in v’s wiring
diagram lying below the chamber and column set given by the labels of strands in
u’s wiring diagram lying below the chamber (see Fig.2). Now we may describe a
collection of total positivity criteria for GL;".

Theorem 2.9 ([13]) Each double wiring diagram for (u,v) determines a total
positivity criterion for GL", i.e., an element of GL;" lies in GLnZO if and only if
all n + £(u) + £(v) chamber minors determined by the double wiring diagram are
positive.

The totally positive matrices are exactly the elements of GL'*"° N GL=. Thus
Theorem 2.9 provides many total positivity criteria for GL,,.

Exercise 2.10 Use double wiring diagrams to find a total positivity criterion for
GL;. Does the total positivity criterion you found in Exercise 2.6 come from a
double wiring diagram?

To finish the section and connect to the theory of cluster algebras to be presented
in the next section we make the following observation. Suppose a double reduced
word for (u, v) contains neighboring letters, one belonging to a reduced word for u
and one belonging to a reduced word for v. In Fig. 3, we show the local effect on a
double wiring diagram when these letters are interchanged.

ArUgi, gy, 0 {k, €}

j 1

k ¢

Arsgiy.ouie) ArG{iy,s0{k} Aru{j},JU{k}

7 j

¢ k
Ar,g

’

ArU{i,g}, 0k}

Aryay, u{e} ATu{s},JuLe} A5y, 70k}

.

A

Fig. 3 Chamber minors associated to a simple transposition of opposite letters in a double reduced
word
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Observe that under such an exchange we have the following exchange relation
analogous to (1):

A vt Arograviey = ArgAiip v + Ao Aoy o - ()

Moreover, observe that any two collections of chamber minors for double reduced
words of (#, v) can be obtained from each other by a sequence of these exchanges.

Exercise 2.11 Prove (2).

Exercise 2.12 Another local transformation of a double wiring diagram is given by
braid moves, either within u or within v. As an example, suppose a doubled word
for u, v begins 1,2, 1 (i.e., u begins 1,2, 1 and these all occur before the first letter
of v in the doubled word). Consider the double wiring diagrams both for this word
and the one obtained by replacing the first three letters with 2, 1, 2. Show that the
two corresponding collections of chamber minors differ in one element. Find and
prove an exchange relation that describes this transformation.

3 A Unifying Concept: Cluster Algebras

We now define cluster algebras of geometric type and Y-patterns, with a focus on
the underlying dynamics of seed mutations. All definitions are due to Fomin and
Zelevinsky and are drawn from [14] and [17].

3.1 Basic Definitions

Each cluster algebra is defined recursively from some initial data called a seed.
A seed consists of a cluster, which was informally described at the beginning of
Sect. 2, together with some combinatorial data that encode the mutations that can be
performed.

Definition 3.1 Let ¥ be a purely transcendental field extension of C. A seed is a
pair (x, B) where x = (xy, ..., x,) is an n-tuple of elements forming a transcendence
basis of ¥ over C and B is a skew-symmetric integer n X n matrix. The collection x
is called the cluster and the matrix B is called the exchange matrix.

The following employs the notation [a]+ = max(a, 0).

Definition 3.2 Given a seed (x,B) and an integer k = 1,2,...,n the seed
mutation 1y, in direction k produces a new seed ui(x,B) = (X', B’) where X' =
(xl, Ce ,xk_l,x,’c,le, C ,xn) with
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ik

bik —
_ [To, 05" + [p<0%;
Xk

3)

X
and B’ is defined by

R ifi=korj=k;

- , @)
! bij + [bi] + [bijl+ — [=bi)+[—byl+ otherwise.

In words, the mutation p; has the following effects:

1. x, changes to x; satisfying x;x;, = (binomial in the other x;);

2. the entries b;; of B away from row and column k increase (resp. decrease) by
bixbyj if by and by are both positive (resp. both negative);

3. the entries of the kth row and the kth column of B are negated.

Lemma 3.3 Let (x,B) be a seedin ¥. Fork = 1, ..., n, the following hold:

1. ux(x, B) is also a seed in ¥ ;
2. the seed mutation [ is involutive, i.e., /,Lk(,bLk(X, B)) = (x, B).

Definition 3.4 Fix an ambient field ¥ and an initial seed (x,B). The entries of
the clusters of all seeds reachable from this one by a sequence of mutations are
called the cluster variables. The cluster algebra associated with the initial seed is
the subalgebra A := A(x, B) of ¥ generated by the set of all cluster variables.

Example 3.5 Let x = (x1,x;) be the initial cluster with initial exchange matrix

B=[_°1(1)]

Then 1 (x, B) = (x},x2), —B) where

, X+ 1
x| = :
X1

It is convenient to denote the new cluster variable x| = x3. Next p>((x3,x2), —B) =
((x3,x4), B) where

_xtl e+ D/xa+l x+xn+l
- X2 - X2 - X1X2

X4

and o ((x3,x4), B) = ((x5,x4), —B) where

Cxat+l atxn+D/(ax)+ 1 x+ 1
X3 (2 + 1)/x1 X

s
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The mutation pattern seems clear, but remarkably the next variable xs = (1 + x35) /x4
equals the first variable x;. In fact, the only distinct cluster variables that can be
obtained are x; through xs, so

+1 +x+1 +1
A(X,B) = (C|:x1,xz, = ,XI = ,xl

+1 41
] CClxi,xy ]
X1 X1X2 X2

Note the generating set is not minimal, in fact, any four of the given elements
generate A(X, B).

In the preceding example, there were only finitely many cluster variables. As we
will see, this is typically not the case. However, a more subtle feature does hold
in general, namely that each of the cluster variables is a Laurent polynomial in the
variables of the initial seed.

Theorem 3.6 For any initial seed (x,B) with X = (x1,...,X,), the associated
cluster algebra lies in the Laurent polynomial ring

A(x,B) C C[xl,xl_l, ... ,xn,x;l].
In particular, every cluster variable can be expressed as a Laurent polynomial in
X1yeoosXpe

Section 4 will go into more detail on this result, called the Laurent phenomenon,
as well as several more main theorems on cluster algebras.

3.2 Increased Generality

We generalize the previous definitions in two ways, first by allowing more general
exchange matrices and then by allowing for certain coefficients in the exchange
relations.

Definition 3.7 An nxn integer matrix B is skew-symmetrizable if there is a diagonal
matrix D with positive integer diagonal entries such that DB is skew-symmetric.

As an example, a 2 x 2 matrix B is skew-symmetrizable if and only if

B:[O b] o B:[O—b]
— 0 c 0

= for positive integers b and c. In either case, a possible symmetrizing matrix is

o=[oi]
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The rank of a cluster algebra is the number n of elements in each cluster, so the
exchange matrices B just described give rise to all possible rank 2 cluster algebras.

The second generalization is to allow so-called frozen variables that never
mutate, but which play a part in the exchange relations for the cluster variables. An
extended cluster, by convention, is typically written X = (x1, ..., X, Xy+1, - - - Xm)
where x1, ..., x, are the cluster variable and x,+1, ..., Xx,, are the frozen variables.
An extended exchange matrix is an m X n integer matrix B with the property that its
upper n X n submatrix is skew-symmetrizable.

Definition 3.8 Fix a seed (X,E) with x = (x1,...,x,) an extended cluster
and B an extended exchange matrix. For an integer k~: 1,2, cs i, the seed
mutation ju; in direction k produces a new seed ui(x,B) = (x',B') with X' =
(X1, .. Xk—1, X}, Xk415 - - -, ). The formulas for x; and the entries ng of B’ are the
same as in (3) and (4), where the products in (3) now range from 1 to m instead of
from 1 to n.

Lemma 3.9 Lemma 3.3 holds in this generalized setting. Moreover, the skew-
symmetrizing matrix D is unchanged by mutation.

Given a seed (x, E) as above, the corresponding cluster algebra A (X, E) is defined
to be the subalgebra of C(xy,...,x,) generated by all cluster variables reachable
from this seed together with the frozen variables (which appear in every seed).
Cluster algebras at this level of generality are referred to as cluster algebras of
geometric type. In comparison, the earlier definition given was of skew-symmetric
cluster algebras with trivial coefficients.

Example 3.10 Consider a rank 2 cluster algebras with trivial coefficients (so n =
m = 2). The initial exchange matrix can be taken to be

0 b
B = .
o)
with b, ¢ positive integers. Then p;(B) = u2(B) = —B and p(—B) = pua(—B) =
B, so as in Example 3.5 (the case where b = ¢ = 1) the cluster variables can

be identified as {x; : i € Z} (possibly with redundant labels) and the mutations
given by

e <i) ((.x1,x0), _B) <ﬁ> (()C] ,XQ), B)
L ((x3,x2),—B) L ((x3,x4),B) P
The exchange relations are

x0 4+ 1 ifkisodd;

xp+1 if kiseven.

Xk—1Xk+1 =
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Exercise 3.11 1. Compute all cluster variables and coefficient variables for cluster
algebras associated to B = [ ° 5| with b, ¢ € Z. and be < 3.

2. Justify why attempting such a calculation is futile for bc > 4. Hint: consider the
degrees appearing in the denominators of the cluster variables.

Exercise 3.12 Prove the Laurent phenomenon for rank 2 cluster algebras. Hint:
start by showing that x; € Z[xo, x1, X2, x3] by considering the monomial xoxg .

Example 3.13 Letn = 3 and m = 9. Denote the cluster
X = (A3, A, Ais, Arn, Az, Asg, Ays, Asg, Ats)

where the last m — n = 6 variables are frozen. Let

[0 1 0]
-1 0 1
0 -10
1 0 0
B=|-10 0
1 -10
0 1 -1
0 0 1
| 0 0 —1
Let A = A(X,E). Interpreting the initial variables as the indicated Pliicker

coordinates on Gr; ¢ we obtain a cluster algebra in the ring of rational functions
on Gr2,6.

Exercise 3.14 Prove the following statements about the cluster algebra - just
defined:

* The cluster variables of + are precisely the Pliicker coordinates A;; with 1 <i <
j=<n.

¢ The clusters of # are precisely the collections A7 (see Sect.2.2) for T a
triangulation of a hexagon.

For instance, the new cluster variable produced by applying the mutation p; to
the initial seed is
ApAsy + A1y A
Az

which equals Ayy.

There is an alternate formulation of cluster algebras of geometric type which
focuses on the roles played by the frozen variables x,11, ..., x, in the exchange
relations, rather than on the variables themselves. Let (x, B) be an extended seed.
Fork=1,...,nlet
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m
_ bik
Vi = | | X"

i=n+1
Define an operation @ (called auxiliary addition) on Laurent monomials by
m m m
e i min(e;.f;)
[ I1 4= ] e
i=n+1 i=n+1 i=n+1

Using this operation, we can extract positive and negative exponents as follows

Yk _ 1—[ )C}-)ik 1 _ x'—bik
1@ yx ' 1 &y I I o
i=n+1,...m i=n+1,...m
bik>0 bik<o

The change in going from the original exchange relation (3) to the one in geometric
type can then be summarized by saying that the two terms of the binomial are
enriched with coefficients y/(1 @ y¢) and 1/(1 @ yx). We now write
bi —bik
V= Vi [ lpys0%™ + Ty <0
¢ (1 & yi)xx

where the products range over i from 1 to n.

3.3 Y-Patterns

There is an alternate version of seeds and mutations, closely related to the previous
one, which itself arises in many applications. The resulting structures are called
Y-patterns.

Definition 3.15 A Y-seed is a pair (y, B) consisting of an n-tupley = (y1,...,yn)
and an n x n skew-symmetric matrix B. For k = 1, ..., n, the Y-seed mutation v is
defined by

l‘l’k((ylv .. 7Yn)»B) = ((y/l» .. »y:,),B/)
for B' as defined in (4) and

;! ifj = k;

vi=1% . 5)
T Lo (L 4yt it # k.
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In words, the Y-seed mutation p; has the following effects:

1. For each j # k, y; is multiplied by (1 + yi)%* if by > 0 and by (1 + y;')% if
bjk <0,

2. yi is inverted,

3. Bis changed in the same way as for ordinary seed mutations.

The Y-dynamics also go by the name coefficient dynamics because the coefficients
in a geometric type cluster algebra evolve in this manner with respect to auxiliary
addition @ and ordinary multiplication of Laurent monomials.

Another connection between cluster algebra and Y-pattern dynamics comes by
way of a certain Laurent monomial change of variables. Let B be an m X n extended
exchange matrix with B its upper n X n submatrix. Given a seed ((xl, e X)), B),
define an associated Y-seed ((31, .. .. 9.), B) by

m

aA b,‘,‘

Y = Xi .
i=1

Proposition 3.16 Fix k = 1,...,n and suppose w(x,B) = (x,B)). Define
31y - -« Yn) from (X, B) and (3}, .. .,¥,) from (X', B') as above. Then

(G190, B) = (G, ....9,).B) .

Exercise 3.17 Prove Proposition 3.16.

4 Foundational Results

As mentioned in the introduction cluster algebras have found applications in a
surprising array of mathematical disciplines. Much of their ubiquity comes from
a number of remarkable theorems which we now explain.

The first of these results is the aforementioned Laurent phenomenon (The-
orem 3.6). The Laurent property originates from the study of several classical
recurrences that seem as though they should produce rational numbers, but turn
out to give only integers under certain initial conditions [15]. As with several of
the results in this section, we give a complete proof in the case of rank 2 cluster
algebras.

Recalling Example 3.10, consider the rank 2 cluster algebra with initial exchange

matrix B = [ % %] and cluster variables x;, k € Z which satisfy the recursion

x+ 1 if kis odd;

Xk—1Xk+1 = . o
x;+1 if kiseven.
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Theorem 4.1 For any m € Z, each xi is an element of Z [Xu—1, Xims Xm+1, Xm+2)-

Remark 4.2 The ring Z [X,—1, X, Xm+1, Xm+2] 18 called the lower bound of A(x, B)
at the cluster {x,,, x,,+1}. We will give more details below and see that this result is
a special case of Theorem 4.22.

Proof Assume without loss of generality that m is odd (otherwise interchange b and
¢ in the calculation below). Then we may compute

b _
Xm=1 X4y = — X2

XXy — 1 +xb+z+1

m

Xm+1 Xm+1
(CA S J L
1
= il T + X3 -
Xm+1

In particular, we see that x,,+3 € Z[Xn—1,Xm, Xm+1,Xm+2]. A similar calculation
shows x,,— € Z[Xp—1, Xm, Xm+1, Xm+2] and a simple induction argument of “shifting
the viewing window” establishes the result. O

Having shown x; to be a polynomial in x,,—p, X, Xu+1, Xm+2, €ach of which
is directly seen to be a Laurent polynomial in Xx,,Xx,+1, the rank 2 Laurent
phenomenon follows. As such, the above is a solution to Exercise 3.12. With more
work one may establish the following result which can be leveraged to prove the
Laurent phenomenon in general.

Theorem 4.3 Assume b,c # 0. For any m € Z, the cluster algebra A(X,B) is
1+l mtl gl k]

+ —
equal 10 (Viez Z[x; " Xipy] = (Vemmo1 ZI6 - X1 ]-
The proof of this result is somewhat technical and seems unlikely to be very
informative so we will omit the details.

Remark 4.4 1f one allows extended exchange matrices and imposes an additional
coprimality assumption (see Def. 4.17), then the condition b, ¢ # 0 may be dropped.
The ring ﬂZ’:ni_l Z[xil,x,f'ﬂl] is called the upper bound of A(x, B) at the cluster
{Xn-Xm+1} and the ring (Vyez Z[xiE", x5 ] is called the upper cluster algebra. We
will give more details below at which point this result will be a special case of
Theorems 4.22 and 4.20.

The next result is the classification of cluster algebras of finite type, i.e. those
that have only finitely many cluster variables. As we have seen in Sects. 2.2 and 2.3,
cluster algebras have roots in classical Lie theory. A large number of objects in
this realm are classified by Dynkin diagrams and finite type cluster algebras are no
exception. Given an extended exchange matrix B with principal square submatrix
B = (by)};=,, write A := Ay = (ay)};—, for the Cartan companion of B given by
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2 ifi = j;
aij = .
—|bjj| otherwise.

Note that the Cartan companion only depends on the principal part of B.

Theorem 4.5 ([16]) A cluster algebra J\)(X,E) is of finite type_if and only if
there exists an extended exchange matrix mutation equivalent to B whose Cartan
companion is a finite-type Cartan matrix.

Example 4.6 The irreducible finite type 2 x 2 Cartan matrices are (up to transposi-

tion) given by
2 —1 2 -2 2 =3
Ay ., By: , : )
S SR B

or put another way, they are the matrices [_20 ’2”] with bec < 3. This is precisely the
Cartan counterpart Ag of the exchange matrix B = [_OC 8] Therefore, the rank 2
cluster algebra with this exchange matrix, or any cluster algebra obtained from it by
adding coefficients, has finite type if and only if bc < 3. This was the content of

Exercise 3.11.

We now provide an outline to the solution of Exercise 3.11. Let B = [_OC 3] and
let xx, k € Z be the cluster variables of this cluster algebra. We need some more

notation. For k # 1,2, let d® = (dfk), d;k)) denote the exponents of the monomial
d® g .. . .
x,' x,’ appearing in the denominator of x; when expressed as a Laurent polynomial

in x1,x;. Let Ug(¢) denote the (normalized) Chebyshev polynomial (of the second
kind) defined recursively by

U1 (1)) = tU()) = U1 (), Ui() =1, Up(r) =0,

and for j € {1, 2} define

Ue(+/be) if £ is odd;
ugj = +/b/cUsi(be) iflisevenandj= 1;
Ve/bUg(+be) if isevenandj = 2.
Note that Uy(z) is an odd (resp. even) function when £ is even (resp. odd), so each

uy j is a polynomial in b and c. Moreover, one may easily show that each u j, £ > 1
is a positive integer when bc > 4.
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The rank 2 finite type classification now boils down to verifying the following:

¢ The denominator vector of x; fork € Z \ {1, 2} is

g0 — ) —2n te—32) ik =3 ©)
(U—1, u—ft12) ifk <0.

* Upy(2cos(#)) = sin(nd)/ sin(6) from which it follows that there are infinitely
many d® if and only if bc > 4. In particular, there are infinitely many cluster
variables if bc > 4.

» By explicit calculation, there are only finitely many cluster variables in each case
where bc < 3.

More generally, if Bis any m x n extended exchange matrix and |b;b;;| > 4 for
some i,j = 1,...,n, then iteratively mutating at i and j alone will produce infinitely
many cluster variables. Call an extended exchange matrix B= (byj) 2-finite if every
matrix B’ = (b};) mutation equivalent to B satisfies the condition |b;b;| < 3 for
all i,j. By the above reasoning, 2-finiteness is a necessary condition for a cluster
algebra to be of finite type. It is quite remarkable that it is sufficient as well.

Theorem 4.7 ([16]) A cluster algebra A(X,E) is of finite type if and only le is
2-finite.

The next result gives the positivity of the initial cluster Laurent expansions of
all cluster variables. This result was conjectured with the introduction of cluster
algebras [14] and remained open for more than ten years.

Theorem 4.8 ([28, 37]) Ler A(X,E) be a cluster algebra. Any cluster variable of
A(x, B) is an element oflzo[xlil, Lo xE

>m

The proof in skew-symmetric types builds on a concrete combinatorial construc-
tion of cluster variables in rank 2 [35, 36]. For the more general skew-symmetrizable
cluster algebras the proof was given in [28] using the theory of scattering diagrams
built on connections to mirror symmetry. We describe the combinatorial approach
to the skew-symmetric case here, but first we need more notation.

For k € Z\{1,2}, denote by Ry the rectangle in Z*> with corner vertices (0, 0) and
d® from (6). Write Dy, for the maximal Dyck path in R; beginning at (0, 0), taking
East and North steps to end at the upper right corner of R;, while never passing above
the main diagonal, and such that the area below Dy inside Ry is maximized.

Example 4.9 For b = ¢ = 3, the maximal Dyck path Ds is

®
[ S S
o 0 0 o
oo o o
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For edges e, e’ € Dy, write e < ¢ if e precedes ¢ along Dy, in other words if
e is closer to (0, 0). In this case write e¢’ for the subpath of Dy beginning with the
edge e and ending with the edge ¢’. Write (e¢’)y and (ee’)y for the sets of horizontal
and vertical edges in the path ee’ respectively. Let H,V C Dy denote the sets of
horizontal and vertical edges of Dy.

Call subsets Sy C H and Sy C V compatible if for each & € Sy and v € Sy with
h < v, there exists e € hv so that one of the following holds:

s eF#vand|(he)y| = c|(he)y N Sul;
e e # hand |(ev)y| = b|(ev)y N Sy]|.

Example 4.10 For b = ¢ = 3, the picture below on the left shows a compatible
collection of edges of D5 while the collection on the right is not compatible.

ot

o =0 ¢ o 0 Oo=p

Exercise 4.11 Find all other compatible collections for Ds in the case b = ¢ = 3.

Theorem 4.12 ([35]) Fork € Z \ {1,2}, the cluster variable x is given by

—d® +bIsy| —dP +clsy|
Xy = E X X, ,

(SH.Sv)

where the sum ranges over all compatible collections of edges in the maximal Dyck

path Dy. In particular, each cluster variable is contained in Zzo[xf“ , xzil].

Remark 4.13 The idea of obtaining positivity for arbitrary cluster algebras goes as
follows (see [37]): any sequence of mutations can be viewed as a collection of rank 2
mutation sequences, so iteratively applying Theorem 4.12 will (after a considerable
amount of work) lead to a proof of positivity in general.

One motivation for the discovery of the cluster algebra formalism was the desire
to find a combinatorial construction of dual canonical basis elements for (quantum)
algebraic groups. The dual canonical basis of a semisimple algebraic group induces
bases on the coordinate rings of any of its subvarieties. As we saw in Example 2.3
there appears to be some kind of cluster algebra structure on the double Bruhat cells
of a semisimple algebraic group, which one can hope will shed some light on the
dual canonical basis. In most cases the double Bruhat cell does not actually admit a
cluster algebra structure but does admit a closely related structure.

Definition 4.14 Let (X,E) denote an extended seed. Define the upper cluster
algebra #4(x, B) as the intersection of all Laurent rings associated to extended seeds
mutation equivalent to (X, B).
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Remark 4.15 The upper cluster algebra is exactly the collection of all rational
functions in {xi, ..., x,} which are expressed as Laurent polynomials in terms of
any cluster. Thus the Laurent phenomenon Theorem 3.6 establishes the inclusion
A(X,B) C e;l)(x,BJ), hence the name “upper” cluster algebra.

Theorem 4.16 ([2]) The coordinate ring of any double Bruhat cell GL;’ is an
upper cluster algebra such that each collection of chamber minors determines a
cluster.

In some special cases, the cluster algebra coincides with its upper cluster algebra.
First we describe a necessary intermediate concept.

Definition 4.17 Let (X,B) be an extended seed and denote by Py = xpx; the
binomial on the right hand side of the exchange relation (3). We say that (x, B)
is coprime if the binomials Py are pairwise relatively prime.

The upper bound U(X', B) for A(x, B) at a seed (x, B') mutation equivalent to
(x, B) is the intersection of the Laurent ring generated by variables in x' with all
Laurent rings associated to seeds which can be obtained from (x’, B’) by a single
mutation.

Theorem 4.18 ([2]) If (x, B) and (x/, B ) are mutation equivalent coprime seeds,
then their upper bounds U(X, B) and U(X/, B) coincide. In particular, if every seed
mutation equivalent to an extended seed (x, B) is coprime, then A(X, B) UK, B )
for any seed mutation equivalent to (X, B)

Definition 4.19 An exchange matrix B = (b;) is called acyclic if there exists a
permutation o so that by,; < 0 fori <.

This terminology can be easily understood in the case of a skew-symmetric
exchange matrix; the matrix is acyclic exactly when its associated quiver (see
Sect. 6) has no oriented cycles.

Theorem 4.20 ([2]) Let A(X,B) be a cluster algebra where B is coprime and has
acyclic principal part. Then the cluster algebra A(x,B) coincides with its upper
bound U(x, B).

Acyclicity also guarantees the existence of easily identifiable bases of a cluster
algebra. These are best understood by identifying the cluster algebra with another
related algebra, its lower bound.

Definition 4.21 Let (X, B) be an extended seed and write x; for the vari-
able obtained by mutation in direction k. The lower bound of A(X, B) at (x, B)
is the subalgebra £(x, B) [xl,xl, e Xy X XLy« e s X

Theorem 4.22 ([2]) Let A(X,B) be a cluster algebra where Bis coprime and has
acyclic principal part. Then the cluster algebra A(X,B) coincides with its lower
bound £(x, B) Moreover, the collection of all standard monomials in the variables
xl,xl, .. x,,,xn,xn+1, .o v, X, Le., those which do not contain both x;, and xk for
any k, forms a basis of the cluster algebra A(X, B)
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Example 4.23 Acyclic cluster algebras are particularly nice but should not be taken
as the general case: there exist cluster algebras where anything that can go wrong
seems to go wrong. The primary example of this is the Markov cluster algebra with
exchange matrix

0 2 -2
B=|-20 2
2 20

Comparing with Example2.1 we see that the Markov cluster algebra has
infinitely many cluster variables. In this case, the following undesirable properties
all hold:

¢ the standard monomials are linearly dependent;

 the Markov cluster algebra is not finitely generated and not Noetherian;
 the Markov cluster algebra (over C) contains non-prime cluster variables;
¢ the Markov cluster algebra does not equal its upper cluster algebra.

5 Compatible Poisson Structures and Quantization

Many natural examples of cluster algebras carry the following additional structure.

Definition 5.1 A Poisson algebra (A, {-,-}) is an associative algebra A equipped
with an additional skew-symmetric bilinear operation, called the Poisson bracket
(written as {x, y} for x, y € A), for which the following holds:

e given any x € A, the endomorphism {x,-}: A — A, y — {x, y} is a derivation with
respect to both binary operations on A, i.e., for x, y, z € A we have

(Leibnitz rule) {x.yz} = e ybz + y{x. 2}
(Jacobi identity) Ay, 2} = vk zb + . {x 2} .

In the case of cluster algebras, the Poisson brackets take an especially simple
form when applied to cluster variables.

Definition 5.2 Let A be a cluster algebra. A Poisson bracket {-,-} on 4 is
compatible with the cluster algebra structure if every cluster x of # is log-canonical
with respect to {-, -}, that is there exists a skew-symmetric matrix £2x = (§2;) so that
{xi,xj} = Qijx,-xj for all l,]

The existence of a compatible Poisson structure is quite restrictive and requires
a particular relationship between the matrix £2¢ and the exchange matrix of a seed
with cluster x.
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Lemma 5.3 Let A(x, §) be a cluster algebra, where B is (m + n) x n, with
compatible Poisson structure {-, -}. Then writing §2x for the (m+ n) X (m+ n) matrix
of Poisson bracket coefficients, we have BTy = [D 0], where D is a diagonal matrix
which skew-symmetrizes B.

Exercise 5.4 Prove Lemma 5.3 using the condition that each neighboring cluster to
x should also be log-canonical.

In fact, these conditions can only hold in the following situation, in which case
all possible compatible Poisson structures can be easily understood.

Theorem 5.5 ([24]) If an extended exchange matrix B has full rank then a
compatible Poisson structure exists for the associated cluster algebra. Moreover,
the collection of all such Poisson structures is parametrized by an affine space of
dimension p(B) + (';), where p(B) denotes the number of connected components of

the quiver associated to the principal submatrix B of B.

The primary motivating example for compatible Poisson structures comes in the
form of the double Bruhat cells of Sect.2.3. To introduce the relevant Poisson
structure and place the double Bruhat cells in the proper context we need to
introduce more notation.

A smooth manifold M together with a Poisson structure on its algebra O (M)
of regular functions is called a Poisson manifold. The best understood examples of
such structures comes from the theory of symplectic geometry.

Example 5.6 A symplectic manifold (M, w) is a smooth even-dimensional mani-
fold M?" together with a 2-form w € H?*(M) that is non-degenerate, i.e., ®" # 0
is a volume form. The symplectic structure @ provides a natural association of a
vector field & to a function f € O (M) via the contraction formula (0 = —df.
The algebra of smooth functions on the symplectic manifold M is then naturally a
Poisson algebra via {f, g} = w(&,&,) forf, g € O(M).

A smooth map ¢: M — N between Poisson manifolds is a Poisson morphism
if it induces a Poisson morphism ¢*: O(N) — O (M) on their algebras of smooth
functions, i.e., if {fop, gop}ty = {f,glnog forall f, g € O(N). Given two Poisson
manifolds M and N, there is a natural Poisson structure on M X N given by

.83 y) = Gy, g im(x) + {f(x, ). g(x, ) jn (y)

forf,g € O(M x N).

Example 5.7 The general linear group GL, is a Poisson manifold where the Poisson
bracket on matrix entries is given by

.3} = & (sign(k — i) + sign(€ — ))xiexy . ™
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In fact, GL, has the structure of a Poisson-Lie group, that is the multiplication map
GL, x GL, — GL, is a Poisson morphism when GL, x GL, is given the product
Poisson structure.

With this we may describe the Poisson structure on the double Bruhat cells.

Theorem 5.8 ([25]) The cluster algebra structure on GL;’ from Theorem4.16 is
compatible with the restriction of the Poisson structure from GL,,.

The double Bruhat cells actually have a much closer connection to the Poisson
geometry of GL,. To describe it we need to introduce a few additional concepts.

The existence of a Poisson structure on a manifold allows one to construct vector
fields associated to functions in a similar manner to the symplectic case.

Lemma 5.9 Let (M, {-,-}) be a Poisson manifold. For any h € O (M), there exists a
vector field &, on M such that for any f € O(M) we have &,(f) = {f, h}.

The vector field &, from Lemma 5.9 is simply the vector field canonically
associated to the derivation {-, 1} and is called a Hamiltonian vector field. Flowing
along Hamiltonian vector fields defines an equivalence relation on a Poisson
manifold as follows:

p ~ q if there exists a piecewise smooth curve connecting p and g where each smooth
segment is the trajectory of a Hamiltonian vector field.

The equivalence class M, containing p € M is a connected submanifold of
M and by definition its tangent space T,M, C T,M is spanned by Hamiltonian
tangent vectors. We may view M, as a symplectic manifold whose 2-form is given
by w(&s, &) = {f. g} and thus M, is called the symplectic leaf of M through p.

Example 5.10 The symplectic leaves of GL, have been explicitly computed (e.g.,
see [34] and references therein). In particular, it is known that each double Bruhat
cell in GL, is foliated by symplectic leaves of GL,,. As an example (c.f. Example 2.8)
the following set is a symplectic leaf living in GL}*™"°:

M € GL, : Ay jnt1—img (M) = Afi1,0), 1.0~ (M) # 0 for all i}.

Exercise 5.11 Find a matrix M € GL, so that the symplectic leaf above is the
symplectic leaf of GL, through M. Do the same for GL;.

A final reason to care about Poisson structures on a cluster algebra is that they
provide a canonical quantization of the cluster algebra structure. Rather than giving
precise definitions, we indicate here the intuition motivating the definition and refer
the reader to [4] for more details;v

Given a cluster algebra A(x, B) of full rank, any choice of compatible Poisson
structure gives rise to a canonical quantization of A(x,B) by the following
procedure, where v denotes a formal variable:

* Each cluster should be replaced by a collection of quasi-commuting elements
{X1,...,X,} satisfying X;X; = v?AE¢)X;X; for a skew-symmetric bilinear form
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A 7™ x 7™ — Z, where g; denotes the ith standard basis vector of Z™. That
is, this quantum cluster generates a quantum torus T = Z[v')(XE!, ... XE)
with a Z[v*"]-basis

X = v2f<i“i‘*fA(5”8f)X‘11‘ e Ximla=(ay,....ay) €Z™; .

* Each quantum cluster obtained by mutation from this one should again generate
a quantum torus. This forces a compatibility condition on the exchange matrix B
and the commutation matrix A (by a slight abuse of notation we freely identify
the bilinear form A with a skew-symmetric matrix), that is

A(bge)) =0 ifk £ L, (8)

where by denotes the kth column of B thought of as an element of Z™.

* The above conditions still leave a great deal of freedom. To restrict further, notice
that the quasi-commutation relation above can be rewritten as vAE<)X;X; =
v A '8")XJ-X,», in particular this implies that 7 admits an anti-automorphism X +>
X which fixes each X; and sends v to v™! (recall that A was assumed skew-
symmetric). Since each initial cluster variable was bar-invariant, the same should
be true of all cluster variables since a cluster algebra is independent of the choice
of initial cluster. This uniquely determines how to incorporate powers of v into
the exchange relations (3); more precisely, the new variable obtained by mutation
in direction k must be

X]/{ — ekt Loy o0 bt + X Dby <0 Dikei

Exercise 5.12 Verify the compatibility condition (8) and show that it is the same as
the compatibility condition from Lemma 5.3.

6 Applications to Integrable Systems

We now explore connections between cluster algebras and discrete integrable
systems. In this context, it is common to represent the exchange matrix as a quiver.

Definition 6.1 A quiver is a directed graph without loops (arrows from a vertex to
itself) and without oriented 2-cycles.

A skew-symmetric n X n exchange matrix B can be encoded as a quiver Q on
vertex set {1,2,...,n}. More precisely, if i,j are such that b; > 0 then Q has b;
arrows from i to j (and none from j to #). Matrix mutation on B induces so-called
quiver mutation on Q.
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Definition 6.2 Given some k = 1,2,...,n, the quiver mutation [, gives rise to
Q' = ui(Q) by applying the following steps to Q:

. for each pair of vertices i,j and arrows i — k and k — j, add an arrow i — j,
. reverse all arrows i — k and k — j,
. erase in turn pairs of arrows i — j and j — i to eliminate any 2-cycles.

[SSIN S

Given a quiver Q and a sequence ki, kj,...,k; of its vertices (possibly with
repeats), one can consider the dynamical system obtained by repeated applications
of the composite mutation jig, © -+ © g, 0 g, Starting from an initial seed (x, Q) or
Y-seed (y, Q). In the special case when the final quiver after one application equals
the initial one, i.e.

:u'klo"'ou'kzo,u’/q(Q) =Q7

the system amounts to iterating a fixed birational transformation. It is natural to
investigate these mappings for properties such as periodicity and integrability.

We focus on two (families of) quivers, one giving rise to the Y-system of type
A x A and the other corresponding to the pentagram map. Some of the many other
systems that have been investigated from a cluster algebra point of view are Q-
systems [9], T-systems [8], Somos sequences [30], and mutations in box products
of quivers [43]. A systematic study of quivers that return to (isomorphic copies of)
themselves under mutation was undertaken in [18]. We also refer the reader to [22,
40], where periodicities of cluster algebra mutations are used to derive dilogarithm
identities.

For the remainder of this section, all mutations are understood to be of Y-pattern

type.

6.1 Zamolodchikov Periodicity

Fix positive integers r and s and consider the quiver Q on vertex set {1,...,r} %
{1,...,s} as illustrated in the case r = 4, s = 3 by
o

O——0O0<~—0
O<«—0—>0

l

Let pteven be the compound mutation given by applying each p;; with i + j even
in turn. As no arrows connect these even vertices, it follows that these mutations
commute and so the order does not matter. Define (1oqq similarly as the compound
mutation at all odd vertices.
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Exercise 6.3 LetY = (Yi;)i=1.... =1...s- Then fleven(Y, Q) = (Y, —Q) where

) Ty ifi + jeven
Y, = M 1+ ) | )
J ’—H\‘ || 11(1+Y = if i +jodd
=7

and —Q denotes Q with all its arrows reversed.

Now begin with the Y-seed (Yy, Q) and let
(Yl ’ _Q) = /'LeVEH(YO’ Q)
(Y2,0) = poaa(Y1,—0)
(Y3» _Q) = /'Leven(YZv Q)

where Y; = (Yji)i=1,... —1....s- It follows from the above that
Y ifi+j+teven
Y" == / / .
ij,t+1 Y. H\A i'|= |(1+Yljl) ]fl+]+t0dd

L [y =1 (147 i, )

It is convenient to consider only the Y;;; with i + j + # even, which satisfy their own
recurrence

1—I|i—i/|=1(1 + Y1)
HU_j/|=1(1 +Y iy, t)

Yiji1Yijir1 = (10)

for all i+j 4t odd. This recurrence is called the type A, XA, Y-system, a special case
of a family of systems conjectured by Zamolodchikov to be periodic. The proof, in
this case, is due to Volkov [50].

Theorem 6.4 The Y-system (10) on variables Y;;, withi+j+todd,i=1,...,r,
andj=1,...,s has period 2(r + s + 2) in the t-direction, that is

Yijrtoo+s+2) = Yijus -

Returning to the Y- pattern point of view, the initial seed (Y, Q) consists of the

Yijo fori-+jeven and the ¥ | for i+ odd. The seed (Y2, Q) = fodd (Heven(Yo. Q)

consists of the Y; ;» for i +j even and the Y;; 1 for i+ odd. The periodicity theorem,
then, asserts that the rational map fLodq © Meven has order r + s + 2.
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Fig. 4 An application of the
pentagram map

6.2 The Pentagram Map

The pentagram map is a discrete dynamical system defined on the space of polygons
in the projective plane. Figure 4 shows a polygon A and the corresponding output
B = T(A), with T being the notation for the pentagram map. Each vertex of B lies
at the intersection of two consecutive “shortest” diagonals of A.

The pentagram map was introduced by Schwartz [47] and extensively studied
by Ovsienko et al. [41, 42]. In particular, they demonstrated that the pentagram
map is a completely integrable system. Another take on integrability was provided
by Soloviev [49]. In the same span of time, Glick [26] described the pentagram
map as mutations in a Y-pattern, building on work of Schwartz [48] who had found
a lift to the octahedron recurrence. Finally, Gekhtman et al. [23] gave a uniform
treatment of integrability and the cluster algebra structure of the pentagram map, and
generalizations thereof, in terms of weighted networks on tori. A similar framework
is provided by the cluster integrable systems of Goncharov and Kenyon [27], albeit
without any explicit mention of the pentagram map.

The connection between the pentagram map and Y-patterns comes by way of
certain geometrically defined coordinates on the space of polygons. The cross-ratio
of four real numbers x1, x;, x3, X4 1S

(1 —x2) (x3 — x4)
(x1 —x3) (02 —x4)

KX, X2, X3, %) =

The cross-ratio is invariant under projective transformations, that is

X(FOe). f(x2). £ (x3). f(x4)) = x(x1. %2, X3, X4)

for any fractional linear map f(x) = (ax + b)/(cx + d). For this reason, there is a
well-defined notion in the plane of the cross-ratio of four collinear points or of four
concurrent lines.

Given an n-gon A, label its sides and vertices consecutively with the integers
{1,2,...,2n}. Such a labeling induces a canonical labeling on T'(A) as is illustrated
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Fig. 5 Possible labelings of
two polygons related by the
pentagram map

11
9 10
8 9
7
6 8 N7
6
5 5
4 1
1 2 3 .
1 2 3

Fig. 6 The cross-ratios corresponding to the two types of y-parameters. On the left, —(ys) ™! is
the cross-ratio of the lines (5, 1), 4, 6, and (5, 9). On the right, —ys is the cross-ratio of the points
6N2,57and 6N 10

in Fig.5. Note that the parities of the vertex labels and of the edge labels are
interchanged by T. In what follows, let (i,j) denote the line between two points
labeled i and j and let k£ N [ denote the point of intersection of two lines labeled k
and /.

Definition 6.5 The y-parameters of a polygon A are real numbers y;(A), .. ., y2,(A)
defined by

_(X(<i, (=4, i—1,i+1,{, @G0+ 4))))_1 if i is a vertex of A

yi(A) = A L U
—X(lﬂ(z—4),t—1,z+1,lﬂ(l+4)) if i is a side of A

This definition is illustrated in Fig. 6.

Proposition 6.6 Let A be an n-gon with y-parameters y; = y;(A). Let B = T(A)
and denote its y-parameters y; = y;(B). Then

yi_1 ifiis aside of B

/
Vi = Wyis)U i) e (11)
SRR ifi is a vertex of B
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Fig. 7 The quiver related to the action of the pentagram map on octagons

In this equation, all indices are considered modulo 2n.

The formula (11) bears a distinct resemblance to (9), so it is plausible that it
can also be described by Y-pattern mutations for an appropriate quiver. The desired
quiver Q, has vertex set {1,2,...,2n} and arrows j — (j £ 1) and j < (j & 3) for
each odd j, with vertices considered modulo 2n. The quiver Qg is shown in Fig. 7.
Similar to before, define compound mutations

Modd = H2p—1 09+ 0 U3 0 U7,

Meven = M2, ©** O [Ug O WU3.

Theorem 6.7 ([26]) Let A be an n-gon with y-parameters yi,...,y», and let
k be a positive integer. Beginning from the Y-seed ((yl, ...,y2n),Qn), apply k
compound mutations alternating between [Leven and [Loqa. The result will have the

form ((y’] R A (—l)an) where
v =yi(T4A)) .

Remark 6.8 1t is natural to ask what values the n-tuple (yl(A), ey y2n(A)) can
take, and also to what extent this data suffices to reconstruct A. These questions
are easier to answer after extending to a larger family of objects called twisted
polygons. In this setting, the y; satisfy a single relation y; ---y,, = 1. Moreover,
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the y; determine a twisted polygon uniquely up to projective equivalence and a
one-parameter rescaling operation due to Schwartz [48]. The Y-pattern dynamics
described in Theorem 6.7, then, characterize the dynamics of the pentagram map on
the space of twisted polygons modulo these equivalences.

We now give a somewhat informal presentation of integrability of the pentagram
map from the cluster algebra perspective. The first ingredient is a compatible
Poisson structure, which can be obtained directly from the Y-pattern analogue of
Theorem 5.5.

Proposition 6.9 ([23, 41]) Define a Poisson bracket by {y;,y;} = bjjy;y; where B
is the exchange matrix associated to the pentagram quiver Q,. Then this bracket is
preserved by the pentagram map, i.e.,

{f.gloT ={foT,goT}

for all functions f and g of the y-parameters.

Some more work is needed to get at the conserved quantities. We follow the
approach of [27]. The quiver Q, can be lifted to an infinite doubly periodic quiver
in the plane as in Fig. 8. This lift represents an embedding of O, on a torus. Let
G = (V,E) be the dual graph on the torus with V = {1,2,...,2n} where i € V
corresponds to the face of the quiver with vertices i & 2,7 &= 1. Coincidentally, G is
identical to O, except without orientations, so E € Eifandonlyifi—j = +1,+£3
(mod 2n). Figure 9 shows the graph G on the torus in the case n = 4, with the
vertices 1,2, ..., 8 appearing in order from left to right.

Assign edge weights to G as follows: each “horizontal” edge i(i + 1) gets weight
1 and each “vertical edge” (i —2)(i + 1) gets weight (—1)'x;. The x; represent
the corner invariants [48] of a polygon, certain coordinates related to the y-
parameters by

{ —(xixip1)”" if i is a vertex of A;
Vi =

—XiXit+1 if i is a side of A.

Fig. 8 Aliftof Qstoa
doubly periodic quiver in the
plane

Qte———00——>W
CSr——>}

T

>

—_—

Fig. 9 A bipartite graph on the torus dual to the quiver Q4
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A perfect matching of G is a collection M of its edges such that each i € V is an
endpoint of exactly one e € M. The weight of M, denoted wt(M), is the product of
the weights of its edges. For instance,

M = {12,36,47,58}

is a perfect matching of G4 and its weight is (1)(—xs5)(xg)(—x7) = xsx6x7.
The conserved quantities of the pentagram map are sums of weights of perfect
matchings, refined by a notion of homology class of a matching defined in [27].

Proposition 6.10 For any homology class, the sum
Z wt(M)
M

over perfect matchings M of G, in that class is a conserved quantity of the
pentagram map acting on n-gons.

In the case of the graph G4 pictured in Fig.9, there are 22 perfect matchings
which represent 8 different homology classes. Table 1 gives the 8 corresponding
conserved quantities for the pentagram map. The first 2 are trivial but the remaining
6 are (up to a sign) the original conserved quantities discovered by Schwartz [48]
by different means.

The invariant Poisson bracket from Proposition 6.9 and the conserved quantities
from Proposition 6.10 are the main ingredients for complete integrability, but there
are several more conditions that they need to satisfy. We conclude by listing these
properties, proofs for which can be found in [23, 41] and [27].

* The conserved quantities are algebraically independent.
e The conserved quantities Poisson commute, i.e., the bracket of any two of them
equals zero.

Table 1 Conserved quantities for the pentagram map acting on twisted quadrilaterals

Name Formula Representative matching

n.a. 1 {12,34,56,78}

n.a. 1 {23,45,67,18}

0, —X| — X3 — X5 — X7 + X1X2X3 + X3x4%5 {27,34,56,18}
+xs5x6x7 + X1X07X8

E, Xy + x4 + X6 + X5 — XoX3X4 — X4X5X¢ {38,12,45,67}
—XgX7Xg — X1X2Xg

02 X1X5 + X3X7 {ﬁ, %, TS, ﬁ}

E, XoXe + X4Xg {ﬁ, 47,12, %}

Oy X1X3X5X7 {14, 36, 58,27}

E4 X2X4X6Xg {E, @. ﬁ. ﬁ}

The matching M is such that wt(M) is the first term appearing in the corresponding formula
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e The number of Casimirs plus twice the number of other conserved quantities
equals the dimension of the system.

In the last item, the term Casimir refers to a function that Poisson commutes with all
other functions. In the case summarized in Table 1, the 4 functions O,, E», Oy, E4 are
Casimirs while the other two conserved quantities O; and E are not. The calculation
checks out as 4 4+ 2(2) = 8 is the dimension of the space of twisted quadrilaterals.
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An Introduction to Difference Galois Theory

Julien Roques

Abstract This article comes from notes written for my lectures at the summer
school “Abecedarian of SIDE” held at the CRM (Montréal) in June 2016. They
are intended to give a short introduction to difference Galois theory, leaving aside
the technicalities.

1 Introduction

This article comes from notes written for my lectures at the summer school
“Abecedarian of SIDE” held at the CRM (Montréal) in June 2016. They are
intended to give a short introduction to difference Galois theory, leaving aside the
technicalities. There already exist several nice introductory papers/surveys about
differential Galois theory, e.g., [6, 7, 22, 32, 33], and (parameterized) difference
Galois theory, e.g., [10, 18]. For complete proofs and further results concerning
difference Galois theory, we refer the reader to van der Put and Singer’s [23].

2 First Steps: From Classical Galois Theory to Difference
Galois Theory

2.1 The Classical Galois Groups

The Galois group over Q of a polynomial P(X) € Q[X] can be defined as follows.
We start with the base field Q. We then consider a splitting field K of P(X) over
Q, i.e., a minimal field extension of Q over which P(X) decomposes as a product
a polynomials of degree 1. Then, the Galois group of P(X) over QQ is made of the
field automorphisms o of K such that 0|q = Idg.
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Exercise 2.1 Recall why we can describe the elements of this Galois group as the
permutations of the roots of P(X) preserving the algebraic relations with coefficients
in Q among these roots. This was Galois’s original approach.

2.2 The Differential Galois Groups

This construction can be extended to linear differential equations with coefficients
in C(z) as follows. Instead of a polynomial P(X) with coefficients in Q, we consider
a linear differential system

Y'(2) = A(x)Y(z) withA(z) € M,(C(2)) .

The base field Q of Sect.2.1 above is now replaced by the field C(z) or, better,
by the field C(z) endowed with the derivation d/dz: C(z) — C(z). Consider some
complex number zy which is not a pole of A(z). According to Cauchy’s theorem,
there exists 2)(z) € GL,(C{z — zo}) such that

2'(z) = ARV (2)

(we have denoted by C{z — zo} the ring of analytic functions near zy). The analogue
of the splitting field of the polynomial P(X) over Q is the field extension

K=C@)(D)

of C(z) generated by the entries of 2)(z). Note that K is stable by the usual derivation
d/dz, which is an extension of the derivation d/dz attached to the base field C(z).
The field K endowed with the derivation d/dz: K — K is called a Picard—Vessiot
field for Y'(z) = A(z)Y(z) over C(z). The corresponding differential Galois group
of Y'(z) = A(z)Y(z) over C(z) is then made of the field automorphisms o of K such
that

oice =ldec and ood/dz=d/dzoo.

In particular, these conditions ensure that any element of the differential Galois
group transforms any solution of Y'(z) = A(z)Y(z) with coefficients in K into
another solution: for any element o of the differential Galois group and for all
F € M, 1(K) such that F'(z) = A(z)F(z), we have o (F)'(2) = A(z)o (F)(2).

Exercise 2.2 Let o be a field automorphism of K such that o1c(;) = Id¢(,). Prove
that the following properties are equivalent:

* o transforms any solution of Y’(z) = A(z)Y(z) with coefficients in K into another
solution;
* god/dz=d/dzoo.
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2.3 Toward Difference Galois Groups

Can we extend the construction of Sect. 2.2 to other linear functional equations? Let
us consider this question for very simple difference systems of rank one of the form

y(z+ 1) = a(z)y(z) witha(z) € C(z)™ .

The base field is still C(z), but the role played by the derivation d/dz in Sect.2.2
is now played by the field automorphism t of C(z) defined by 7:f(z) — f(z + 1).
Inspired by Sect. 2.2, it seems natural to look for a field extension K of C(z) such
that:

1. K can be endowed with a field automorphism extending t, still denoted by ;
2. there exists y € K* such that

T(h) = a(2)y;

3. K is minimal for the above properties, i.e.,

K =C(2));

and, then, to define the difference Galois group of y(z + 1) = a(z)y(z) over C(z) as
the group made of the field automorphisms o of K such that

O—lc(z) = IdC(z) and ocort=7t1o00.
Let us first study the case a(z) = 1, i.e., the equation

yz+1) =@ .

Note that
n(z) =1 and K = (E(z)(t)(z)) =C(z)

endowed with 7:f(z) — f(z + 1) have the required properties. It is easily seen that
the corresponding difference Galois group is trivial, i.e., reduced to {Id¢c,}. This is
consistent with the fact that the equation y(z 4+ 1) = y(z) is the simplest possible
(“trivial”).

However, the choice 5(z) = 1 may seem somewhat arbitrary. For instance, one
could have chosen y(z) = sin(2nz) instead of 1 and K = C(2) (l)(z)) endowed
with t:f(z) — f(z + 1). The corresponding difference Galois group contains
a subgroup isomorphic to PGL,(C) (i.e., the automorphisms of K defined by
r(z, U(z)) — r(z, (ay(z)+b)/(cy(z) +d)) witha, b, ¢,d € C such that ad—bc # 0).
This is not reasonable and not consistent with what precedes. Actually, the problem
is that, in the process of going from C(z) to K by adjoining y = sin(2rz), we
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have introduced new constants i.e., elements of K fixed by t which do not belong
to the base field C(z) (or, equivalently, to C). This leads us to require the further
condition that

4. K* = {f € K| ©(f) = f} must be equal to C.

This condition excludes the choice y(z) = sin(27z).
Let us now consider the case a(z) = —1, i.e., the equation

yez+1) =y .

We claim that, in this case, it is impossible to find a field K satisfying to the
conditions 1 to 4 above. Indeed, assume at the contrary that such a field K exists.
Then, y? is fixed by T and hence belongs to C. Therefore, 1) belongs to C. This is a
contradiction: the equation () = —1 does not have any solution in C(z).

Actually, we will have to work with rings and to accept zero divisors. More
precisely, the basic objects will be rings endowed with an automorphism: these will
be called difference rings. In the present case, we will see that a correct analogue of
the splitting field is given by the quotient ring C(z)[X, X~ ']/(X? — 1) endowed with
its unique ring automorphism ¢ such that ¢c(;) =  and Pp(X) = —X.

2.4 Organization of the Lecture Notes

Section 4 is devoted to the difference rings. The analogue(s) for difference equations
of the splitting fields of Sect.2.1, called Picard—Vessiot rings and total Picard—
Vessiot rings, are defined and studied in Sect. 5. The difference Galois groups are
introduced in Sect. 6, where their first properties are studied. This study is pursued in
Sect. 7 (where we describe the algebraic relations among the solutions of difference
equations in terms of the difference Galois groups) and in Sect. 8 (devoted to the
Galois correspondence). In Sect. 9, we focus our attention on regular g-difference
systems. In Sect.9.2, we introduce Birkhoff’s connection matrices and explain
their Galoisian meaning. In Sect. 9.3, we consider the g-difference equations as
deformations of differential systems and explain in which sense the connection
matrices deform the monodromy representations attached to differential equations.
Section 10 is concerned with the explicit calculation of difference Galois groups
(mainly references). Section 11 is a brief introduction to parameterized difference
Galois theory.

3 A Table of Analogies

The following table summarizes some analogies between the classical Galois
theory and difference Galois theory. The concepts in the right-hand column will
be introduced in the next sections.
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Galois theory Difference Galois theory

Polynomial equations Difference equations

Rings Difference rings

Fields Difference fields

Splitting fields Picard—Vessiot rings and total Picard—Vessiot rings
Galois groups Difference Galois groups

Finite groups Linear algebraic groups

4 Difference Rings and Difference Fields

Definition 4.1 A difference ring is a couple (R, ¢») where R is a ring and ¢ is a ring
automorphism of R. If R is a field, then (R, ¢) is called a difference field.

Example 4.2 The couple (R, ¢) is a difference ring in the following cases:

. any ring R and ¢ = Idg;

. R=C(z) and ¢:f(z) — f(gz) where g € C*;

. R=C(z) and ¢:f(z) — f(z + h) where h € C;

R = szo C(z"”") and ¢:f(z) — f(z7) where p is a positive integer. Note that
C(z) endowed with ¢:f(z) +— f(2¥) is not a difference field because ¢ is not
surjective.

5.R=C?%and ¢: (xn)nEZ = (xn+1)n€Z-

Definition 4.3 Let (R, ¢) be a difference ring. An ideal I of R such that ¢(I) C I is
called a difference ideal of (R, ¢). We say that (R, ¢) is a simple difference ring if
its difference ideals are {0} and R.

:bwl\.)»—

Exercise 4.4 Let (R, ¢) be a difference ring. Let I be a maximal difference ideal
of (R, ¢), i.e., a proper difference ideal of (R, ¢) which is maximal among the
difference ideals of (R, ¢) (be careful, / is not necessarily a maximal ideal). Prove
that ¢p(I) = 1.

Exercise 4.5 Let I be a difference ideal of the difference ring (R, ¢). Then, ¢
induces a ring endomorphism ¢ of R/1.
Prove that (R/I, ¢) is a difference ring if and only if ¢ (1) = I.

Exercise 4.6 Let (R, ¢) be a difference ring.

1. Prove that if R is a Noetherian ring and if 7 is a difference ideal of (R, ¢) then

o) =1
2. Give an example of difference ring (R, ¢) such that ¢(I) < I.

Example 4.7 1. Any difference field is a simple difference ring.

2. Consider the difference ring (R, ¢) where R = C(z)[y,y!] is the ring of
Laurent polynomials with coefficients in C(z) and ¢ is the ring automorphism of
R defined by ¢(f (z, y)) = f(z + 1, zy). We claim that (R, ¢) is a simple difference
ring. Indeed, let / be a nonzero difference ideal of (R, ¢). Note that R is a principal
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ideal domain (in particular, it is Noetherian, so ¢ (/) = I according to Exercise 4.6).
Let P(z,y) € R\ {0} be such that I = (P(z.y)). We have ¢(I) = (P(z + 1.z)).
Since ¢p(I) = I, we get P(z + 1,zy) = c(2)y'P(z,y) for some c¢(z) € C(z)* and
i € Z. 1t follows easily that P(z, y) is a monomial in y. So P(z,y) € R* and, hence,
I =R.

3. The difference ring (R, ¢) where R = C(z)[y] is the ring of polynomials with
coefficients in C(z) and ¢ is the ring automorphism of R given by ¢ (f(z,y)) = f(z+
1,zy) is not a simple difference ring. Indeed, (y) is a proper nontrivial difference
ideal.

Definition 4.8 A morphism (resp. isomorphism) from the difference ring (R, ¢) to
the difference ring (R, ¢) is a ring morphism (resp. isomorphism) ¢: R — R such

thatp op = ¢ 0 .

Exercise 4.9 Prove that, for difference rings, “being isomorphic” is an equivalence
relation.

Exercise 4.10 We have already seen that C(z) endowed with the ring automor-
phism o,:f(2) = f(qz) (g € C*) or 1;:f(2) = f(z+ h) (h € C) is a difference
field. Prove that, up to isomorphism, these are the only difference fields of the form
(C(2), ¢) such that ¢|c = Idc. Hint. We recall that, as any field automorphism of
C(z) over C, ¢ is of the form f(z) »—>f((az + b)/(cz + d)) for some a,b,c,d € C
such that ad — bc # 0. If it is not equal to the identity, the automorphism
z + (az + b)/(cz + d) of P!(C) has one or two fixed points and is conjugate
to some z > z + h if it has one fixed point and conjugate to some z — gz if it has
two fixed points.

Definition 4.11 A difference ring (ﬁ $) is a difference ring extension of a differ-
ence ring (R, ) if Ris a ring extension of R and if <;§|R = ¢; in this case, we will
often denote ¢ by ¢.

A difference ring (R, ¢) is a difference subring of a difference ring (R, $) if (R, P)
is a difference ring extension of (R, ¢).

Two difference ring extensions (FIE, $1) and (Fﬁz, $») of a difference ring (R, ¢)
are isomorphic over (R, ¢) if there exists a difference ring isomorphism ¢ from
(’El, qSl) to (’I\éz, <;~52) such that ¢ = Idg.

Definition 4.12 The ring of constants R? of the difference ring (R, ¢) is defined by

R :={feR|¢(f)=1}.

Exercise 4.13 Let (R, ¢) be a difference ring.

1. Prove that the ring of constants R? is a ring (!).
2. Prove that if R is a field then R? is a field.

Exercise 4.14 Let (k',¢) be a difference field extension of a difference field

(k. $).
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1. Prove that if &’ is an algebraic extension of k, then k' ¢ is an algebraic extension
of k?. In particular, if k" is an algebraic extension of k and if k? is algebraically
closed, then ¥'? = k?.

2. Prove that if k is algebraically closed, then k% is not necessary algebraically
closed.

Exercise 4.15 Let (k, ¢) be a difference field. Prove that ¢ can be extended into a
ring automorphism of k, the algebraic closure of k. In other words, k can be endowed
with a structure of difference field extension of (k, ¢).

In what follows, we will frequently denote the difference ring (R, ¢) by R.

5 Picard-Vessiot Theory

Let (k, ¢) be a difference field and denote by C := k? its field of constants.

5.1 Picard-Vessiot Rings

Consider a difference system
¢(Y) =AY withA € GL,(k) . (1

Definition 5.1 A Picard—Vessiot ring for (1) over (k,¢) is a difference ring
extension R of (k, ¢) such that

1. there exists ) € GL,(R) such that ¢(2)) = A9Q) (such a Q) is called a fundamental
matrix of solutions of (1));

2. Ris generated, as a k-algebra, by the entries of ) and det(2))™';

3. Ris a simple difference ring.

The Picard—Vessiot rings will play the same role as the splitting fields in classical
Galois theory.
We shall now address the following questions:

1. Do Picard—Vessiot rings exist?
2. Are Picard—Vessiot extensions unique?

The answer to the first question is given by the following result.

Proposition 5.2 ([23, Sect. 1.1]) There exists a Picard—Vessiot ring for (1) over
(k. p).

Proof We shall first construct a difference ring extension of (k,¢) satisfying
to conditions 1 and 2 of Definition 5.1. We let X = (X;;)i<ij<» be a matrix
of indeterminates and we consider the ring k[X, det(X)™!] of polynomials with
coefficients in k, in n? indeterminates, and localized at det(X). We consider the
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unique difference ring extension (k[X, det(X)~!], ¥) of (k, ¢) defined by ¥ (X) =
AX. The first two conditions of Definition 5.1 are satisfied by (k[X, det(X)™'], %),
but not necessarily the last one.

Example 5.3 1. Consider the case k = C(z), ¢:f(2) — f(qz),q € C*, and A(z) =
—1 € GL(C). Then, the difference ring (k[X,det(X)~'] = k[X,X!],v) is not
simple. For instance, (X> — 1) is a proper nontrivial difference ideal.

2. Consider the case k = C(z), ¢:f(z) +— f(gz), ¢ € C*, and A(z) = ¢'/* €
GL,(C). Then, the difference ring (k[X, det(X)™'] = k[X,X '], ¥) is not simple.
For instance, (X — z) is a proper nontrivial difference ideal.

3. Consider the case k = C(z), ¢:f(z) — f(gq2), g € C*,and A(z) = z €
GL,(C). Then, the difference ring (k[X,det(X)™'] = k[X,X"'],¥) is simple.
Indeed, let I be a nonzero difference ideal. Let P(z,X) € k[X, det(X)~'] be such
that I = (P(z.X)). Since (P(gz,zX)) = ¥ (I) = I = (P(X)), there exists c(z) € k*
and i € Z such that P(gz,z2X) = ¢(z)X'P(z,X). So, i = 0 and it is easily seen
that P(z,X) is a monomial in X and, hence, is invertible in k[X, det(X)~!]. Thus,
I = k[X,det(X)™!].

In order to remedy this problem, we consider a maximal difference ideal I of R,
i.e., a proper difference ideal of R which is maximal among the difference ideals of
R (be careful, I is not necessarily a maximal ideal) and we consider the difference
ring extension

(R.¢) = (k[X. det(X)"']/L.¥)

of (k,¢) where ¢ = Y:R — R is the ring automorphism induced by ¥ (see
Exercises 4.4 and 4.5). It is clear that the first two conditions of Definition 5.1
are satisfied by (R, ¢). Moreover, the 1-1 correspondence between the difference
ideals of k[X, det(X)™!]/I and the difference ideals of k[X, det(X)~!] containing /
(see Exercise 4.5) shows that (R, ¢) is a simple difference ring. This concludes the
proof of the existence of the Picard—Vessiot rings.

Example 5.4 1. We come back to the case k = C(2), ¢:f(z) — f(q2), g €
C*, A(z) = —1 € GL{(C). Then, (X> — 1) is a maximal difference ideal of
(k[X,X™'],¥). Indeed, the proper ideals of k[X, X~!] containing (X>—1) are (X —1)
and (X+1) and none of them is stable by ¢. Therefore, a Picard—Vessiot ring is given
by (k[X, X~/ (X* = 1), ¥).

2. We come back to the case k = C(z), ¢:f(z) — f(q2), g € C*, A(z) =
g'? € GL{(C). Then, (X* — z) is a maximal ideal of k[X,X~'] (because X*> — z
is irreducible) and, hence, a maximal difference ideal of (k[X,X~'], ). Therefore,
a Picard—Vessiot ring is given by (k[X, X~']/(X?> — z), ¥), which is isomorphic over
(k, ¢) to k[z'/2, z71/?] endowed with the automorphism f(z'/?) > f(q'/?z'/?).

3. We come back to the case k = C(2), ¢:f(z) — f(gz), q € C*, Az) = z €
GL(C). Then, a Picard—Vessiot ring is given by (k[X, X '], v). O

Note the following fundamental property of the Picard—Vessiot rings:
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Proposition 5.5 ([23, Lemma 1.18]) Assume that the characteristic of k is 0
and that C is algebraically closed. Then, for any Picard-Vessiot ring R for (1)
over (k, @), we have

R? =C.

This is consistent with the discussion of Sect.2. We will see later, in Propo-
sition 5.14, another characterization of the Picard—Vessiot rings very close to the
spirit of the discussion of Sect. 2.

Our question concerning uniqueness is answered by the following result.

Theorem 5.6 ([23, Proposition 1.19]) Assume that the characteristic of k is 0 and
that C is algebraically closed. Then, any two Picard—Vessiot rings for (1) over (k, ¢)
are isomorphic over the difference ring (k, ).

Remark 5.7 If C is not algebraically closed, then the previous two results may
fail. Indeed, let us come back to the case k = C(z), ¢:f(z) — f(q2), A(z) =
—1 € GL{(C) in the special case ¢ = —1. Then C(z)» = C(z?) is not
algebraically closed. The proof of Theorem 5.2 yields the Picard—Vessiot ring
(R.¢) = (C(»)[X.X~']/(X?> — 1), ¢) where ¢ is determined by ¢(X) = —X. This
difference ring has new constants with respect to the base difference field (k, ¢),
e.g., zX belongs to R? but not to k? = C(z)® = C(z%). On the other hand, C(z)
endowed with ¢ is itself is a Picard—Vessiot ring for ¢ (y) = —y over k (because 7 is
a fundamental matrix of solutions of ¢(y) = —y). The two difference rings R and k
are not isomorphic.

Hypothesis 5.8 From now on, we assume that the characteristic of k is 0 and that C
is algebraically closed.

We shall now study the structure of the Picard—Vessiot rings in more details. We
start with an example.

Example 5.9 We pursue the study of the example k = C(z), ¢:f(z) — f(q2),
g € C*, and A(z) = —1 € GL(C). A Picard-Vessiot ring is given by the
unique difference ring extension (R, ¢) = (k[X,X']/(X* — 1), ¢) of (k,¢) such
that ¢(X) = —X. Note that R is not a domain, so that the Picard—Vessiot rings are
not integral domains in general (in particular, it is in general impossible to realize the
Picard—Vessiot rings as subrings of some field of meromorphic functions). Letting
R = k[X,X']/(X—1) and R} = k[X,X~']/(X + 1), the Chinese reminder theorem
ensures that

fiR—>R,®R, =R

P+ (P.P)
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is a ring isomorphism. This is even a difference ring isomorphism if R” is endowed
with the automorphism

¢'=fopof .

We let ¢f = (1,0) = f(X +1)/2) € Ry ® R, and ¢, = (0,1) =
F((=X +1)/2) € R & R}. We have

R)=Reé, and R, =Re,.

Moreover, we have

1 -X+1
¢'(ep) =fopof () = f(¢(x%)) - f( i )=e’1

- 1 1

So, letting Ry = f~1(R}), eo = f~'(ep) and Ry = f71(R)), e1 = f7'(¢}), we
have decomposed R as a direct product of rings

and

R=Ry® R, with &R, = Re;
where

* ¢ and e; are idempotent elements of R,
* Ry and R, are integral domains,
* ¢(eg) = e and ¢p(e1) = ep, hence, ¢(Ry) = Ry and ¢(R;) = Ry.

Remark 5.10 In the case k = C(z), ¢:f(z) — f(gz), g € C*, A(x) = ¢"/*orz €
GL,(C), the Picard—Vessiot rings described in Example 5.4 are integral domains.

Actually, the property discovered in the previous example is a special case of a
general fact.

Theorem 5.11 ([23, Corollary 1.16]) We can decompose R as a direct product of
rings

R= @Rx with R, = Re,

x€X
where

o X = Z/tZ for some integert > 1,

» forallx € X, ey is an idempotent element of R (and, hence, e, = 1g),
* forall x € X, R, is an integral domain,

o forallx € X, p(ex) = ext1, and, hence, ¢ (R;) = Ry41,.
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5.2 Total Picard-Vessiot Rings

We maintain the notations and hypotheses of the previous section. In particular, we
assume that k has characteristic 0 and that C is algebraically closed. We let R be a
Picard—Vessiot ring over k attached to the system (1). Since R is not necessary an
integral domain, we cannot consider its field of fractions in general. But, we can
consider its total ring of fractions K, i.e.,

K=5"'R

where S is the multiplicative subset of R made of the nonzero divisors (if R is an
integral domain, then K is nothing but the field of fractions of R). Recall that

ST'TR=RxR/~
where ~ is the equivalence relation on R x R defined by
(r,s) ~(r,s") <= eSS trs'—rs)=0.

The equivalence class of (r,s) will be denoted by r/s. There is a natural ring
structure on S™'R given by

r/s 47/ = (d +79)/(s8) and (/) [s) = (') /(s9') .

Moreover, ¢: R — R admits a unique extension into a ring automorphism ¢: K —
K, and it is given by

d(r/s) = ¢(r)/d(s).
Definition 5.12 In this way, K is a difference ring extension of R, called the total
Picard—Vessiot ring of (1) over (k, ¢).

In the process of taking the total quotient ring, we have not increased the ring of
constants:

Proposition 5.13 We have K? = C.

Proof Indeed, consider r/s € K?. Then, I = {a € R | ar/s € R} is a difference
ideal of R containing s, so I = R. In particular, 1 € I and hence r/s € R. Therefore,
K? =R? = C. o

We consider a decomposition of R as given by Theorem 5.11:

R:@RX.

x€X
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It is easily seen that K can be identified with the direct product of fields

K =Pk,

x€X

where K, is the field of fractions of R,.

Collecting the previous results, we obtain the direct implication of the following
result, which gives a new characterization of the Picard—Vessiot rings; for the proof
of the other implication, we refer to [23, Corollary 1.24].

Proposition 5.14 ([23, Corollary 1.24]) Let R be a difference ring extension of
(k, @). Then, R is a Picard—Vessiot ring for (1) if and only if the following properties
hold:

1. R has no nilpotent element;

2. the ring of constants of the total quotient ring of R (i.e., of the associated total
Picard—Vessiot ring) is C,

3. there exists ) € GL,(R) such that () = AY

4. R is minimal with respect to the above properties.

Remark 5.15 1In the previous result, it is important to consider the ring of constants
of the total Picard—Vessiot ring associated to R, and not only of the Picard—Vessiot
ring R; see [23, Example 1.25].

6 Difference Galois Groups

Let (k, ¢) be a difference field. We assume that k is of characteristic O and that the
field of constants C := k? is algebraically closed.
Consider a difference system

¢(Y) = AY withA € GL, (k) . )

We let R be a Picard—Vessiot ring for this system over k, and we denote by K the
corresponding total Picard—Vessiot ring.

Definition 6.1 The corresponding difference Galois group Gal? (R/k) over (k, ¢)
of (2) is the group of the k-linear ring automorphisms of R commuting with ¢:

Gal?(R/k) := {0 € Aut(R/k) | p oo =0 0 ¢} .

Example 6.2 1. We come back to the case k = C(z), ¢:f(2) — f(gz), g € C* not
a root of the unity, A(z) = —1 € GL;(C). We recall that a Picard—Vessiot ring is
given by (R, ¢) = (k[X,X"']/(X?> — 1), ¢) where ¢ is determined by ¢(X) = —X.
Let o € Gal?(R/k). Then, we have ¢(0(X)) = o(¢(X)) = o(—X) = —o(X).
Therefore, there exists ¢ € k¥ = C such that 0()_() = ¢X. Moreover, we have )_(2 =
leksoo(X)? =oX) =0o() = 1,ie, X = ¢ = 1 and, hence, ¢ = +1.
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It follows that Gal? (R/k) C {Idg, o} where o is the unique automorphism of R/k
such that o(X) = —X. It is easily seen that this inclusion is actually an equality.

2. We come back to the case k = C(z), ¢:f(z) — f(gz), g € C* not a root of
the unity, A(z) = ¢'/> € GL;(C). We recall that a Picard—Vessiot ring is given by
R = k[z'/?,z77"/?] endowed with the automorphism £(z'/?) — f(q'/*z!/?). Arguing
as in the previous example, one can prove that Gal? (R/k) = {Idg, o'} where o is the
unique automorphism of R/k such that o (z!/?) = —z!/2.

3. We come back to the case k = C(z), ¢:f(z) — f(gz), ¢ € C* not a root of
the unity, A(z) = z € GL(C). Then, a Picard—Vessiot ring is given by (R, ¢) =
(k[X, X", ¢), where ¢ is determined by ¢(X) = zX. Then, we have Gal? (R/k) =
{o. | ¢ € C*} where o, is the unique automorphism of R/k such that o (X) = cX.

Exercise 6.3 Set
Gal? (K /k) :== {o € Aut(K/k) | p oo = 0 0 ¢}.
Prove that the map

Gal? (K /k) — Gal® (R/k)
O = 0 IR
is well-defined (i.e., takes its values in Gal? (R/k)) and gives a group isomorphism
between Gal? (K /k) and Gal? (R/k).
Exercise 6.4 What happens if we choose another Picard—Vessiot ring?

One can identify Gal? (R/k) with a subgroup of GL,(C) as follows (this is anal-
ogous to the identification of the Galois group of an algebraic equation to a group
of permutations of its roots). Let ) € GL,(R) be a fundamental matrix of solutions
of (2). For any o € Gal? (R/k), there exists a unique C(c) € GL,(C) such that

o(Y) =PC(o) .

Indeed, we have ¢() = A so o(4(2)) = 0(A) and, hence, ¢(0()) =
Ao (). It follows that 2)~'0(2)) is left invariant by ¢ and, hence, has coefficients
in C. Moreover, det(9)7'0())) = det() "o (det(®)) € R*. Therefore, "o ()
belongs to M,,(C) N GL,(R) = GL,(C), as expected.

The proof of the following result is left as an exercise.

Proposition 6.5 The map

pga: Gal? (R/k) — GL,(C)

o C(o)

is faithful linear representation of Gal? (R/k) (i.e., an injective group morphism). Its
image is denoted by Gyy.
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Exercise 6.6 What happens to g, if we choose another fundamental matrix of
solutions ) € GL,(R)?

Example 6.7 For the cases 1 to 3 considered in Example 6.2, we have Geu =
{#£1}, {1} and C* for the choices ) = X, z'/? and X respectively.

We now come to a crucial property of the difference Galois groups.

Theorem 6.8 ([23, Theorem 1.13]) The image Gy 0f pga is an algebraic subgroup
of GL,,(C).

Recall that this means that G, is

* asubgroup of GL,(C) and
« the zero-locus of a set of polynomials in C[(X;;)1<ij<n, det X '].

7 Galois Groups and Algebraic Relations

We let (k, ¢) be a difference field. We assume that k is of characteristic 0 and that
the field of constants C := k? is algebraically closed.
Consider a difference system

¢(Y) = AY withA € GL, (k) . 3)

We let R be a Picard—Vessiot ring for this system over k. Let § € GL,(R) be a
fundamental matrix of solutions of (3). We denote by
pga: Gal? (R/k) — GL,(C)
o+ C(o)

the faithful linear representation attached to 1 as in Sect. 6, so that, for all o €
Gal?(R/k), 0(2) = 9C(0). We set

Ggal = Im(pga) .

The aim of this section is to give a precise meaning to the following assertion:

“the difference Galois group Gal(R/k) measures the algebraic relations among
the solutions of the difference system (3).”

We let I be the ideal of the algebraic relations in k[X, det(X)~'] among the entries
of 1, i.e., I is the kernel of the unique k-algebra morphism ¢: k[X, det(X)™!] — R
such that ¢(X) = 1. So, / is a maximal difference ideal of k[X, det(X)™']. We will
use the following exercise in what follows.

Exercise 7.1 Prove that / is a radical ideal.
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7.1 The Case When k Is Algebraically Closed

We shall first assume that k is algebraically closed.
We let V be the k-algebraic subset of GL,, (k) defined by 7, i.e.,

V ={veGL,(k) | YP(X) €I, P(v) =0} .
We have a natural map

V x Ggal -V
(v,M) —~ vM .
Indeed, for any (v,M = C(O)) € V X Gga, we have, for all P € I, P(v) = 0 so
P(UC(O)) = P(a(v)) = a(P(v)) = 0so vC(o) € V. One deduces easily that we

have the natural map

V % Ggal(k) -V
(v,M) — vM

where G (k) is the C-algebraic subgroup of GL,, (k) defined by the equations of Ga
seen as an algebraic subgroup of GL,,(C). This group action is actually transitive:

Theorem 7.2 ([23, Theorem 1.13]) For all v,w € V, there exists a unique M <
Gl (k) such that

w=uvM.
We denote by J. the ideal of C[X, det(X)™'] defining Gy, i.€.,
Je = {P(X) € C[X,det(X)"'] | VM € Ggu, P(M) = 0} .
We denote by J the ideal of k[X, det(X) '] defining Ggu(k), i.€.,
Jp = {P(X) € k[X,det(X)"'] | VM € Ggu(k),P(M) = 0} .
We have
Je=kJ. .
Consider v € V (V is nonempty). Theorem 7.2 ensures that

V= UGgal(k) .
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This yields the following description of the algebraic relations with coefficients in
k among the entries of 1 in terms of the algebraic equations defining the algebraic
group Gqi:

Proposition 7.3 We have
I={Pw'X) | P(X) e J;} = {P(v'X) | PX) € kJ..} .
Example 7.4 For instance, if
Gga = {M € GL,(C) | (detM)" = 1}
for some positive integer m, then
I = ((detX)" — 1)

for some A = det(v)” € k*.

Exercise 7.5 Another way to state this is that the k-algebras C[Gga] ®. k and R are
isomorphic. Prove this and give an isomorphism.

7.2 The General Case

We no longer assume that k is algebraically closed. Then, the previous results are
false in general, as shown by the following example.

Example 7.6 Consider the case k = C(z), ¢ = 04, g € C* not a root of the
unity, ¢(y) = ¢'/%y. A Picard—Vessiot ring is given by R = k[z'/2,z7'/?] with
¢(z'/?) = ¢'/?z'/2. A fundamental solution is given by y = z!/2 € GL,(R). The
Galois group is Gga = {£1} C GL{(C) so that C[Ge] = C[X, X7 '/(X* - 1).
Then, R and C[Gga] ®. k are not isomorphic since the former is an integral domain,
but not the latter. However, these rings become isomorphic if we tensor with k over k.

Actually, we have the following result:

Proposition 7.7 ([23, Theorem 1.13]) We have
kI = {Pv”'X) | Pekl.}.

Exercise 7.8 Another way to state this is that the rings C[Gg,] ®. k and R ®y k are
isomorphic. Prove this and give an isomorphism.

Remark 7.9 Actually, what precedes can be (and must be) rephrased in terms of
torsors.
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In some circumstances, we do not need to go to k. For instance, if G i
connected and k is a €'-field, then Proposition 7.3 is true even if k is not
algebraically closed. (The Ggy ® k-torsors are trivial in this case.)

8 Galois Correspondence

Let (k, ¢) be a difference field. We assume that k is of characteristic O and that the
field of constants C := k? is algebraically closed.
Consider a difference system

¢(Y) =AY withA € GL,(k) . “)

Let R be a Picard—Vessiot ring for this system over k and denote by K the
corresponding total Picard—Vessiot ring. We consider its difference Galois group
Gal?(R/k) = Gal?(K/k) (see Exercise 6.3 for the identification between the two
groups), endowed with its structure of linear algebraic group.

There is a Galois correspondence in difference Galois theory. Note that the total
Picard—Vessiot rings are used instead of the Picard—Vessiot rings themselves.

Theorem 8.1 ([23, Theorem 1.29]) Let & be the set of difference subrings F of K
such that k C F and such that every nonzero divisor of F is actually a unit of F. Let
€ be the set of algebraic subgroups of Gal? (K /k). Then,

o forany F € ¥, the set G(K/F) of elements of Gal? (K /k) which fix F pointwise
is an algebraic subgroup of Gal? (K /k);

e for any algebraic subgroup H of Gal® (K /k), K" := {f e K | Yo € H,0(f) = f}
belongs to ¥,

o themaps ¥ — §,F — G(K/F) and § — ¥, H — K" are each other’s
inverses.

Remark 8.2 Note that, if R is an integral domain, then Theorem 8.1 gives a
correspondence between the difference subfields of K containing k, on the one hand,
and the algebraic subgroups of Gal? (K/k), on the other hand.

In particular, for any subgroup H of Gal?(K/k), if K = k, then H is Zariski-
dense in Gal? (K /k). We will use this fact in Sect. 9.

We also have the following property: if H is a normal algebraic subgroup of
Gal? (K /k), then the restriction morphism Gal? (K/k) — Gal? (K /k) induces an
isomorphism Gal? (K /k)/H == Gal? (K" /k).
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9 Galoisian Ambiguities Coming from Analysis for Regular
q-Difference Equations

In this section, we study the Galois groups of the regular g-difference equations and
their relationship with transcendental invariants introduced by Birkhoff, namely the
connection matrices. The main references are Etingof’s [15] and Sauloy’s [30].

We shall first recall some classical facts concerning the monodromy of linear
differential equations.

9.1 Monodromy and Differential Galois Groups

Consider a linear differential system
Y'(z) = A@@)Y(z) withA(z) € M,(C(2)) . (5)

Its set of singularities on P!(C) is denoted by S.

We shall first recall the definition of the monodromy representation attached to
this differential system. Let zo € P!(C) \ S. According to Cauchy’s theorem, there
exists 2(z) € GL,(Op(c),) such that

2'(z) = AR (2)

(we have denoted by Opi(c) the sheaf of analytic functions over P!(C) and by
Opi(C)., its stalk at 7). Let

y:[0,1] = PY(C)\ S
be a continuous path such that y(0) = y(1) = zo. It turns out that )(z) can be
analytically continued along y.

Exercise 9.1 Prove this!

After analytic continuation along y, we get a new solution yQ)(z) €
GL,.(Op1(c),,) of Y'(z) = A(2)Y(z). Therefore, there exists M(y) € GL,(C)
such that

YD (@) = D@M(y) .

This matrix M(y) is called the monodromy matrix along y of the differential
equation (5). This matrix only depends on the homotopy class of y in P!(C) \ S.
Therefore, we have a map
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Pmono: 7{1(”31(0:) \ S, ZO) - GLn(G:)
[yl = M([y]) = M(y) .

This is a group morphism.

Definition 9.2 The map ppon is a linear representation of 71 (P'(C) \ S, zo) called
the monodromy representation.
Its image is called the monodromy group and denoted by Gpono-

Exercise 9.3 We emphasize that the monodromy representation and group depends
on the choice of )(z) and zy. Study the dependence of the monodromy representa-
tion and group on zo and 9)(z).

On the other hand, we recall (see Sect.2.2) that the differential Galois group of
the differential system (5) can be described as
Gal’*(K/C(z)) = {o € Aut(K/C(z)) | o 0d/dz =d/dzo 0}

where

K=C@) (D)

is the field generated over C(z) by the entries of 2)(z). We can realize
Gal¥%(K/C(z)) as an algebraic subgroup Gg of GL,(C) as follows (this is
similar to what we did in Sect.6). For any o € Gal? dZ(K / C(z)), there exists a
unique C(0) € GL,(C) such that

o(U) =UC(o) .
Then,

Peal’ Gald/dZ(K/C (z)) — GL,(C)
o C(o)

is faithful linear representation of Gal”/%(K/C(z)) and its image, denoted by G,
is an algebraic subgroup of GL,(C).

We shall now prove that the monodromy is Galoisian. Indeed, any element of K
can be continued meromorphically along any continuous path y: [0, 1] — P!(C) \ S
such that y(0) = y(1) = zo (because the entries of )(z) can be analytically
continued along any such path). This induces an element o, of Gal¥/% (K /C (z))
such that

C(oy) = M(y) .

Therefore, we have proved the following result.
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Proposition 9.4 We have
Gmono C Ggal .
In case the system is regular singular,' the differential Galois group is “what

algebra see of analysis™:

Theorem 9.5 (Schlesinger; [24, Theorem 5.8]) Assume that the differential sys-
tem (5) is regular singular. Then, the monodromy group Gmoeno IS Zariski-dense in
the Galois group Gg).

Remark 9.6 If the system is irregular, then this result may be false. The typical
counter-example is y'(z) = y(z). There is an extension of this result to arbitrary
linear differential equations due to Ramis.

9.2 Birkhoff Connection Matrices and Difference Galois
Groups

Let g be a nonzero complex number such that |g| < 1. We consider the difference
field (C(z), 0,) where 0,,:f(z) — f(gz) and a g-difference system

o,Y =AY withA € GL,(C(2)) . (6)

Note that C(z) is of characteristic 0 and that the field of constants C(z)° = C is
algebraically closed. Thus, we can apply most of the results of the previous sections.
In this section, we assume that the following hypothesis is satisfied:

Hypothesis 9.7 The g-difference system (6) is regular at 0 and oo, i.e., A(z) is
analytic at 0 and oo and

Our first task is to construct fundamental matrices of solutions attached to 0

and oo.
The infinite product

Vo(2) = A(2) 'Alg2) 'Alg*D) " -+

defines an element of GL,,(Op1(c) ) such that

Do(qz) = A(@)Yo(z) and Yo(0) =1, .

I'This means that, for any s € S, the growth of the entries of 1)(z) as z tends to s along any sector of
finite aperture and centered at s is at most polynomial.
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This functional equation shows that 9)(z) can be extended into a meromorphic
function over C:

2)0(1) € GLH(M(G:)) .
We let

Ry = C(2) [2)0(2)» (det(@o(Z)))_l]

be the C(z)-algebra generated by the entries of 2)y(z) and the inverse of its
determinant. This ring has a natural structure of difference ring extension of
(C(2),0,). It is an integral domain, therefore its total Picard—Vessiot ring Ky is
nothing but the field of fractions of Ry:

Ko = C(2)(Do(2) .

Proposition 9.8 ([15, Sect. 31) The difference ring Ry is a Picard—Vessiot ring
for the g-difference system (6) over C(z). Hence, the difference field Ky is a total
Picard-Vessiot ring for this system over C(z).

Proof We use the characterization of the Picard—Vessiot rings given by Proposi-
tion 5.14. The only nontrivial point is that Kg“ = C. Let f(z) be an element of Kg”.
Then, f(z) is meromorphic over C and satisfies f(gz) = f(z). This implies that f(z)
is analytic over C*. (Indeed, otherwise, f(z) would have a pole zp € C*. Since
f(gz) = f(2), any element of {g*zo | k > 0} would be a pole of f as well. But
this set accumulates at 0. This would be in contradiction with the fact that f(z) is
meromorphic at 0). Therefore, f(z) induces an analytic function over the compact
Riemann surface C*/¢%. Such a function is necessarily constant. It follows that
f(z) itself is constant over C* and, hence, over C. O

We have similar results at co. Indeed,
Voo (2) = Alg~'DA(G DA 2) -+
defines an element of GL,,(Op1(c),0) such that
Doo(g2) = A(D)Do(z) and YPoo(o0) =1, .

This functional equation shows that ), (z) can be extended into a meromorphic
function over P'(C) \ {0}:

20(z) € GL,(M(P'(C) \ {0})) .
We let

-1
R = C(2) [gjw(z)7 (det(%o(Z))) ]
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be the C(z)-algebra generated by the entries of Q)oo(z) and the inverse of its
determinant. This ring has a natural structure of difference ring extension of
(C(2),0,). It is an integral domain, therefore its total Picard—Vessiot ring K, is
nothing but the field of fractions of Ruo:

Koo = C(2)(Y(2)) -

Proposition 9.9 ([15, Sect. 3]) The difference ring Ry is a Picard—Vessiot ring
for the g-difference system (6) over C(z). Hence, the difference field Ko is a total
Picard—Vessiot ring for this system over C(z).

So, we have two Picard—Vessiot rings Ry and Ro. Theorem 5.5 ensures that they
are isomorphic as difference rings extensions of (C(z), 0,). In order to describe such
an isomorphism, we introduce Birkhoff’s connection matrix.

Definition 9.10 The Birkhoff connection matrix is defined by
P(@) = Vo(2)'Voo(2) € GL, (M(T)).
It is easily seen that
P(qz) = P(2).
So, one can consider & (z) as meromorphic function over the complex torus C* /g%

(i.e., as an elliptic function).
We let S be the set of poles of & (z) or #(z)~" in C*.

Theorem 9.11 ([15, Theorem 3.1]) For any v € C* \ S, there exists a unique
isomorphism of difference ring extensions of (C(z), 0,)

Tp: Roo = Ry
such that
7Yoo (2) = Vo P () -
It induces an isomorphism of difference field extensions of (C(2), 0,)
Tv: Koo = Kj .

Proof Let X = (X;;)1<ij<n be indeterminates over C(z). Consider the unique C(z)-
algebra morphism

90: C@)[X] = C(2)[Yo(2)]
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such that ¢y(X) = o(z) and let Iy = ker(pp) (i.e., Iy is the ideal of the algebraic
relations with coefficients in C(z) among the entries of 2)y(z)). We denote by

90: C(2)[X]/1o — C(2)[Vo(2)]

the C(z)-algebra isomorphism induced by ¢y.

We define @0, Ioo and ¢oo similarly.

Consider P(X) € I, so that P(Q)w(z)) = P(Q)()(z)ﬂ)(z)) = 0. Therefore, the
function P(Q)O (z)P (v)), meromorphic over C, vanishes at g“v for all integer k large
enough. It follows that P(@O(z)ﬁj(v)) =0,i.e., P(XJ’ (v)) € Iy. Hence, we have a
well-defined ring morphism

C@IX]/Ie = C@IX]/Io
P(X) = P(XP(v)).

This is actually a ring isomorphism; its inverse is given by

C@[X]/Ih — C(2)[X]/Io
P(X) = PXP ()7 Y.

Therefore,
P00 C@D[Doo(2)] = C@Q0(2)]

is a ring isomorphism. It induces (by localization) ring isomorphisms R.c — R( and
Ko — Ky with the expected properties. O

Therefore, for all v,w € C*\ S,
7,7, € Gal? (Roo /C(2))
and, hence,
P )" P (W) € Gga
where Gga1 denotes the image of the linear representation
Peat: Gal? (Roo/C(2)) — GL,(C)

attached to the fundamental matrix of solutions ) (2).

Definition 9.12 We denote by Gg;; the subgroup of GL,(C) generated by
P)'P(w) forall v,w € C*\ S.
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Theorem 9.13 ([15, Theorem 3.3]) We have
Ggal = Ggir -

Proof We admit that Gp;, is Zariski-closed and refer to [15, Proposition 3.2] for the
proof. According to Galois correspondence, it is sufficient to prove that Kg¥r C C.
Consider f(z) € KZ¥. So, f(z) = P(Yo0(z)) for some P(X) = A(X)/B(X) with
A(X),B(X) € C(2)[X] such that B(Y0(z)) # 0. Since f(z) € KS¥r, we have
f@) = PD0(2) = P(Doo(@)P(v)"'P(w)) for all v,w € C*\ S. Forv = z
and for w fixed, we get f(z) = P(Qo(z)P (w)~'). Therefore, f(z), which is a priori
meromorphic over P!(C) \ {0}, is also meromorphic at 0; thus, it is meromorphic
over the whole P'(C) and, hence, belongs to C(z). The Galois correspondence
ensures that Gy = Gg,l. |

Remark 9.14 What does & (z) says about o,Y = AY? Consider two g-difference
systems 0,Y = A1Y and 0,Y = A,Y with A}, A; € GLn((I:(z)). We denote by

P1(2) = D100 'D1.00(z) and Po(z) = V2.0(z) 'V2.00(z) the corresponding
connection matrices (with obvious notations). Assume that

Pi(2) = P2(2) .
Then, we have
220221027 = 220000V 1.00() " = R() .
Note that R(z) is meromorphic over P;(C) \ {oco} (this follows from the first
expression for R(z)) and P (C) \ {0} (this follows from the second expression for
R(2)) so it is meromorphic over P; (C) and, hence,

R(z) € GL,(C(2)) .

Moreover, we have R(gz) = A2(2)R(2)A1(z)~". So, the g-difference system 0, =
AY is obtained form 0,Y = AY by using the linear change of unknown function

Y ~>RY.

We say that the two g-difference systems above are isomorphic over C(z).

9.3 From Connection Matrices to Monodromy

One can consider differential equations as degenerations of g-difference equations
as ¢ tends to 1. We have attached (Galoisian) analytic invariants to both differential
and g-difference systems, namely the monodromy representation and the connection
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matrices. The aim of this section is to understand what happens to the connection
matrices as ¢ tends to 1. We follow Sauloy in [30].

We fix t € C such that J(¢) > 0. For all € > 0, we set g = e*™™. So, |¢.| < 1
and ¢, tends to 1 as € > 0 tends to 0.

Consider a differential system

Y'(z) = B()Y(z) with B(z) € M,(C(2)) . )
We deform this differential system into a family of g.-difference equations
Y(gez) = Ac(2)Y(z) with Ac(z) € GL,(C(2)) ®)

parameterized by € > 0. By deformation, we mean the following. The previous
g.-difference systems can be rewritten as follows:

D, Y(z) = B(2)Y(2) ©)
where
_ AG(Z) =1, _ Y(qu) - Y(Z)
BG(Z) = m and qu Y(Z) = —(q€ — I)Z .

Roughly speaking, we say that the family of systems (8) deforms the differential
system (7) if B¢(z) tends to E(z) as € > 0 tends to 0, so that the systems (9) tend to
the differential system (7) as € > 0 tends to 0.

We shall now state more precisely our hypotheses:

* We assume that the differential system (7) is regular at O and oo, i.e., that there
exists 2o(z) € GL,(Op1(c) ) such that

2,(z) = B@)Yo(z) and 2(0) = I,

and that there exists Qoo (z) € GL,(Op1(c),00) Such that

V50 (2) = B@)Voo(2) and Yoo(o0) =1, .

e We assume that the g.-difference systems (8) are regular at 0 and oo, and we
denote by J(z) the corresponding connection matrices.

* We denote the singularities of B(z) (in C*) by Zj,...,Zz. We set Zop = 1.
We assume that the spirals ZjeZ”iT[R are pairwise distinct. We index Zo,...,Zg in
such a way that a positive circle around 0 meats the spirals Zoe? 'R ... Zze?™1"R in
this order. "

¢ We assume that B, (z) converges uniformly to B(z) on every compact subset of
C*\ {Zo, ..., Zr} as € > 0 tends t0 0.

We denote by U, ..., Ug the connected components of C* \U;:1 Zjez””[k where

U; has Z; and Zj on its boundary.
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Theorem 9.15 ([30, Sect. 4]) Under the previous assumptions, we have:

s Forallj€A{0,...,r}, there exists ﬁj € GL,(C) such that P.(z) tends to :7\5]- on
Ujas e > 0tendsto0. s
* The monodromy matrix around Z; in the basis 2o (z) is given by & jﬂ’i__ll.

Remark 9.16 For a very general study of the behavior of the g-difference Galois
groups as ¢ tends to 1, we refer to André’s [3].

Remark 9.17 The results established by Etingof have been extended to the regular
singular g-difference systems by van der Put and Singer in [23] and by Sauloy in
[31], following distinct approaches.

10 Computing Difference Galois Groups

Hendricks developed algorithms in [19, 20] in order to compute the difference
Galois groups of linear difference or g-difference equations of order 2 with
coefficients in Q(z) and szl Q(z'7) respectively. It relies on the classification of

the algebraic subgroups of GL,(Q). For the difference Galois groups of Mahler
equations of order 2 with coefficients in szlﬁ(zl/j), we refer to [29]. For
calculations of difference Galois groups of finite difference equations of order 2
on an elliptic curve, we refer to [11].

What about equations of higher order?

Feng has recently given in [16] an algorithm to compute the Galois groups of
linear difference equations over Q(z).

For the Galoisian properties of “classical equations,” especially of the gener-
alized g-hypergeometric equations, we refer to [26-28]. The methods combine
algebra and analysis.

We also emphasize that André’s main result in [3] gives a powerful tool to
compute the difference Galois groups of difference equations deforming a given
differential equations whose differential Galois group is known.

11 Parameterized Difference Galois Theory

In the recent years, several authors have developed “parameterized” differential or
difference Galois theories. The starting point was the seminal work of Cassidy and
Singer in [9]. This section is a brief introduction to the parameterized difference
Galois theory developed by Hardouin and Singer in [17]. This theory is typically
adapted to the study of the algebraic relations among the successive derivatives of
the entries of a fundamental matrix of solutions of a given difference system. For
instance, it has been used in loc. cit. to give a short proof of Holder’s theorem,
concerning Euler’s Gamma function, which satisfies

Fz+1)=2z2@).
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Theorem 11.1 (Holder) Euler’s Gamma function is hypertranscendental, i.e., the
successive derivatives I'(z), I''(z), I'"'(z), ... are algebraically independent over

C(2).

Another application is given by the following result, which was first proved by
Hardouin and Singer in special cases (see http://www4.ncsu.edu/~singer/papers/
worksheet.pdf). The full result follows from the main results of [12] or of [4].

Theorem 11.2 Let y|(2), y2(z) be linearly independent solutions of the g-hyperge-
ometric equation

7 —

2az -2 1
> y(gz) + -y(@) =0
a 1 q

¥(¢*2) — >
z— az—
where a € C*\ g% and a® € ¢% and |q| # 1. Then y\(2), y>(2),v1(qz) and their
successive derivatives are algebraically independent over the field of g-invariant
meromorphic functions over C*.

Also, the parameterized difference Galois theory has been used by Dreyfus et al.
[13] in order to study the generating series of automatic sequences. Let us recall that

. . . —N
the generating series f(z) = Zkzo siZ* of any p-automatic sequence (s)i=0 € Q
(and, actually, of any p-regular sequence) satisfies a Mahlerian difference system,
i.e., a difference system of the form

F(') = A(@)F(2)
where

F(2) = (fR).f(@),....f(Z" ")) and A(z) € GL,(C(z))

for some positive integer n; see Mendes France’s [21], Randé’s [25], Dumas’ [14],
Becker’s [5], Adamczewski and Bell’s [1], and the references therein. The famous
examples are the generating series of the Thue—Morse, the paper-folding, the Baum—
Sweet and the Rudin—Shapiro sequences (see Allouche and Shallit’s book [2]). The
study of the algebraic relations between such series and their successive derivatives
is a classical problem, and we have shown in [13] that the parameterized difference
Galois theory is a very convenient tool in this context. For instance, we were able to
prove the following result, where fgs(z) and frs(z) are the generating series of the
Baum-Sweet and Rudin—Shapiro series.

Theorem 11.3 ([13, Introduction]) The series fzs(z).fas(z%). frs(2).frs(—z) and
all their successive derivatives are algebraically independent over C(z).


http://www4.ncsu.edu/~singer/papers/worksheet.pdf
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11.1 A Short Introduction to Parameterized Difference Galois
Theory

The general setting of the parameterized difference Galois theory developed in
[17] is the following. Instead of a difference field (k, ¢»), we consider a differential
difference field (k, ¢, §), i.e., k is a field, ¢ is a field automorphism of k and §: k — k
is a derivation (this means that § is an additive map satisfying Leibniz rule) such that

pod=060¢.

Example 11.4 1. In the example of Holder’s theorem, one can take k = C(z),
¢:f@) = fz+1),8 =d/dz
2. k=C(z), ¢:f(2) = f(gz), 8§ = zd/dz.

We want to study (the solutions of) a linear difference system
¢(Y) =AY withA € GL,(k) . (10)

The difference rings used in difference Galois theory are replaced by the
differential difference rings, i.e., by 3-uples (R, ¢, §) where R is a ring, $: R — R
is a ring automorphism and §: R — R is a derivation such that ¢ o § = § o ¢p. We
denote by C the field of constants of the difference field (k, ¢).

There are natural notions of differential difference ring extensions, ideals,
isomorphisms, etc., similar to the notions of difference ring extensions, ideals,
isomorphisms, etc., introduced in Sect. 4. For instance, a differential difference ring
(R $.8) is a differential difference ring extension of the differential difference ring
(R, ¢,0) if Risa ring extension of R, <]§|R = ¢ and 8|R = §; in this case, we will

often denote ¢ by ¢ and § by §. We refer the reader to [17] for the details.

Definition 11.5 ([17, Definition 2.3]) A parameterized Picard—Vessiot ring
for (10) over (k,¢,8) is a differential difference ring extension R of (k,¢,d)
such that

1. there exists ) € GL,(R) such that ¢(2)) = A%) (such a ®) is called a fundamental
matrix of solutions of (4));

2. R is generated, as a (k, §)-algebra, by the entries of ) and det@j)‘l, i.e., Ris
generated as a k-algebra by the entries of ) and det(9))™' and they successive
transforms by §.

3. Ris a simple differential difference ring, i.e., the only ideals of R stable by ¢ and
8 are {0} and R.

As in difference Galois theory, we need to impose restrictions on the field
of constants C in order to have a nice parameterized Picard—Vessiot theory.
Unfortunately, the requirement that C is algebraically closed is not sufficient. The
usual requirement is that C is differentially closed. This is not only a property
of the field C but a property of C endowed with the derivation §:C — C (8
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induces a map C — C because ¢ and § commute). Roughly speaking, the fact that
(C, ) is differentially closed means that, for any polynomials Py(yi,...,Ys),...,
Pr(y1,..-,5), O, ..., ys) in the §(y;) (here, §'(y;) is a suggestive notation for
indeterminates over C) and with coefficients in C, if

Pl(yl,...,ys)=0,...,PR(y1,...,ys)=0, Q(yl,...,ys);éo (11)

has a solution yy, ...,y is some differential field extension (F, D) of (C,38) (i.e.,
F is a field extension of C, D: F — F is a derivation such that Djc = §, and the

Eq. (11) are satisfied if we replace y; by y; and § by D), then it has a solution in
(C.9).

Proposition 11.6 ([17, Proposition 2.4]) Assume that k is of characteristic 0 and
that C is differentially closed. Then, up to isomorphism of differential difference
fields over (k, ¢, 8), there exists a unique parameterized Picard—Vessiot ring for the
difference system (10) over (k, ¢).

Moreover, we have R® = C.

We let R be a parameterized Picard—Vessiot rings for the difference system (10)
over (k, ¢, 8). The parameterized difference Galois group is then defined as follows.

Definition 11.7 ([17, Definition 2.5]) The parameterized difference Galois group
Gal*® (R/k) over (k, ¢, 8) of (10) is the group of the k-linear ring automorphisms
of R commuting with ¢ and §:

Gal?)(R/k) := {0 € Aut(R/k) | poo =copand§oc = 5 o8}

As in difference Galois theory, one can see Gal®® (R/k) as a subgroup of
GL, (C) via the faithful representation

Peat: Gal'?) (R/k) — GL,(C)

o+ C(o)

where C(0) is determined by the equality o () = 9C(0).
A crucial result is then:

Theorem 11.8 ([17, Theorem 2.6]) The image of pga, which will be denoted by

G(¢’8)

wl -+ is a differential algebraic subgroup of GL,(C).

This means that the image of pgy is

¢ asubgroup of GL,(C) and
* the zero-locus in GL,(C) of a set of differential polynomials in C[(8*(X;;))

detX_l].

1<ij<n’
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One can prove that the parameterized difference Galois groups reflect the
algebraic relations among the entries of a fundamental matrix of solutions and their
successive derivatives, in a similar way that the difference Galois groups reflect the
algebraic relations among the entries of a fundamental matrix of solutions.

11.2 From Parameterized to Nonparameterized Difference
Galois Theory: Applications

We maintain the hypotheses and notations of the previous section. We let S be
the k-algebra generated by the entries of 2) and det(9))~'. Then, it can be shown
that (S, ¢) is a Picard—Vessiot ring for the difference system (10) over (k, ¢). We
denote by Ggal the group Gal?(S/k) seen as a subgroup of GL,(C) via the faithful
representation attached to 2).

Theorem 11.9 ([17, Proposition 2.8]) The differential algebraic group Ggl’s) isa

Zariski-dense subgroup of the algebraic group Ggal.

In some cases, e.g., if G:al has few differential algebraic subgroups, this is strong
information. For instance, it has been proved by Cassidy in [8] that the Zariki-dense
proper algebraic subgroups of SL,(C) are conjugate to SL,(C®), where

C’ = {f eC|8(F) =0

Whence the following result.

Theorem 11.10 Assume that Ggal = SL,(C). Then, we have:

o either G = G?, = SL,(0);

e or Ggl,g) is conjugate to SL,(C?).

Moreover, the difference between the former and the later case can be reformu-
lated as an integrability condition:

(¢.9)

Proposition 11.11 ([17, Proposition 2.91) The differential algebraic group G,

is conjugate to a subgroup of GL,(C%) if and only if there exists B € k™" such that
#(B) = ABA™' +§(A)A™" .
In this case, there exists Y € GL,(R) such that
¢(Y) =AY and 6(Y)=BY.

For instance, these are the main ingredients behind the proofs of Theorem 11.2.
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12 Answers to Selected Exercises

Answer to Exercise 4.4 Indeed, we have ¢(I) C I, thus I C ¢~ '(I). But ¢—'(I)
is a difference ideal of R. So, we have either ¢ ~'(I) = I or ¢~'(I) = R. The latter
case is excluded.

Answer to Exercise 4.5 Assume that (R/I, ¢) is a difference ring. Prove that there
is a 1-1 correspondence between the difference ideals of R containing / and the
difference ideals of R/I given by J — mw~!(J) where n: R — R/I is the canonical
morphism.

Answer to Exercise 4.6 1 Indeed, we have ¢(I) C I and, hence, I C ¢~ '(I).
Therefore, we have the ascending chain of ideals I C ¢~'(I) C ¢~2(I) C ---. Since
R is Noetherian, there exists a positive integer j such that ¢ 7(I) = ¢~V (I),
whence ¢ (1) = I.

2 Let (X,)nez be a family of indeterminates over a field k and consider the
difference ring (R, ¢) where R = k[(X,),ez] and where ¢ is the unique k-algebra
endomorphism of R such that ¢ (X,,) = X,,+;. Then, I = (X, X1, ...) is a difference
ideal of (R, ¢) and we have ¢ (1) < 1.

Answer to Exercise 4.14 1 Let f € K. Let P(X) € k[X] be the minimal
polynomial of f over k (in particular, P(X) is monic). Then, P?(X) — P(X) € k[X]
has degree < deg P(X) and vanishes at f. Therefore, P?(X) — P(X) = 0, i.e., the
coefficients of P(X) belong to k? and, hence, f is algebraic over k?.

2 Consider for instance C endowed with the complex conjugation.
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Lectures on Quantum Integrability: Lattices,
Symmetries and Physics

Milosz Panfil

Abstract These lectures notes are intended as a friendly introduction to the
many-body physics and methods of integrability. They were presented during the
ASIDEI12, a school preceding the SIDE12 conference. The aimed audience of them
are mathematicians with interests in integrability and physics.

1 Introduction

In this introductory section we give a meaning to all the three keywords: physical
applications, lattices and symmetries, referred to in the title. We illustrate main
concepts with a simple model of many-body physics.

1.1 Physics

We start with a quick overview of problems and questions that we face in quantum
physics (of many-body systems), and that we want integrable models to help us
with.

The central role in quantum physics is played by the Hamiltonian. That is a
Hermitian operator H = H', acting in some Hilbert space #, governing the time
evolution of the system

id;|a) = Hla) . (1)
Main task is to find eigenstates and eigenenergies

Hla) = E,|a) . 2
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The time evolution of the eigenstates is straightforward
la(t)) = e™'a) . 3)

Once we know the spectrum (the eigenstates) every state of the system can be
written as a superposition (a linear combination) of them. The time evolution of
a generic state follows then from time evolution of the eigenstates. Traditionally,
models that exhibit an exact solution to the eigenvalue problem (2) are called exactly
solvable models.

Among all the states an important role for physical applications is played by the
ground states. In thermal equilibrium the probability that the system is in a certain
eigenstate |a) is proportional to exp(—E,/T). At low temperatures T the physics is
reigned by the properties of states with the lowest energy—the ground states. We
shall denote a ground state by |gs).

The mere knowledge of the ground state is not enough to infer its physical
properties. These are best explored through expectation values of physical operators
or, in other words, correlation functions. They answer physical questions like: what
is the average density of particles in a gas? What are the fluctuations around this
average densities. Is there a correlation between fluctuations at different places
(and/or at different times). To each observable in quantum physics there is an
associated Hermitian operator. For example if we denote by n(x) an operator
counting particles at position x an example of a correlation function would be

So(x1,x2) = (gs|n(x)n(xz)|gs) - “4)

This object measures correlations between particles at positions x; and x,. For the
computation of correlation functions the least that we need is an action of the
operators (like n(x)) on the eigenstates. Correlation functions are objects that are
accessible experimentally.

At nonzero temperatures the system is in a thermal state. Inferring its properties
is achieved by studying the partition function

Z = wr(exp(—=pH)) = ) exp(—BE,) . B =1/T, )

where the summation extends over all eigenstates. Similarly to the zero temperature
case, we can learn more about a thermal state by computing correlation functions.
At finite temperatures, the density-density correlation function is

$100, ) = 2 Y exp(~BE aln(xn(x)la). ®)

where again we sum over all eigenstates.
So far we discussed isolated systems that we assumed to be in thermal equi-
librium. There is a lot of interesting and much less understood physics in out-
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of-equilibrium situations. We divide the out-of-equilibrium situations in 2 rough
categories: driven and quenched systems. The first category refers to systems which
are under a constant exertion of an external force. This could be an oscillating
magnetic field or leads at the edges pumping particles through the system. Generally
such systems approach some steady state characterized by a constant flow of
particles or energy. Characterization of such steady state is the first step in
understanding physics of driven systems.

The second category, quenched systems, refers to an abrupt change of the
Hamiltonian. The ingredients that we have introduced are sufficient to formulate
this problem explicitly. Let us say at times ¢ < O the system is in an eigenstate |ao)
of a Hamiltonian H,. Now, at time ¢ = 0 we abruptly change the Hamiltonian from
H, to H. The change can be anything. We could change mass of particles, turn on
an external magnetic field or even change interactions between particles. Bizarre
as these may sound, all these processes are experimentally feasible. Afterwards the
system is let alone. The time evolution following the quench is

__ .—iHt _ —iEpt
la()) = e |ao>—;e (blao) |b) 7

overlap

where we used a resolution of the identity

Y obypl =1, ®)
b

in terms of the eigenstates of the post-quench Hamiltonian H. A new ingredient
appearing is an overlap (a scalar product) c¢;, = (blap) of the initial state |ay) with
eigenstates of the post-quench Hamiltonian H.

Instead of looking at the post-quench state |a()) itself, it is again instructive to
look at correlation functions. The density-density correlation function is now

Squench (xl , X2 t) = Z e_i(Eh_EC)tcbacja (C|I’l(.X] )n(x2) |b) . (9)
b,c

The main question that we try to answer with studying quenches is whether the
system equilibrates, and if so whether the equilibrium is thermal

. ?
tl_l)rglosquench(xlaxz;t) = S7(x1,x2) - (10)

The quench process provides a clear-cut and neat formulation of an otherwise
vast subject of nonequilibrium dynamics. In its simplicity and viable experimental
realization lies its power.

Concluding, in the perfect world we would be able to: (1) diagonalize a
Hamiltonian and understand the structure of its eigenstates; (2) compute correlations
functions in various, physically relevant, situations. The second point requires
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(2a) identification of physical operators and knowledge of their action on the
eigenstates and (2b) knowledge of the overlaps between eigenstates of different
Hamiltonians.

These lectures are dedicated to the Algebraic Bethe Ansatz which is a method of
studying quantum integrable models. Within its framework it provides solution to
(1) and (2a) of the above list. The applicability of the Algebraic Bethe Ansatz in the
computation of the overlaps remains unknown.

1.2 Lattices

The second keyword in the theme list are lattices. We consider only models defined
on a one-dimensional lattice, say of L sites (Fig. 1). Hilbert space factorizes

H =@ h; =h®". (11)

All the sites are identical and the Hilbert spaces in the tensor product are all
isomorphic. The dimension of the full Hilbert space is dim # = (dimh).. The
operators acting on such Hilbert space admit a natural hierarchy. There are on-site
operators, such that act nontrivially only on a single site, two-site operators that act
nontrivially only on two neighboring sites, etc. We supply an operator o with an
index k to indicate that it acts nontrivially only on the kth site

0,=1®1...1001®---®1, oh;—h. (12)
—— ~———
(k—1) times (L—k—1) times

We construct multiple site operators from one-site operators, for example
00k+10k+2. These are local operators. A nonlocal operator would be a product
of large number of local operators such as 0x0x+1 - - - 0x+; With j comparable with
the lattice length L.

We introduce also a notion of local charges. These are local operators summed
over the whole lattice. For example

L
0= ZOk0k+l c O - (13)
k=1

1 2 3 e L 1
@~ h
Fig. 1 A lattice model of L latices sites and with the periodic boundary condition: after the Lth

lattice site there is again the first lattice site and so on. At each lattice site there is a Hilbert space
related to local degrees of freedom
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This operator is well defined in a system with the periodic boundary conditions
where oy+; = 0;. A nonlocal charge is a nonlocal operator summed over the whole
lattice or in other words it is Q; with j of the order of L.

1.3 Symmetries

The last keyword is the symmetries. A symmetry of a system implies invariance of
observables under some operations. This operation can be, for example, a rotation,
a translation (also in the time direction) or inversion of spins. Such symmetries
reflect ambiguity in choosing what time is + = 0, which lattice site is the first one
(remember the periodic boundary conditions) or which direction is up. To every
corresponding operation we associate an unitary operator U which realizes this
operation. The state |a) transforms into U|a) which we write as

la) — Ula) . (14)
The unitarity of U implies that the normalization is respected
(alU"Ula) = (ala) . (15)
where we used that the dual state transforms as
(a| > (a|U" . (16)

Together with states also operators are influenced by the symmetry transformation,
transforming like

O - UoU', (17)
which implies that expectation values are invariant under the transformation
(a|O|b) — (a|UTUOUTU|b) = (a|O|b) . (18)

An important class of transformations are those that can be generated by a
Hermitian operator Q, namely

U(e) = 2 . (19)

Invariance of the Hamiltonian under such transformations: H — U(e)HU'(¢) = H
implies that Hamiltonian commutes with the generator Q

[H,Q]=0. (20)
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Commutation with the Hamiltonian implies that an expectation value of Q is time
independent. We call such operators conserved charges.

Among all the models there is a special group of quantum integrable models. The
precise definition of quantum integrability is still missing, but a working definition
is the following. Quantum lattice integrable models are models in which there are
local conserved charges Q; (thus commuting with the Hamiltonian). The number
of (functionally) independent charges is of the order of the number of lattice sites.
These charges can be found within the Algebraic Bethe Ansatz method.

A crucial ingredient of the above definition of quantum integrability is that the
charges in question are local. Indeed for every model there are conserved operators
which are simply projectors on eigenstates P, = |a){«|. There is (dim h)* of them.
These are however nonlocal operators and therefore they do not tell us much about
the local physics encoded for example in correlation functions. All that they mean is
that the eigenstates have a simple time evolution, according to (3). Local conserved
charges restrict the dynamics and provide more valuable information about the
eigenstates.

We conclude this section by giving examples of two important transformations.
The simplest example of a transformation which is built-in quantum physics is the
time translation. Formally integrating the Schrodinger equation (1) we find

la() = e™"|a(0)) . @1

which identifies
U(r) = e, (22)
as a unitary operator (H is Hermitian) translating in time. The Hamiltonian is a
generator of this operation. Equivalently we can think of time evolving the operators

while keeping the states intact such that

{a(0|0]a(r)) = (a(0)|e™" O™ "]a(0)) , (23)

which gives that

O(t) = e'@e " (24)

Other types of transformations are spatial translations. On the lattice they can be
generated from a permutation operator of two lattice sites denoted by #; fulfilling

s
Pi=Pj ., Py=F. (25)
The most important translation is the shift operator

U= PPy P (26)
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which shifts a local operator by one lattice site to the right
0j+1 = UojU" . (27)

Just as the Hamiltonian is a generator of the time translation, so is the momentum
operator a generator of a spatial translation

U=e 't (28)

We say that Hamiltonian is translationally invariant if it commutes with the
momentum operator. A generic local operator acting at site j + 1 at time ¢ can then
be expressed as

0j41(t) = HD g e TiH—ED) (29)

After this lightning introduction to quantum physics let us consider a concrete
example of a lattice model, the free lattice fermions in 1D.

1.4 Free Lattice Fermions in 1D

In this section we consider a lattice model of free (spinless) fermions. This model
will serve as an illustration to the basic concepts without obscuring them with
technicalities. We will diagonalize the Hamiltonian, describe the spectrum and find
local conserved charges. We choose the spinless fermion example (instead of a spin
model) to simplify the presentation. This model is connected to a spin model through
a Jordan-Wigner transformation (see Sect. 2.2).

The Hamiltonian of free and spinless lattice fermions contains only a kinetic
energy (see Fig. 2) and reads

L
H = —tZ(cfcf_H — C;C;_I) , 30)
=1

empty .occupied
t A
—_—— ——e— — — — -
1 2 3 L 1

Fig. 2 A lattice model of spinless fermions. Each lattice site can be occupied by at most one
fermion. Particles can move to the left or to the right with # = 1 amplitude. We impose the periodic
boundary conditions
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where operators c]-jE obey the fermionic algebra

{cFeit=68c. {c.¢ft=0. (31)

We assume the periodic boundary conditions: c,j\,E = c]jE andsett = 1.
The Hamiltonian (30) is invariant under translations. To expose this symmetry
let us write the permutation operator in terms of the fermionic operators

Py=1—(F —cH —¢) e

Exercise 1.1 Verify that ﬂ’ijc;' = ci‘|r &, and that #;P; = 1. Recall that the shift
operator is

U= PPy PrL -
and show that chjE = c]ﬁlU. Finally show that UHU' = H which proves the

translational invariance of the Hamiltonian.

We will transform the Hamiltonian to the Fourier (momentum) space to take
advantage of the translational invariance. Because the system is noninteracting this
will be enough to actually diagonalize the Hamiltonian.

As a prototype of the Fourier transform we could define

L
D (33)

J=1
where A is so far just a real number. The constraints on A come from the periodic
boundary condition and the discrete space (lattice).

Exercise 1.2 Show that the periodic boundary condition restricts value of A to A =
27 /L x I where I (a quantum number) is an integer. Show that the lattice causes the
A and A + 27 to be equivalent thus imposing a further constraint on the quantum
numbers to belong to a finite set BZ = {0, ..., L — 1} (Brillouin zone).

The inverse Fourier transform is then given by
1 "
+ _ _ Fijr
G =7 Z e ey, (34)
AeBZ

with the summation extending over the Brillouin zone. The anticommutation
relations of the new operators are

{cf. et =18, {cf.ciy=0. (35)
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Exercise 1.3 Diagonalize the Hamiltonian (30) by writing it in the momentum
space.

In the momentum space we find
H= E cos A =c,C 36
- ~ nyCosA, ny FEZEE (36)

The Hamiltonian commutes with the particle number operator

L
n:ch C;:%an- (37
j=1 A

and thus the Hilbert space is a tensor product of Hilbert spaces with a fixed number
of particles n: # = ®L_ #,. The maximal number of particles is L because at most
one fermion can occupy a single lattice site.

Exercise 1.4 Derive commutation relations between n,, n and cf. There is a useful
identity

[AB,C] = A{B,C} —{A,C}B = A[B,C] + [A, C]B . (38)

The operators cit provide maps between Hilbert spaces with different number of
particles

cf:]fn—>=7€n+1, n=0,...,L—1; iy = Hyoy, n=1,..., L.

The subspace H is spanned by a single state, the vacuum |0) € K, characterized
by

10y =0. 39)
We take the vacuum to be normalized: (0|0) = 1. A generic eigenstate with n
particles can be written as
A ) = e, |0) = [T 10) (40)
j=1

where we agree that the product is developed from the left to the right. A choice of a
convention is necessary because of the anticommutation relation of the fermionic
operators. Due to the Fermi statistics (cz')2 = 0 and therefore all A;s (and
consequently quantum numbers /;) must be distinct. This is the Pauli principle. The
action of the Hamiltonian gives the eigenenergies

2 n
HAL ... A = —chos(x,-) AL, A, 41

J=1
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Exercise 1.5 Find quantum numbers of the ground state of the Hamiltonian with,
for example, n = 5 particles.

An important characteristic of an eigenstate is its momentum. To this end
let us first consider relations between action of the shift operator and the cre-
ation/annihilation operators.

Exercise 1.6 Show that: chc = e:Fi"ciIE U. Observe that vacuum is invariant under
U, that is U|0) =|0) and compute action of U on eigenstates |41, ..., Ay).

Defining the momentum operator P through U = e~ we find that

N
Phy.....an) = [ DA +mod 27 | |Ar1..... An) . (42)

J=1

As a final step we will find local conserved charges. Note that because 7
commutes with the Hamiltonian any operator of the form

0= mfd). 43)

AeBZ

is a conserved charge. Among all operators of this form we want to find these that
are local in the real space. Motivated by the form of the Hamiltonian we define

of = —% Z n) cos(nl), 0, = —% Z ny sin(nd) . (44)

AEBZ AEBZ

Exercise 1.7 Compute the expressions for the conserved charges in the real space.

In the real space we find that indeed these are local charges.

L

L
OF == (G —qeh) . Or=-1) (e +get). 49
j=1

J=1

Note that the charges are complete, knowledge of their expectation values uniquely
identifies an eigenstate. We can characterize each eigenstate by either specifying the
Fourier modes occupation numbers 7, or by expectation values of these conserved
charges.

To conclude let us list what we have done. We diagonalized the free fermions
Hamiltonian, we found its spectrum and described local conserved charges. Thus
this model is a prototype of a quantum integrable model. The key element in its
diagonalization was a relation between the physical operators cjjE and operators cf
in terms of which the Hamiltonian is diagonal. For a noninteracting model like the
one at hand this relation is simply the Fourier transform and cf follows the same
commutation relations as the physical operators. For interacting integrable models
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things are more complicated. As we shall see, the algebra of operators diagonalizing
the Hamiltonian is more complicated. Furthermore, the transformation between
them and physical operators is not any longer a Fourier transform but a more
complicated “Quantum Inverse Scattering” transform.

1.5 Literature

A standard introduction to quantum mechanics is Dirac’s evergreen The Principles
of Quantum Mechanics [6]. For a notion of classical integrability (not discussed
here) check Mathematical Methods of Classical Mechanics by Arnold [1]. For a
concise discussion of quantum integrability and difficulties with its definition see
the article by Caux and Mossel [3]. A standard book on the many body physics
and condensed matter in one dimension is Quantum Physics in One Dimension by
Giamarchi [12].
Zooming into the world of integrable models a list of books includes

* Gaudin, The Bethe Wavefunction [11]. A classical book summarizing the early
times of the integrable quantum models in a single uniform treatment. Available
in English only since 2014.

» Baxter, Exactly Solved Models in Statistical Mechanics [2]. A classic of integra-
bility in the classical statistical models.

* Sutherland, Beautiful Models [20]. A very inviting and pleasing journey through
the world of integrability. Highly recommended.

e Korepin et al., Quantum Inverse Scattering Method and Correlation Func-
tions [14]. As the title suggests, the book is focused on cracking the problem of
computing correlation functions of integrable models. It contains a very detailed
introduction to some quantum integrable models and to quantum integrability in
general.

e Takahashi, Thermodynamic of One-Dimensional Soluble Models [22]. A
throughout discussion on thermodynamics of the spin chains. Early version
of the book is available online [21].

e Essler et al., The One-Dimensional Hubbard Model [8]. A complete treatment of
the 1D Hubbard model (a model of spinfull interacting fermions) from the Bethe
Ansatz point of view.

There are a lot of lecture notes on quantum integrability that are available online.
Here we name few of our favorites

* Nepomechie, A Spin Chain Primer [18]. A very short and focused introduction
to the Algebraic Bethe Ansatz of the XXX model.

* Fadeev, How Algebraic Bethe Ansatz works for integrable model [9]. The title is
self explanatory.

* Franchini, An introduction to integrable techniques for one-dimensional quantum
systems [10]. The complete lectures notes on the Bethe Ansatz applied to spin
chains and Lieb-Liniger model (a gas of bosonic particles).



402 M. Panfil

* Doikou et al., Introduction to Quantum Integrability [7]. The most mathematical
(in this list) introduction to the quantum integrability with a lot of focus on
highlighting the algebraic structures behind the quantum spin chains (like XXX
and XXZ).

» Deguchi, Introduction to solvable lattice models in statistical and mathematical
physics [4]. A throughout discussion of the integrability in the context of classical
statistical physics (the 6-vertex model and alike). Connections with quantum spin
chains (XXZ) and quantum groups are elucidated.

2 The XXX Model

In this section we introduce the XXX model. This model is also known as
the Heisenberg model. It is a model of magnetism: it describes spins (magnetic
moments) placed regularly along a 1d chain and interacting with nearest neighbors.
The interaction depends on the relative orientation of the neighboring spins. We
place the chain in an external magnetic field which we choose to be in the z direction.
We consider the spin 1/2 case. The Hamiltonian is

L
Hxxx = Z(JSJ' *Sj+1 + hsf)

j=1
L L
=72 (55 55 T i) HhY s (46)
j=1

j=1

We assume periodic boundary conditions: sy, = s{ with @ = x,y,z. The spin
operators on a single site obey the su(2) algebra

4 y 4 4 o y
(.51 = s Il =is 15 = @)
and commute with spin operators of other sites
[s;?‘,sf]zo, j#kanda,B =xy.z. (48)

The local Hilbert space is a two-dimensional complex vector space. An element of

it we write as
a
ja) = (a') : (49)
270

The spin operators are represented by 2 x 2 unitary matrices

101 10— . 1(10
37_5(10)’ 57;_5(10)’ S-f_z(O—l)' G0
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There is a fourth linearly independent from s matrix, the identity matrix. Any
operator on a single site can be written as a certain linear combination of these 4
matrices. Any operator acting on a whole chain can be written as a tensor product
of local operators.

As a basis of a local Hilbert space we choose the eigenvectors of the s° operators

and denote them
1 0
m=(g). w=(7)- 61)

The last part of the Hamiltonian, describing interaction with the external
magnetic field is very simple because the operator

S=2.5- (52)

commutes with the Hamiltonian. Therefore adding the magnetic field simply shifts
the energies of the eigenstates leaving the eigenstates intact. While discussing the
diagonalization of the XXX model we set & = 0.

Exercise 2.1 Consider an anisotropic generalization of the XXX model, the so
called XYZ model

L

Hxyz = Z(JXS;S;H + Iy T ISisi) - (53)

J J
j=1

Find the condition (on J,, J,, J;) under which the total z-spin operator S, commutes
with this Hamiltonian.

2.1 Spin Lowering and Raising Operators

For a better understanding of the XXX model it is convenient to introduce the spin
lowering s;” and raising sjf" operators. Observe the following relations

01 01
(Oo)mzo, (Oo)mzm. (54)

These matrices define the spin raising operator s;'. Similarly we can define a spin
lowering operator s;".
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Exerc1se 2.2 Find the matrix representation of the s;” operators. Find the expression

for s s;- in terms of the original 57" operators. Write the XXX Hamiltonian using these
new operators

The spin lowering operators are given by
=y + is; . (55)

Expressing the Hamiltonian in terms of the new operators we find

Hyxx = JZ (57 s + 57 5% ) + szii) + hS7 . (56)
kinetic interaction

The first two terms describe now a process of exchanging spin at neighboring sites.
If we think about a spin up as a particle and a spin down as a hole (absence of
a particle), then the first term describes hopping of this particle. The second term
describes interaction of the neighboring spins (or particles and holes).

The Hamiltonian commutes with the total z-spin operator S, so the Hilbert space
factorizes in product of Hilbert spaces, each with fixed value of the magnetization
S.. For a spin 1/2 chain of length L the possible values of S, are

S,=—L/2,—(L—1)/2,...,(L—1)/2,L/2. (57)

The two fully polarized states

mMm=Me&---a"). =& Qlver]), (58)
L times L times

with S, = +L/2, are eigenstates of Hxxx with eigenvalues L(J/4 £ h/2).

2.2 Lattice Fermions and Spin Chains

A distinctive feature of the 1d physics is transmutability of bosonic and fermionic
particles and spins. This short section introduces the Jordan—Wigner transformation
that relates fermionic degrees of freedom to spins.

Recall that spinless fermions obey the following anticommutation relations

¢y =8k {c .y =0. (59)

whereas the spin 1/2 operators sjjE

obey

s sj commute on different sites and on a single site

[s7.s7] =255, [s5.557] = 5" (60)

i
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and additionally
{sh.s7y=1. (61)
Therefore the spins on a single lattice behave like fermions, but they commute,

instead of anticommuting on different lattice sites. This can be fixed by introducing
a Jordan-Wigner string

. _ . _ . 1
sf = cj+ exp(m an) s, = exp(—m an) ¢ . 8 =ni— 3 (62)

k<j k<j

Jordan—Wigner string

=t
where n; = ¢;"¢;".

Exercise 2.3 Show that operators sjjE and sj defined through the Jordan—Wigner
transformation obey the spin 1/2 commutation relations.

What model of fermions corresponds to the XXX spin chain?

Exercise 2.4 Using the Jordan-Wigner transformation write a model of spinless
fermions corresponding to the XXX spin chain. What spin model describes the free
fermions of Sect. 1.4?7

3 The Algebraic Bethe Ansatz

In this section we formulate the Algebraic Bethe Ansatz (ABA) for the XXX spin
chain. The central object of the ABA is a transfer matrix. The transfer matrix is
an operator acting in the Hilbert space of the XXX spin chain and containing the
XXX Hamiltonian. The ABA provides means of diagonalizing the transfer matrix.
The transfer matrix is also a generating function for a family of local operators
commuting with the XXX Hamiltonian thus showing the integrability of the XXX
model.

The transfer matrix is built of Lax operators which we now introduce. The
Hamiltonian is a sum over two-sites operators

L
— _ Yy z 2
Hyooo =7 ) Hyjer s Hijen = 5550 + /550 + 555540 - (63)
J=1
Using the matrix representation of the operators we observe that the two-site

Hamiltonian is closely related to the permutation operator. Recall that in our
notation

0102 = (0 ® 0)[17) (64)
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which gives

1 -1
ﬁsg:% 1l ’ ‘WF% 11 ’
! (12) -1 [12) 65)
1
% = % B 1
! [12]
and
Hypy = 3Pn—1ln (66)
where 1 is the 4 x 4 identity matrix and the permutation operator is
1
po=| | Petaep)=pel. (©7
1

[12]

Diagonalization of the two-site Hamiltonian is equivalent to finding the eigen-
states of the permutation operator. We find 2> = 4 eigenstates

met). Hel)., em+Imel): Neh-InNel). ©8)
Note that besides the two fully polarized states there are two states that are
superpositions of states in which some spins are up and some down.

The Lax operator, that we introduce in the next section, is a certain deformation
of the two-site Hamiltonian.

3.1 Transfer Matrix
Define the Lax operator Lo : hy ® h; — hy ® h; such that
i
Loj()t) = ()L — 5) Loj + 1Py . (69)

Note that Ly;(0) = 2iH;. The Lax operator acts in a tensor product of an auxiliary
space (hy) and the physical Hilbert space at the jth lattice site. The auxiliary space
is isomorphic with the single lattice site space and can be thought of as also
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Fig. 3 The Lax operator and Lo;(\) A
the monodromy matrix A
(YA B >
h;
To(N) A
(YRS B RSN N I S -
hy ha hr

representing a single spin 1/2 degree of freedom. We should think about the Lax
operator as a propagator of this auxiliary spin through a single lattice site. This
propagation depends on three factors: the spin of the lattice site, the value of the
virtual spin and the rapidity A of the virtual spin (see Fig.3). To enforce this
interpretation we can write the Lax operator as a matrix in the auxiliary space

A+ist 2isT
L) = ( 2ist A —jiS?) ' (70)
J J [0]

Taking product of the Lax operators we obtain a propagator (monodromy matrix)
of the virtual spin through the whole chain

To(A) = Lor(A) X -+- X Loa(A)Lo1 (A) . (71
The monodromy matrix depends on the spin and the rapidity of the virtual particle

and on the configuration of all spins of the chain. In the auxiliary space, the
monodromy matrix can be written as a matrix of operators

A(}) B()
To(A) = . 72
v (C(x) pm), 72
The matrix elements A, B, ..., are operators acting in the physical Hilbert space

J and parametrized by A. Their explicit form can be found by a repetitive
multiplication of Lax operators.
Trace of the monodromy matrix, called the transfer matrix,

t(A) = tro To(A) = A(X) + D(A) | (73)

describes a propagation of the virtual spin through the whole chain with the same
in and out spins. An eigenstate of the transfer matrix is a special configuration of
lattice spins through which the virtual spin propagates invisibly. We will now show
that the transfer matrix contains the momentum operator and the XXX Hamiltonian.
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Of importance is behavior of the transfer matrix around A = i/2. Observe that
Loi(i/2) = iPy; (74)
and thus

t(i/2) = trg To(i/2) = tro(Lor(i/2)Lor—1(1/2) - - Lo1(i/2)) 9)
=i tro(PorPoL-1 -+ Por) -
A product of the permutation operators can be reorganized, using the formula
PorPor—1 = Prr—1PoLs (76)

we find

t(i/2) = i* tro(Prr—1 P2+ Pr1Por)
(77)
=il P 1 Pri— P = EP12Prs . P = iU .

Therefore the transfer matrix at i/2 is just the shift operator. From the relation U =
e ' between the momentum operator P and the shift operator U we find

P =ilogi*tz(i/2). (78)

Exercise 3.1 Show first that

~

T'(i/2) =i Ze?l,z o Pt Prorn
Jj=1

Consider now the log derivative of (1) at A =1i/2
ad 0
—1 =7 ') — .
—logt(h) =7~ () 7=r(2)

Show that it contains the XXX Hamiltonian.

The relation between the transfer matrix and the XXX Hamiltonian is the
following

J(. 0 L
H= E(IB_AIOg T(A)a=ij2 — 5) , (79)

since

L

0 .
T log T(M)a=if2 = _lj=21 Pij+1 - (80)
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Taking higher log derivatives of the transfer matrix we get a family of local
charges enumerated by an integer n

n

Qn ~ IAn

log T(A)|r=i/2 - (81)

Exercise 3.2 Compute Q, and observe that this is a local operator. The computa-
tions are a bit long and we provide a partial result

L

L
G/ =2 ) PerwPi1i =2 Y Pert1 Pitk - (82)
k1 k=1

The ABA construction has just shown that the XXX Hamiltonian can be
generated from the transfer matrix. The next step is to find the eigenstates. The
XXX Hamiltonian commutes with the transfer matrix (we will see this in the next
section) and therefore we can look for the eigenstates of the transfer matrix itself.

3.2 Diagonalizing the Transfer Matrix

Recall that the monodromy matrix contains 4 operators, 2 of them (A and D) make
the transfer matrix. The remaining two could be used as a creation and annihilation
operators. To materialize this idea we need to know a single eigenstate of the
transfer matrix and we need commutation relations between the operators forming
the monodromy matrix. We know actually two eigenstates of the transfer matrix,
these are the fully polarized states |{}) and ||}) that we introduced earlier.

Exercise 3.3 Show that the states |{) and |{}) are indeed eigenstates of the transfer
matrix using its explicit construction as a trace of a monodromy matrix which in
turn is a product of local Lax operators. Find the eigenvalues.

For the “up” state we find

cm=[(r+1) + (r-1) Jm. (53)

We could now try to obtain other eigenstates using the B(A) operator. We make an
ansatz

M
it ) = [ B - (84)

j=1



410 M. Panfil

A A
ho ===-ae. s > T >
. = el
/ ’ RO NE
g > hy Deecfermemecas™ e -
Roor (A=) Roor(A = X)
h] h]
Fig. 4 The intertwining relation for the Lax operator
To check if |u1, ..., up) is an eigenstate of (1) we need commutation relations

between A, D and B. Because the monodromy matrix is made of the Lax operators
we consider first the commutation relation between matrix elements of the Lax
operator.

The Lax operator obeys the commutation relation (see Fig. 4)

Roy (A — A")Loj(A)Lyj(A") = Lyj(A")Loj(A)Roo (A — A7) , (85)

where R is a matrix

A+i a(A)
w- ]| e
A+i a(d)
The R-matrix and the Lax operator are related
Lay(A) = Rap(A —1/2) (87)
which implies that the R-matrix obeys the Yang—Baxter equation
Rap(A = A)Rac(MRpe (') = Rpe(A)Rac(MR12(A — 1) . (88)

Exercise 3.4 Verify that the R-matrix (86) indeed solves the Yang—Baxter equation.
Symbolic computation software is of great help in performing such task.

The commutation relation (85) implies an analogous relation for the monodromy
matrices (see Fig. 5)

Roo (& — AN To(M) Ty (A) = Ty (A)To(A)Roo (A — 1) . (89)

Exercise 3.5 Show that the commutation relation for the Lax operators implies the
corresponding relation for the monodromy matrices. Start with the L = 2 case.
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Fig. 5 The commutation relation for the monodromy matrix

Taking traces over the auxiliary spaces in (89) we find that the transfer matrices
with different rapidities commute

[z(}).7A)] =0. (90)

Recall that the transfer matrix contains the Hamiltonian, thus we found that there is
a one-parameter family of operators commuting with the XXX Hamiltonian.

[t(\).H] = 0. 1)

Expanding the transfer matrix v(A) as in (81), we find that Q,’s are local conserved
charges. Thus showing the integrability of the XXX model.

The R-matrix provides commutation relations between operators A, B, etc.
Deriving the relations is a straightforward computation using the intertwining
relation (89) and the R-matrix (86). As a result we find, among others, the following
relations

(B0, BOY] =0, o)
AMB() = HE(X’)A(A) — %B(/\)A(A/) , (93)
DB = ST BD0) - SE = TBADG) . o)

B2, €O = 5077 (DUIAG) — DRAG)) ©5)

Exercise 3.6 Verify these commutation relations. Again, with a software capable
of performing symbolic computations it is a straightforward task to do.

We can now get back to the ansatz for the eigenstate of the transfer matrix. We
proposed

M
lrs o) = [T B, (96)

j=1
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412
as an eigenstate. Acting with A(1) and D(1) we get results of the following structure

A(A)“‘(’l”/LM) M M

= A )l + Y ABG) [ Byt ©7)
a=1 b=1,j#a
D(A)“j“l”:uM) u o
= A ApDIpr o) + > ABw) ] Bt - 8)
a=1 b=1j#a

Exercise 3.7 Derive explicit expressions for As. The general pattern can be easily

guessed as from considering M = 2 and M = 3 cases
, [ty to be an eigenstate of T(A) we need A, + A, = 0 which yields

For |, ...

the following equations
99)

]_[ Ha — ’“’+1, a=1,....M.

(,ua ') b=1.b#a My —1

These are the celebrated Bethe equations (for the XXX spin chain). The eigenvalue
of the transfer matrix (A + A) is

T Aud) = AQ ) + AQ ()

FE a(pe—A) i\ 1 ah = )
+ (A== —— e
( 2) le(k—ua) (100)

:(“%)}]m
e

From the eigenvalue of the transfer matrix we can find the momenta and energies

A— g +1i

(A") ﬂ A= tha

of the states. Recall that
. L. J . d L
P =ilogi "t(i/2), H= B)L log t(A)|r= =2=5 ) (101)

We find
i/2
pAi/ (102)

M
Py= pita) - P(w) =ilog T— 7.
a=1
1
(103)

M
JL J
Ep =) e(ua) + . W =357
4

a=1
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Exercise 3.8 Show these equations.

We can eliminate the rapidity u to find a dispersion relation
€(p) =J(cosp—1). (104)
The magnetization in the z direction $° is

L

SZ|/,L1,.../,LM)=(E—M)“,L],...,,MM). (105)

Finally let us just state that the dual states are created with the C operators
M
(il = (M T (106)
j=1

and they are the Bethe states (eigenstates of the XXX Hamiltonian) if ;s obey the
same Bethe equations (99).

3.3 Bethe Equations and Their Solutions: Physics

The Bethe equations (99) can be rewritten in a logarithmic form using an identity

al 1_11 = exp[2iatan(1/x)] = exp[izr — 2iatan(x)] . 107)

This yields

M
exp(—2iL atan(2,ua)) = (-t lexp (—Ziz atan(p, — ,ub)) ,

bEa
a=1,....M (108)
and upon taking the logarithm we find
b4 1<
atan(2u,) = Zla + I ;atan(ua —up), a=1,....M, (109)

where quantum numbers /, defined through (—1)~5~! = exp(2x1;) are half-odd
integers (if L — M is even) or integers (if L — M is odd). Quantum numbers are
bounded and this can be seen from sending one rapidity to infinity. Then
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M
1 x aM-1)
li tan(2u,) — — t a— == —"". 110
Jim (a an(2jta) = b;a an(u Mh)) > o (110)
For the rapidities to be finite the quantum numbers should be bounded
L—-M+1
VAR ZTJF' (111)

We are interested in the structure of the ground state and excitations above it. The
situations are different for the ferromagnetic (/ < 0) and antiferromagnetic (J > 0)
cases. We start with the former.

3.3.1 Ferromagnetic Chain: Magnons

In the ferromagnetic sector the spins tend to align parallel to each other and in the
absence of the magnetic field the ground state is given by one of the fully polarized
states. The excitations are given by states with nonzero M. For large chains (L —
00) we can neglect the interacting part of the Bethe equations and get

atan(2j,) = %Ia +O/L). (112)

Therefore the excitations are (approximately) free particles with a spin 1 and
dispersion relation €p(p) = |J|(1 — cos p). We call them magnons.

Magnons can form bound states. Consider Bethe equations for M = 2 in the
product form

+3\* ~ i
(m i2) _ /xz+'1’ (113)
H1—3 M1 — M2 —1

+ \* - i
(Mz 12) _ ,M1+.1. (114)
M2 — 5 M2 — M1 —1

We can allow the rapidities j, to be complex under a condition that the momentum
p(ia) + p(up) is real. This turns into a constraint

+ 3\ 2+ 3\
(‘“ f) (“2 f) =1. (115)
Hi—3 M2 =3
If the imaginary part of 1| is nonzero then the LHS of the Bethe equations behaves
exponentially in L. For the Bethe equations to hold in the limit L — oo we need that

M1 — o = i (116)
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Because the Bethe equations are symmetric we can postulate that

i i

= , = E—— 117
M1 = 12+ 70 M= g (117)
with a real u1/;. The momentum and energy of this state are
. . . iy +1i
P =p(pij2 +1/2) + p(p12 —i/2) = —ilog ———, (118)
M1/2 —1
E=¢e(j2+i/2) +e(pip—i/2) = [J|—57——. (119)
M+ 1
Eliminating the rapidity i/, we find the dispersion relation
_ Ml
€12(p) = 7(1 —cosp) . (120)

This state is interpreted as a stable bound state because it has a lower energy than
the sum of two free magnons

61/2(]7) < E()(p _pl) —+ G(pl) . (121)

There exist also bound states of more than two magnons, forming a regular (for
L — o0) pattern in the complex plane

Ama = Amo +ia/2, a=—-m,...,m. (122)

with m half integers. In general, these are called string solutions to the Bethe
equations. The whole Hilbert space is thus spanned (for large L) by magnons and
their bound states.

3.3.2 Antiferromagnet: Spinons

We consider now the antiferromagnetic regime. As we switch the sign of J a
fundamental thing happens. The reference state is not anymore a ground state. If
the magnetic field is zero then the ground state of an antiferromagnet should have
S§¢ = L/2 — M = 0 which sets 2M = L. Therefore the number of rapidities is of
the same order as the number of lattice sites. The ground states is now the state with
M = L/2 and with the minimal energy. The Bethe equations (109) are

M
1
atan(2u,) = %Id + 2 Zatan(ua —Up), a=1,....M, (123)
b=1
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Fig. 6 We consider a chain

of N = 20 lattice sites at the ground state ‘I_m—';
zero external magnetic field. I I.
Quantum numbers for the

ground state and a 2-spinon .
excited state are depicted 2-spinon state

We now assume that the ground state is formed by finite and real rapidities (recall
that in the ferromagnetic sector bound states had lower energy, thus now they have
higher). It can also be shown that the quantum numbers should be all distinct.
According to (110) the quantum numbers are limited by

M+1

1| <150 = o (124)
and the ground state quantum numbers occupy the whole allowed interval (see

Fig. 6). Explicitly we can write them as

Ifsza—MTH, a=1,....M. (125)
In a nonzero magnetic field there is a bit of space between Ij; and I, and excited
states can be created by choosing a different set of quantum numbers. In the zero
magnetic case the way to create an excited state is to either send some rapidities to
infinity, delete some rapidities or to consider complex solutions. We will consider
deleting some rapidities. Thus let us delete one B operator and consider a state with
M — 1. The quantum numbers are now bounded by (we have M = L/2 — 1)

L-M+1 M neo 1
= = — 1=171"" - . ]26
3 2+ 5 +2 (126)

Ioo

So the bounds on the quantum numbers extend giving one extra space. We have
also one less quantum number to occupy thus in total there are two holes that
characterize an excited state. The positions of holes can be chosen freely (in the
allowed range). Because we erased one B operator the spin of this state is 1. However
we should interpret it as an excited state having two excitations, spinons, of spin %
We associate a spinon with a choice of a position of a hole. The dispersion relation
of a spinon is given by (for a derivation we refer for example to [10])

€p(p) = %|Sil’1p| , —m<p<o0. (127)

If we were to consider all possible states we would find that their total number
is 2L as required by the dimension of the Hilbert space. This requires careful
analysis of possible configuration of quantum numbers in states with strings, infinite
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rapidities and holes. In the end we would find that the elementary excitation is a
spinon which appears always in pairs (for even number of lattice sites).

We will not discuss the structure of the Bethe states any further, let us note
however that understanding it is crucial for computing the correlation functions.

4 Other Spin Chains

The aim of this section is to provide a quick reference of the quantum integrable
models. We focus exclusively on the lattice models.

e The XX model

N N
Hxx = Jx Z / Sj+1 T ysjy'+1)+hzsj’
=1 j=1

The XX model is equivalent to the free fermions model. See Sect. 2.2.
* The Ising model (in the transverse field)

N
Hising = Jx Z Si854+1 (hzéf) ’

The Ising model is also equivalent to a free fermionic theory, but of Majorana
fermions. Can be solved exactly and correlation functions can be also computed.
e The XXX model

N N
Hxoxx = J. Z (5571 + 55521+ 550) + D55

this is a fully interacting spin chain. It can not be mapped to a free theory.

All these three models are a special case of the XXZ model

N N
Hxxz = Ji ) (5}5s1 + 55500 + Asisi) +h) s
=1 =1

The XXZ model corresponds to a deformation of the XXX (for which A = 1). This
deformation breaks the s1(2) symmetry of the XXX chain. However this breaking
is under control and the symmetry of the XXZ chain is a symmetry of the quantum
group (Uq(sl(Z)). In the next section we will discuss the XXZ model in a greater
detail.

The models that we described so far had spin % There are also integrable models
of higher spins. However, if we naively take the XXX model and choose the s = 1
representation such a model will not be integrable. The correct generalization is
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N

5= J 2
Hyy) = 1 Z(SJSHI = (si8+1) ) : (128)
=1

We will shed a light on why this model is integrable in the next section.

Another viable modification of the XXX model is to couple spins more than
one lattice site apart. Such couplings render the model, generally speaking, nonin-
tegrable.

5 Constructing an Integrable Model

Let us take one more look at the construction of the XXX model and try to generalize
it. The central object is the R-matrix solving the Yang—Baxter equation

Rab(ka - Ab)Rac(Au - AC)Rbc(lb - A'L)
= Rbc(kb - A’L’)RQC(A(I - Ac)Rab(/xa - Ab) . (129)

Assume that we have such a matrix at our disposal. Then we can define a Lax
operator

Loy(A) = Roi(A —i/2) . (130)

The shift of the argument of the R-matrix is here only for convenience, it leads to a
more symmetric Bethe equations. We also relabeled the vector spaces to emphasize
that the Lax operator acts in a tensor product of the auxiliary matrix and the local
Hilbert space. This also means that the local Hilbert space must be isomorphic to
the auxiliary space. Redefining the rapidities we find the intertwining relation for
the Lax operator

Roo' (A = A)Loj(MLoj(A) = Loj(A)Loj(A)Roor (A = ') . (131)
As earlier, we can define the monodromy matrix. In fact we can define a slightly

more general monodromy matrix by introducing anisotropies &; at each lattice sites
such that

To(A) =Lor(A —&1) ... Lop(A — &)L (A — &) . (132)

Such modification does not influence the main property of the monodromy matrix,
it is still intertwined with the same R-matrix

Roy (A — A)To(M) Ty (A) = Ty (A)To(A)Rooy (A — 1) . (133)
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However introduction of anisotropies breaks the translational symmetry and to
obtain a local Hamiltonian (like the XXX model) the anisotropies should be set to
zero. When discussing latter the quantum inverse scattering method the anisotropies
turn out to be useful as an intermediate technical tool.

‘We can again read-off the commutation relations between matrix elements of the
monodromy matrix. Moreover, the transfer matrix t(1) = try 79o(A) commutes for
different values of the rapidity

[t(A), 7(w)] =0. (134)
If the R-matrix has the property that
Roo (0) = Poor (135)

we can look at the transfer matrix (A) around A = i/2 (remember the shift
in the definition of the Lax operator). This will lead to local operators. In fact
we immediately obtain that t(i/2) gives the shift operator. What we get as a
Hamiltonian, recall that

0
log T(A)[r=is2 » (136)

H~57

depends on the derivative of the R-matrix around A = 0.

This brings us to the problem of finding R-matrices obeying the Yang-Baxter
equation. This is generally achieved using the framework of Quantum Groups
which leads to universal R-matrices and their representation theory. We will not go
into the details, instead consider an example of the trigonometric R-matrix which
corresponds to the fundamental representation of the U, (sl(2)).

a(A)
b(A) c(A)
c(d) b(d)
a(d)

R() = (137)

This matrix has the same structure as the R-matrix (86) of the XXX model, only the
entries are trigonometric functions instead of polynomials

a(A) = sinh(A + n), b(A) = sinh(), ¢(A) = sinh(n) . (138)

Exercise 5.1 Show that the Hamiltonian resulting from the trigonometric R-matrix
is the XXZ Hamiltonian. Namely, you should find that after an appropriate rescaling
of the Hamiltonian the coupling constants are J, = J, = 1 and J, = cosh 7.

Diagonalizing the transfer matrix is also straightforward and follows the same
procedure as in the XXX case.
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Exercise 5.2 Write down the Bethe equations for the XXZ model and eigenvalues
of the transfer matrix.

Finally let us comment that finding higher spin integrable spin chains that
generalize XXX or XXZ requires finding the R-matrix of Uq(sl(2)) in a higher
representation. This problem is addressed by the representation theory of quantum
groups. Following this procedure gives the spin-1 model reported in (128).

6 Thermodynamics

As noted earlier, despite diagonalizing the XXX model, inferring physical properties
is still challenging because they are obscured by the Bethe equations. For example,
even computing the energy of the ground state (for the antiferromagnetic case) is
not straightforward. A simplification occurs if we consider a thermodynamic limit,
that is a limit of a very long chain, L — oo. We will now derive an exact (in the
L — oo limit) expression for the ground state energy.

We consider the XXX spin chain in zero magnetic field. The ground state
quantum numbers are /9 = a — (L/4 + 1/2) witha = 1,...,L/2, and occupy
the whole allowed interval bounded by I, = L/4 + 1/2.

Let us define a density of quantum numbers and a density of rapidities

M
px) = %Zé(x—lj/L) , (139)

j=1
l M
pA) = FZI SA — fta) - (140)

This two functions are not independent but are related through the Bethe equations.
To this end we define a function

M
wx(A) = atan(24) — I% Zatan(z\ — Wup) = atan(21) — / du p(p) atan(A — ) .
b=1
(141)

From the definition, x(i,) = I,/L. From the properties of the Dirac §-function we
have

dx
P = p() 55 - (142)
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For the ground state the all the possible quantum numbers are occupied so p(x) = 1.
This gives an integral equation for p(A)

mp(A) = (143)

T
14+422  J_ oo " 1+ (-1
This integral equation can be solved through Fourier transform

Exercise 6.1 Find p(1) solving (143).

The ground state rapidity distribution for the XXX spin chain at zero magnetic
field is

p(h) = (144)

2cosh(mwd)
We can now compute two physical quantities. First, we can verify that magnetization

is zero by computing

s,/L = %—/ dAp(l) = 0. (145)

Second, we can compute the energy of the ground state

J [ N J
EGS/L=—§/ LW +5=—/n2+7. (146)

A

If the magnetic field is not zero, the quantum numbers of the ground state do
not occupy the whole accessible interval. Therefore, there is a maximal rapidity,
call it Ar and the density of rapidities is zero outside the interval [—-Ag, Af]. As the
magnetic field goes to zero, A approaches infinity and we go back to the previous,
zero magnetic field, situation. In general, the magnetization is now

[
s;/L= = —/ dA p(X) (147)
2 Joa,
while the energy is
J [ o) J
Ecs/L = —= da + - 148
GS/ 2 /;AF 22 I i 4 ( )

In general, to compute other thermodynamic quantities like partition function we
need to be able to study the thermodynamic limit of all the states in the Hilbert space,
not only of the ground state. The complexity of the problem increases tremendously
if we recall that the structure of the Hilbert space is complicated: states with infinite
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rapidities, string solutions, exceptional states. Nevertheless there is a solution and
we refer (for example) to Takahashii’s notes [21] and book [22] for details.

7 Correlation Functions

We have the eigenstates and we recognized the ground states. It is time now for the
correlation functions. Studying the correlation functions is a notoriously difficult
problem and we will only scratch its surface. Let us first identify required blocks.

For example, let us look at the correlation between the z-components of spins at
two lattice sites. Invariance under translations implies that the correlation function
depends only on the relative distance between the lattice sites. We have

S(D) = (gslsisiplgs) - (149)

Because we identified the eigenstates of the model we can write (and use) a
resolution of the identity

> la)lal =1. (150)

Summation means going over all possible quantum numbers enumerating the
eigenstates. Inserting the resolution of the identity between the operators in the
correlation function we get

S (D) =Y (gslsila){als;y,lgs) . (151)

a

which shows the role of form factors (matrix elements) (als;|b) as the building
blocks of the correlation functions. In this section we will study the form factors.
Note that

(als}|b) = "~ (a|s{ |b) . (152)

To compute the form factors we need three elements.

1. We need to take care that states are normalized

(ala) = m]‘[m)]"[m)m (153)

Jj=1 Jj=1

2. We need to know the action of spin operators like sj on the Bethe states

M
s8I =2 (154)

j=1
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Generally speaking on the right hand side we will have some expression
involving the B or C operators. This leads us to the third ingredient.

3. We need to know the scalar product between the Bethe state and an arbitrary state
(not an eigenstate)

M M
Sultud, 4D = M cun [ [BAIN) - (155)

J=1 J=1

Bethe state Ajarbitrary

After identifying the ingredients let us look at them in some detail.

7.1 Scalar Products

We start with the scalar products. Technically if we know the scalar product Sy, we
can always derive from it an expression for the norm. Therefore, the first ingredient
is contained in the third. The formula for the scalar product is in principle easy to
compute. We only need to commute all the C operators through all the B operators
and use that the reference state is annihilated by C.

Exercise 7.1 Derive the scalar product formula for M = 1 case using directly
the commutation relations between the B and C operators from (92). Note that if
both states are Bethe states than the scalar product vanishes unless the rapidities are
identical. If rapidities are the same we get a norm of the Bethe state.

Unfortunately for large M the complexity increases tremendously. This can be
handled efficiently in two ways. One is to derive a recursion relation connecting
a scalar product Sy, with a scalar product of Sy—;. This approach was developed
in [19]. Another option is to use the so-called F-basis which helps with solving the
permutative problem. The F-basis was introduced in [16] and further applied in the
our present context in [13]. We will introduce the F-basis in the next section while
describing the inverse scattering method. Regarding the scalar product let us just
cite the result.

i " i" dety ({u}, {4})
s ) = L A — — , 156
w2 <[~ 3) (- 3) QTR

j=1

where the M x M matrix H is

i Ay +i/2\F & M .
H“b:ua—kh((xh—i/z) g(“"_kb“)_g(ﬂk—lbﬂ) a5

For the proof of this formula we refer to the original papers that we mentioned
above.
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Exercise 7.2 Derive an expression for the norm of the Bethe state by taking a limit
Aj — Wj. An extra care is needed in computing the limit for the H,, elements of the
matrix.

7.2 The Inverse Scattering Problem

The inverse scattering transform is a transformation between the physical operators,
like local spin operators at lattice site j and the A,B,C,D operators of the
monodromy matrix that we use to describe the eigenstates. Such a transformation is
a generalization of the Fourier transform. Recall that in the case of the free fermions
the physical operators ¢ are related to the cjt operators that describe the eigenstates

J
through
1 -
+ § ijA £
Cj = Z e:FJ Cy - (158)
A

For the spin operators in the XXX model the relations are the following

]=fkmm+0@)m911fmw+0@» (159)
k=1 k=j+1
L
=41M@+M@W@IIM@H0@», (160)
k=1 k=j+1
L
=ﬂM@+M@M@)D@XHM@Hﬂ@D. (161)
k=1 k=j+1

First we can note that the operator A(&;) + D(&;) acts as translation operator through
the kth site. Because of the anisotropies the translation is not anymore a symmetry
unless we translate through the whole chain. Thus, we can expect that

L
[[(A&) + D) = (162)
k=1

This is supported by an observation that the fourth operator, linearly independent
from sjjE and sf, is the identity operator. We see that a linearly independent
combination of the A, B C, D operators from these appearing on the right-hand
side is A + D which then gives (162).
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We will sketch a derivation of the inverse scattering transform. Let us start with
the spin operators on the first lattice. This is the simplest case and the general
expression can be obtained from this particular one with the help of the F-basis.

To derive expressions between s¢ and transfer matrix operators we consider the
following object

tro (5 To;1...(A)) - (163)
Simply writing the transfer matrix and the spin operator as a 2 x 2 matrices we find
B(A), a=-—,

tro(s5 To,1...(A)) =  C(A), a =+, (164)
A(A)—D), o=z

These expressions hold for arbitrary A. Recall now that if we evaluate the transfer
matrix at A = &, then the kth Lax operator becomes the permutation operator. Thus
if we set A = &, we get

tro (5§ To:1..2.(61)) = tro(s§ Po1Lon (61 — &) -+ Lo (€1 — 1))
= tro(s§L12(51 — &) -+ L. (61 — £1)Poy) (165)
=siLi26 — &) L5 — &) .

The product of Lax operators is simple to compute

Exercise 7.3 Show that

Lio(61 — &) L6 — &) = A6 + D) .

Do not be intimidated by this equality, start with writing the right-hand side as a
trace of the transfer matrix.

We find

tro (5 To;1...(61)) = 5§ (AE) + D(&1)) . (166)

and for example for the s7” operator we find

L
ST = BE)(AE) +DE)) " =BE) [ (A& +DE) . (167)
k=2

in agreement with (159). The computation for an arbitrary position of the spin
operators are similar because we can effectively pretend that each lattice site is the
first one. There exists a basis, the F-basis, in which we are free to rearrange the
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lattice sites as we wish without changing the transfer matrix. Thus our strategy is
the following. We start with the expression of the form

tro(s5 To.1...(§)) - (168)

We change to the F-basis, we permute the lattice sites such that the jth lattice site
is the first one and then we go back to the original basis. The transformation to the
F-basis, the F-matrix, depends on the ordering of the lattice sites. We define the
transformation as

To1..(A) = Fi_ Ty t(WF (169)

and the premise is that T does not depend on the reordering of the lattice sites, that
is

Toun()n@y P Exqtys - - - Eny) = To LA €1, ... 6, meSL, (170)

where Sy is a group of permutations of L elements. Then we obtain

tro (55 To;1..£(8)) = Fy 1 Fj. 1 tro (5§ Tog1. j—1 (§)) Fj Fir - (171

The term in the middle is nothing else but (166) for the lattice labelled j, j 4+ 1, and
so on until j — 1. Therefore

tr()(SgT();;j+lA..j—l(§j)) = qu . (172)

To complete the derivation we need to compute the products of F-matrices and prove
that indeed in the F-basis the transfer matrix is independent of a permutation of the
lattice sites.

To this end we have to finally introduce properly the F-basis. The main
observation is that the R-matrix (equivalently the Lax operator) factorizes

R (A) = a(M)Fp, (=M Fap(2) . (173)
where
1 0 0 0 1 0 0 0
Far() = gc()k)}a(k) b(x)(/)a(x)g - gi/()kl—l—i) A/(/\0+i)8 SIS
0 0 0 1 0 0 0 1

and Fpq = PapFapPap.
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Exercise 7.4 Show that the factorization indeed holds.

Note that the F-matrix can be written as (we renormalize the R-matrix by dividing
by a(4))

Fap(M) = €'V 4+ 2Ry (A) = el "Ry (1) + €7 (175)
where e(]) is a matrix which in space a has only one nonzero element at position
&)

1
|1 R ,
a a 1
1
(176)
1
e’(}n) _ ’ 6222) _ 1
1
1
The R-matrix (after the normalization) is unitary
¥ -1
Rah(k) = Rba(_)t) = (Rab(k)) (r77)

Let us now extend the factorization property on products of R-matrices. Define
partial R-matrices

Rip t(A{E) =RiL(A—=8)Ri 1A —=&1)...Ri2(A—&), (178)
Ri 1A H{ED) =Rip61 — MRy (52— A) ... R (51— M) . (179)

Note that the first expression with A = £; is nothing else but a monodromy matrix
(&) = A(&)) + D(&). We define now partial F-matrices through a generalization
of (175)

Fio:{g) = &'V + PR, 1 {E)) (180)
Fi—1i(€) = "Ry 11 0(As (D) + €72 (181)

Just from the definition it follows that the partial F-matrices almost factorize also
the product of R-matrices

Fo ot ENR . L (A HE)) = Fra. 1 (A;{€)) . (182)



428 M. Panfil

Exercise 7.5 Show this relation.

We say almost because the partial F-matrices appearing in this formula are not
easily relatable to each other, as the ones in the original formula (173) for the single
R-matrix. To this end we define F-matrices (without the adjective partial) through
the following recursion relation

Fr.o({§) = Fa t(EHF12..61: 46D

(183)
=Fr—-1(EHF11—1(E: (D) .
To simplify the notation we will now skip the arguments of the F-matrices
Fio=F (&) =Fi &, ...6). (184)

From the definition of the F-matrices and property (182) of the partial F-matrices
we get

Fy.niRip.(§1) =Fr.r, (185)
or in other words

Ris (&) =Fy' FiL. (186)

This relation can be easily propagated to obtain
F;,l-_lFl...L =Ri—1;.j—2&-1) - Riz.§1) . (187)

On the other hand, recall that the product of the R-matrices evaluates at A = §; to

R;j j—18) = A) + D)) . (188)

Combining these results we get the sought after expression for the product of F-
matrices

Jj—1

Fh P =]](AG) + DE) - (189)

k=1

Using this expression in (171) we find the formulas for the inverse scattering
transform.

The complete the proof we still need to show that the transfer matrix in the
F-basis is independent of the permutation of the lattice sites. To simplify the
presentation we will just prove that the transfer matrix in the F-basis is invariant
under a shift by one lattice site. Iterating the procedure we obtain invariance under
an arbitrary shift and this is enough for our purposes. Invariance under the action of
the full symmetry group S, can also be proven and we refer to the original literature
for the details [16].
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What we need to show is the following equality
Fi1Tor Fy', = Fa1Too 1 F;y ', . (190)
Using the factorization (186) of the partial R-matrices we find
Ri2.LTor.L = Toa. 1Rip. L (191)

That the both sides are equal follows from the definition (178) of the partial R-
matrices, the definition of the transfer matrix, and the RLL relation between the
R-matrices and Lax operators. This completes the derivation of the inverse scattering
transform. A general approach to the inverse scattering transform for XXZ spin
chains can be found in [17] and [5].

Exercise 7.6 Show equality (191).

We are now in the position to write the form factors of local spin operators. For
example for the s;” operator we have

(LL],...,/LM_||S]~_M1,...,/XM) i1
= (w1, | J(AGG) + D) B(E)

k=1

L
x [ (A€ +DE) A1, Am) . (192)

k=j+1

If the left and right states are Bethe states then they are eigenstates of the transfer
matrix (A + D) and we know their eigenvalues. The remaining part can be computed
using the scalar product formula where the left side is the Bethe state but the right
state not because of the extra B operator.

To compute a correlation function knowing the form factors requires summation
over the eigenstates, as in (151) that we repeat here

Sk = Y (gslsila)(alsiy lgs) (193)
la)eFH

It is very difficult to handle such sum analytically however it is possible to evaluate
it numerically. A materialization of this idea is the ABACUS algorithm which
computes the correlation functions of various integrable models, in and out of
the equilibrium. It allows to match the theoretical predictions coming from the
Algebraic Bethe Ansatz with the real world experimental measurements (for an
example see [15]). This fulfills our initial aim of employing integrable models in
a study of many-body physics.
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numerical scheme, 271
regular, 271
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differential equation, 264
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differential-difference equations, 75
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special solutions, 23
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finite difference equation, 268
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grid velocity, 303
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free fermions, 400

H
H{ equation
algebraic entropy, 144
generalized symmetries, 140—142
(H5 equation, 102-104
Hamiltonian, 391, 396
free fermions, 397
Ising, 417
XX, 417
XXX, 402, 405, 408
XXZ, 417,419
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Hermite’s differential equation, 7
Hirota—Kimura—Yahagi equation, 82,93
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basic, 48
elliptic, 50

I
infinitesimal generator, 273
prolongation, 275, 278, 280
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integrability, 76
classical mechanics, 76
Lax pair, 77
with algebraic entropy, 80
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Jordan—Wigner transformation, 404
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Korteweg—de Vries equation, 262, 263, 267,
310
discrete
generalized symmetries, 121-122
symmetry reduction, 125-126
Lagrangian form, 268
semidiscrete, 122

L
Laurent phenomenon, 334
Lax matrix, 254
Lax operator, 405,418
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Lie matrix, 293
Lie symmetries, 104
Lie-Backlund symmetries, 105
Liouville

theorem, 76
Liouville equation

discrete, 144, 145
local conserved charges, 396, 400, 411
log-canonical basis, 344
logistic map, 78, 79

solvable, 77

M
magnons, 414
Markov
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cluster algebra, 344
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master symmetries, 127
for quad equations, 133
for Volterra-like equations, 127-129,
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maximal Dyck path, 341
mesh density function, 312,316
monodromy matrix, 407,418
Moutard equation, 162-163
movable singularity, 3
moving frame, 263, 287, 290, 291, 304, 306,
308,317
multidimensional consistency, 196

N

normalization equations, 288, 291, 295, 306,
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P

Padé approximant, 89-90
Painlevé equation, 2
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Py, 4
P, 3,(1‘)1, 8,12
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Py . 4,8,12
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P} 4,8, 12
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special solutions, 18
symmetric form, 14
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Painlevé I equation
discrete, 114
algebraic entropy, 143

Painlevé property, 3
Painlevé transcendents, 5
partial moving frame, 295, 296
pentagram map, 350
Pliicker

coordinate, 327
pochhammer symbol, 44
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algebra, 344
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manifold, 345
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Q
Qv equation, 98-101
generalized symmetries, 145
nonautonomous, 102, 144
g-difference equation, 66
Askey—Wilson, 70
g-difference operator, 61
g-pochhammer symbol, 48
quad equations, 76
generalized symmetries, see generalized
symmetries,for quad equations
initial conditions, 83—-84
master symmetries, see master symmetries,
for quad equations
principal diagonals, 84
with two-periodic coefficients, 136137
quiver, 347

R
R-matrix, 410,418,419

partial, 427
recursion operators, 107
reduced word, 330
relative invariant, 292
replacement principle, 289, 292
Riccati equation, 7
Rodriguez formula, 72
root system, 4

S
Schwarz’ equation, 263, 277
seed, 332
mutation, 332
coprime —, 343
shift operator, 396, 398, 408
singularity confinement, 87, 143, 196
skew-symmetrizable matrix, 334
solvability, 77
space of initial conditions, 4
special solutions of the Painlevé equations, 5
higher solutions, 9, 10
hypergeometric solution, 5,7, 10
rational solution, 5, 9
seed solutions, 10
spinons, 416
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symmetry group, 273
differential equation, 274
finite difference equation, 279
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KdV equation, 303,310
Schwarz’ equation, 299, 307, 309
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Toda equations, 144, 145
total positivity criterion, 329
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transfer matrix, 407, 419
transformation group, 272
effective on subsets, 289
free, 288
global isotropy subgroup of a subset, 289
isotropy subgroup of a subset, 289
locally effective on subsets, 289
locally free, 288
product action, 279
prolonged action, 274
regular, 288
triangulation, 328

U
ultradiscrete equation
KdV, 28
Painlevé, 31
degeneration diagram, 33
special solution, 35
ultradiscretization, 26
sign variable, 36
upper bound algebra, 343
upper cluster algebra, 342

v
Volterra equation, 113
generalized symmetries, 113, 144
master symmetries, 129-131
modified, 110
generalized symmetries, 110-113
master symmetries, 145
nonautonomous, 144
master symmetry, 145
symmetry reduction, 113-114
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