Springer Proceedings in Mathematics & Statistics

Aref Jeribi
Mohamed Ali Hommami
Afif Masmoudi Editors

| Applied
Mathematics
in Tunisia

International Conference on Advances
in Applied Mathematics (ICAAM),
Hammamet, Tunisia, December 2013

@ Springer



Springer Proceedings in Mathematics & Statistics

Volume 131

More information about this series at http://www.springer.com/series/10533


http://www.springer.com/series/10533

Springer Proceedings in Mathematics & Statistics

This book series features volumes composed of select contributions from workshops
and conferences in all areas of current research in mathematics and statistics,
including OR and optimization. In addition to an overall evaluation of the interest,
scientific quality, and timeliness of each proposal at the hands of the publisher,
individual contributions are all refereed to the high quality standards of leading
journals in the field. Thus, this series provides the research community with
well-edited, authoritative reports on developments in the most exciting areas of
mathematical and statistical research today.




Aref Jeribi * Mohamed Ali Hammami
Afif Masmoudi

Editors

Applied Mathematics
in Tunisia
International Conference on Advances in

Applied Mathematics (ICAAM), Hammamet,
Tunisia, December 2013

@ Springer



Editors

Aref Jeribi Mohamed Ali Hammami
Department of Mathematics Department of Mathematics
University of Sfax University of Sfax

Sfax, Tunisia Sfax, Tunisia

Afif Masmoudi

Department of Mathematics
University of Sfax
Sfax, Tunisia

ISSN 2194-1009 ISSN 2194-1017 (electronic)
Springer Proceedings in Mathematics & Statistics
ISBN 978-3-319-18040-3 ISBN 978-3-319-18041-0 (eBook)

DOI 10.1007/978-3-319-18041-0
Library of Congress Control Number: 2015947258

Mathematics Subject Classification (2010): 01A10; 34K05; 34K20; 34K25; 34K28; 34K35; 34K50;
34L.05; 34L10; 34L30; 35A01; 35P05; 41A15; 47-00; 60E07; 60G07; 62E20; 62F86; 62H12; 47H10;
54C15; 54C20; 54C55; 55M15; 47A10; 47A53; 47A11; 47ASS

Springer Cham Heidelberg New York Dordrecht London

© Springer International Publishing Switzerland 2015

This work is subject to copyright. All rights are reserved by the Publisher, whether the whole or part of
the material is concerned, specifically the rights of translation, reprinting, reuse of illustrations, recitation,
broadcasting, reproduction on microfilms or in any other physical way, and transmission or information
storage and retrieval, electronic adaptation, computer software, or by similar or dissimilar methodology
now known or hereafter developed.

The use of general descriptive names, registered names, trademarks, service marks, etc. in this publication
does not imply, even in the absence of a specific statement, that such names are exempt from the relevant
protective laws and regulations and therefore free for general use.

The publisher, the authors and the editors are safe to assume that the advice and information in this book
are believed to be true and accurate at the date of publication. Neither the publisher nor the authors or
the editors give a warranty, express or implied, with respect to the material contained herein or for any
errors or omissions that may have been made.

Printed on acid-free paper

Springer International Publishing AG Switzerland is part of Springer Science+Business Media (www.
springer.com)


www.springer.com
www.springer.com

Preface

The ICAAM (International Conference on Advances in Applied Mathematics)
provides an international forum for scientists and researchers and is aimed at
highlighting some of the major theoretical advances in mathematics and their
applications that are promising issues in widely different areas of science and
technology. Themes of the ICAAM 2013 focused on: spectral theory, operator
theory, optimization, numerical analysis, partial differential equations, ordinary
differential equations, control theory, dynamical systems, nonlinear systems and
matrices, probability, and statistics.

This volume contains a collection of scientific papers presented at ICAAM,
which was held in Hammamet, Tunisia, 16—19 December 2013.

The conference is supported by several institutions, including the following:

* Tunisian Association of Applied Mathematics and Industry (ATMAI)
¢ Mediterranean Institute for the Mathematical Sciences (MIMS)

* University of Sfax

* Faculty of Sciences of Sfax (FSS)

* Tunisia Polytechnic School

* National Engineering School of Tunis

Program Committee

Azgal Abichou, Tunisia

Pietro Aiena, Italy

Amel Ben Abda, Tunisia
Mohamed Ben Ayed, Tunisia
Yacine Chitour, France
Jean-Michel Coron, France
Mohamed Ali Hammami, Tunisia
Mohamed Ali Jendoubi, Tunisia
Aref Jeribi, Tunisia

Fuad Kittaneh, Jordan

Afif Masmoudi, Tunisia



vi

Maher Mnif, Tunisia
Zuhair Nashed, USA
Ali Wehbe, Libanon

Organizing Committee

Azgal Abichou, Univ of Carthage
Hammadi Baklouti, Univ of Sfax

Amel Ben Abda, Univ of El Manar
Mohamed Ben Ayed, Univ of Sfax
Mongi Ben Hamadou, Univ of Sfax
Hanen Ben Hassen, Univ of Sfax
Mohamed Amine Ghorbel, Univ of Sfax
Mohamed Ali Hammami, Univ of Sfax
Mohamed Ali Jendoubi, Univ of Carthage
Aref Jeribi, Univ of Sfax

Emna Kallel, Univ of Sfax

Mourid Marrakchi, Univ of Sfax

Afif Masmoudi, Univ of Sfax

Maher Mnif, Univ of Sfax

Nedra Moalla, Univ of Sfax

Ali Wehbe, Univ of Beirut

Preface



Acknowledgements

The ICAAM is an international applied mathematics conference held in Tunisia.
Several academic institutions contributed to the organization of the ICAAM 2013
and they are acknowledged in the preamble of this book. Further, we are grateful to
all members of the Program and Organizing committees for their active help, and
we address special thanks to Dr. Hanen Ben Hassen for her valuable participation in
the elaboration of this book. We also thank all participants for their contributions to
the success of the conference.

Sfax, Tunisia Aref Jeribi

Mohamed Ali Hammami
Afif Masmoudi

vii






Contents

Polaroid operators and Weyl type theorems .................................. 1
Pietro Aiena

T INtrodUCION . ..ottt

2 Definitions and preliminary results ................cooiiiiiiiiii.

4 Weyl type theOTeIMS ..ottt eeeenns 1

1
2
3 Examples of polaroid Operators. . ..............uuuuuuuuuniiinnnns 7
3
8

REOIENCES ..o e 1

On non self-adjoint spectral problems occurring

in superconductivity .......... ... 21
Bernard Helffer
1 The Ginzburg-Landau model for superconductivity .................cuuunn. 21
1.1  The Ginzburg-Landau functional.........................oeeiiiennn. 21
1.2 Minimizers and Ginzburg-Landau equations .......................... 23
1.3 Basic properties for solutions of the Ginzburg-Landau
T8 L1510 1T 23
1.4 The Giorgi-Phillips Theorem for minimizers.......................... 24
2 Time-Dependent Ginzburg Landau I: models......................ooooeeet. 26
2.1 The model in superconductivity ...........coovvivviiiieeeennineennnnn.. 26
2.2 From Ginzburg-Landau to TDGL ..., 27
2.3 Special situation: ¢ affine....................oo 28
2.4 The results by Almog-Helffer-Pan [3] ........................oolll. 30
2.5 A simplified model : no magnetic field .....................L. 30
2.6 Pseudo-spectra and SEMi-grOUPS ..ovvvvreererrerreeeeeeeeeeeeeeennennn. 32
2.7 The complex Airy operator in R™ ......................c 33
2.8 Higher dimension problems relative to Airy ............cc.ooeveee... 35
3 Time-Dependent Ginzburg-Landau equation II: general case............... 36
3.1 Boundary conditions ... .............eueeieieiiiiiiiiiiiiiiia 37
3.2 Stationary normal SOIUtIONS ........uuueuenniiiiiiiiiiiiiiiiiaa 40
3.3 The question of Stability .........cooiiiiiiiiiiiiiiiiiiiiiiiiiiia 41
3.4 A non self-adjoint OPerator ...........cooviiiiiiiiiiiiiiiiiiinnn. 42

ix



X Contents

3.5 Large domains $28 «.ooovnnnnniiteiii e 43
3.6 The Giorgi-Phillips type theorem for stationary solutions ............ 47
RETEICINCES ...ttt 50
Fixed Point Theory for 1-Set Contractions: a Survey........................ 53
Smail Djebali
1T INEOAUCHION . . e 53
2 NOonexpansive MAaPPINES ... ..eeeennnnutteeetmnntiteeeeeaeeeeennieeeens 55
P2 B €51 1S 1 11 [ 55
2.2 Structure of domain .........oovviiiiiiiii e 58
2.3 Geometry Of SPACE «.vvviiiiiii it e 61
W e 11 B (o] 1] 62
2.5 Demi-closedness and closedness of the range ......................... 63
2.6 Back to approximation methods...................oeeiiiiieee.. . 64
2.7 Nonlinear alternatives ......ovverrerrereeeteteteeeeeeeeeeeeeeeeeeeeeannn. 66
2.8 Boundary conditions ..........ooviiiiiiiiiiiiiiii e 67
I B aeTe) 11 et e (o) s 75
3.1 Measure of noncompactness and related mappings ................... 75
3.2 First results with boundary conditions ...............ccooviiiiiinnnnnn. 76
3.3 HiStOTICAl TEVIEW ...t 78
3.4 Recent development. ... ..oovveeeeeiiiieiieiiiieieiieeeeeeaaaeaaaaaaanns 79
4 The Weak topology «.ovveeiii i e 84
O §3 13 40T L s o) e 84
4.2 The weak MINC ....iiiiiiiiiiiit e eeeees 86
4.3 Fixed point theoTemsS. .......vviiiiiiiiiiieeeees 87
S5 SUM Of OPETALOLS ...ttt e 89
5.1 Introduction ...oooeiiiiiiii i e 89
5.2 Recent CONrIDULIONS tovvverreeeeietieie ittt eeeeeeeeeeeeeeeennn, 90
6 APPLCALIONS ...ttt 94
T CONCIUSION .ottt e 95
RETEICINCES ...ttt 96
Spectral results on quantum waveguides ....................cooiiiiiiiiiin 101
Hatem Najar
I INErOAUCHION . . .ttt 101
2 The MOdEL ...t 102
2.1 The Hamiltonian ...t 103
2.2 Some Known factS.......oovviiiiiiiiiii 103
2.3 Preliminary: Cylindrical coordinates...............oooeeeeeviiinnne... 104
3 Results on diSCrete SPECIUM . .. ... uuuue e 105
3.1 One Neumann Window ...........c.coooiiiiiiiiiiiiiiiiiiiiiiiiinnn. 105
3.2 Two Neumann WindoWsS ... .........uuuuiiiiiiiiiiiiiiiiiinns 108
3.3 Effect of Aharonov-Bohm filed ... 109

R CIENCES ..o 116



Contents xi

Multi-field Modeling of Nonsmooth Problems of Continuum
Mechanics, Differential Mixed Variational Inequalities and

Their Stability ......... ..o 119
Joachim Gwinner
I IntroduCtion........oviieuiiii i 119
2 Multiple field modelling of a nonsmooth heat conduction problem ........ 121
3 Multiple field modelling of frictionless unilateral contact
problems in nonlinear elastiCity ............ccovviiiiiiiiiiiiiiiiiiieiinina. 124
4 Multiple field modelling in quasistatic elastoplasticity
and differential mixed variational inequalities ................ccooviiuiee.... 127
4.1 Primal formulation ... 127
4.2 A mixed formulation...............oooiiiiiiiiiiii 129
5 Differential mixed variational inequalities and their stability ............... 130

5.1 The general setting of differential mixed variational inequalities .... 130
5.2 Preliminaries; Mosco convergence of sets;

epiconvergence of fUNCtions ............cceevviiiiiiieiiiiiiieeennn. 133

5.3 The stability result ..........oouuiiiiiiiiiiiii e 134

6 Some concluding remarks: An outlook ..., 137

RETEICINCES ...ttt 137

Jy-statistical convergence of order « in topological groups................. 141
Ekrem Savas and Rahmet Savas Eren

1T INtrodUCHION . . oottt 141

2 Definitions and NOTAtIONS . ....eeevnuutttteteii et aeeees 142

3 Inclusion Theorems .........eeeeiiiiiit it 145

RETEIONCES ...ttt 147

Periodic Solutions of Cohen-Grossberg type model of Neural

Networks with Delay and Impulses ................................oll. 149
Zehour Nedjraoui Benbouziane and Nadira Boukli-Hacene

| 0113 oY L1 1o 1o ) s P 149
2 Notations and DefinitionsS ...........ooiieiiiiiiiiii i iiiiiaaaas 150
3 TheMain Result..... ..o it 151
Some Fixed Point Theorems

for Orbitally-(p, g)-Quasi-contraction Mappings............................. 153
Wajdi Chaker, Abdelaziz Ghribi, Aref Jeribi, and Bilel Krichen

| 013 yo T 1 Te7 1o ) s W 153
2 Preliminaries. ... .ooi ettt et 154
I\ 10T (S 11 L 155
G (S5 (S 1 1o 159

Third order rational ordinary differential equations with

integer indices of Fuchs............... .o i 161
Yassine Adjabi and Arezki Kessi
I Introduction........ooiii e 161

2 Corresponding simplified €qUations ..............c.oouuuuuuuuiuiununnnnnnnnnnn. 163



xii Contents

3 Corresponding reduced eqUAtiONS .........coviuuiiieeeiiiiiiieeeennnieeee.. 165
3.1 Leadingorder g = —1 .oouuuiiiiiiii i 165
32 Leading order ¢ = —2 ...uuiiiiiiiii e 173
33 Leadingorder g = —3 ...uiiiiiiiii e 174
3.4 Leading order g : negative integer (¢ < —4).......ccooviiiiiiiiin... 175
4 Corresponding full equations .............cceeiiiiiiiiiiiiiiiiiiii i, 177
4.1 Leadingorder g = —1 ...oooiiiiiiiiiiiiii 177
42 Leadingorder ¢ = —2 ....ooiiiiiii 180
4.3 Leadingorder g = —3 ....oiiiii 181
5  Conclusion and ProSPeCts ......eeeuuuueeeeetmiie et 183
RefEIenCes ....o.uuiii i 183

Existence of Weighted Pseudo Almost Periodic Solutions for

some Partial Differential Equations with Delay .............................. 185
Nadira Boukli-Hacene and Khalil Ezzinbi

1 INtrodUCION . .o onee ettt e 185
2 Weighted Pseudo Almost Periodic Functions.............cooovvvuuiinnnnnn. 187
3 Partial Functional Differential Equations ..............cccooiiiiiiiiinnnn.. 189
4 Weighted Pseudo Almost Periodic Solution ................................. 192
5 Nonlinear Partial Functional Differential Equation.......................... 197
6 BXAMIPIC. ..ttt 198
RETEICINCES ...ttt 201

Using B-splines functions and EM algorithm for Hidden

Markov Model-based Unsupervised Image Segmentation .................. 203
Atizez Hadrich, Mourad Zribi, and Afif Masmoudi

I INtroduCtion . ......eeeee e e 203
2 Nonparametric density estimation methods and B-splines functions. ...... 204
3 Hidden Markov model ...........oooiiiiiiiiii i 206
4 Parameters estimation using the EMMB algorithm ......................... 208
5 Performance COMPAriSON. . .........uuuuuue e 211
6 CONCIUSIONS ...ttt ettt et et 213
REfEIONCES ...ttt 213

Iris Localization Using Mixture of Gamma Distributions in the

Segmentation Process................oooiiiiiiiiiiiiiiii 215

Fatma Mallouli, Atef Masmoudi, Afif Masmoudi, and Mohamed Abid

I INErOAUCHION . ..ttt 215

2 Mixture of Gamma Distributions and EM Algorithm ....................... 216
2.1 Mixture of Gamma distributions ...................oiiiiiiieie.. . 216
2.2 Extended EM algorithm .................cooiii 217

3 Experimentations and Results .............ooooiiiiiiiiiiiiiiiiiiiiiiiiinn, 219
G 70 1 - 219
3.2 Segmentation method evaluation................oooviiiiiiiiiiinnn.. 219

E N €701 1] 11 15 10 s B 221

R CIENCES ..ot 222



Contents xiii

Gamma stopping and drifted stable processes..................ccoeiiiiinn 223
Mahdi Louati, Afif Masmoudi, and Farouk Mselmi
1 INtrodUCHON. ..ot 223
2 Preliminary .......eeeoeoi e 224
2.1 Natural exponential family .............ooooooiii 224
2.2 LEVY PIOCESS ettt ettt e et ettt e e 225
2.3 StabIe PIOCESS . uuueeeteet ettt e 225
3 Main ReSUIS . ...t i 226
N 0/e) 1 1¢] L T (o) | DS 231
R CIeNCES oot e 232
On the Born-Oppenheimer asymptotic expansions .......................... 233
Abderrahmane Senoussaoui
1 INtrodUCHON. ...ttt e e 233
2 Assumptions and preliminaries . ................ueuiiiiiiiiiiiiaa, 234
3 Feshbach reduCtion............cooiiiiiiiiiiiiiie i iiiiae et 236
4 WEKB-CONStUCHONS . ..\ttt ettt e e et eiiie e e e et iiie e e iiiaaeeeeaaas 239
NG (S 1S 1 [ P 243
Finite Kibble’s Bivariate Gamma Mixtures for Color Image
Segmentation ..............oo i 245
Taher Ben Arab, Mourad Zribi, and Afif Masmoudi
| 0113 oY L1 1o 1o ) s PP 246
2 Kibble’s Bivariate Gamma ...........cooeeeeiiiiiiineeeeiiiiiaeeeaiiiaaanns 246
3 Parameter EStimation .............oiiiiiiiiiiiiiiieeiiiiiiia it 249
3.1 Maximum Likelihood Estimation (ML) ...................cooieett. 249
3.2 Method of Moments IMOM) .....oovuiiiiiiiiiii i 250
3.3 SIMUIAONS ...ttt et et 250
4 Kibble’s Bivariate Gamma Segmentation Algorithm ....................... 252
4.1 Kibble’s bivariate Gamma mixture model ............................. 252
4.2 Estimation of the parameters mixture by EM-Algorithm ............. 252
4.3 Application of the KBG mixture in segmentation..................... 255
S EXPEriMENtation ... ....u.eee e 255
[ €)1 1ol L1 £ 10 s P 258
PN 0] 51S) 1T 1 258
R CTONCES vt 258
Stabilization of a class of time-varying systems in Hilbert spaces .......... 263
Hanen Damak and Mohamed Ali Hammami
LI 013 o7 L1 Te7 1o ) s 263
2 Stabilization of a class of time-varying systems in Hilbert spaces.......... 264
R CTONCES ottt 269
Weighted Sobolev Spaces for the Laplace Equation in an
Exterior Domain ............................ 271
Hela Louati
L 013 o T L 17T ) 271

2 Preliminary reSults ... .........uuene 273



Xiv Contents

3 The Dirichlet problem for the Laplace operator ................c.ooouveee... 274
RETEIOICES ...ttt 284
About the quotient of two bounded operators ................................ 285
Abdellah Gherbi and Bekkai Messirdi
1 Introduction and preliminaries. . ..............uuuuiiiiiiiiiiiiiinnnns 285
2 MainS TeSUILS. .. e ettt 286
2.1 Bounded, compact quotient Operator..........ovveeeeeeeeeeeeeeeennnn.. 286
2.2 About the inverse of quotient Operator..............ovvveeveeeeennn.... 288
2.3 Powers of qUOLIENt OPETALOT ..vvvvrerrereeiieiieieeeeeeeeeeeeeeeeeennnn, 289
2.4 Limit of a sequence of quotient Operators ...............oeeeeeeennn... 290
RETEICINCES ...ttt 291

Exact Controllability For Korteweg-De Vries Equation and its

Cost in the Zero-Dispersion Limit........................ 293
Hajer Dbebria and Ali Salem
1 Introduction and Main Results...........ccooiiiiiiiiiiiiiiiiiiiiiiiiiiian 293
2 Exact Controllability ... .........uuu 294
2.1  Well-posedness of Cauchy Problem.................................... 295
2.2 Observability of the Homogeneous Problem .......................... 296
3 Cost of Null Controllability ... .........uuuuuuuiiiiiiiiiiiiiiiiiiiiiiiaas 303
3.1 Main ReSultS . .uuuu 303
3.2 Behavior of Cost of Controllability .............ccooviiiiiiiiiiinnnnn.. 304
NS (5 (531 306
Existence of solutions of a class of second order sweeping
processin Banachspaces........................... L 307
F. Aliouane and D. Azzam-Laouir
I INErOAUCHION . . .ttt 307
2 Notation and Preliminaries. . ...t 308
3 Main ReSUILS . ... 311
S (5 (531 317

Concave and convex nonlinearities in nonstandard

eigenvalue problems ........... ... 319
Nawel Benouhiba and Amina Bounouala

I INtrOAUCHION . . . ettt 319
2 Notations and auxiliary reSults .............ccooiiiiiiiiiiiiiiiiiiiiiiiian, 320
3 Global MINIMUIT . ... 322
REfEIeNCES ...t e 327
On the time asymptotic behavior of a transport operator with

bounce-back boundary condition ... 329
Salma Charfi, Asrar Elleuch, and Aref Jeribi

1 INtrOQUCHION . . .. 329
2 Preliminary and Compactness Results ..., 332

3 Auxiliary Lemmas. .........uuuu 336



Contents

4 Estimation of the Resolvent ...............cooiiiiiiiiiiii i
5 Asymptotic Behavior of the solution ...............cooiiiiiiiiiiiii...
R OIeNCES .ot e
Construction of MATLAB adaptative step ODE solvers ....................
E. Alberdi Celaya and J.J. Anza Aguirrezabala
1 INtrodUCHON. ...ttt
2 The ode SOIVEr 0dedS ......ooooieiii e
2.1 Error estimationinthe oded5.........coooiiiiiiiiiiii i
2.2 StepsizecontrolintheodedS ...
3 The ode solver 0del15s ...t
3.1 Error estimation in the odel5S..........cooiiiiiiiiiiiiie i,
3.2 Step size control in the 0de15S .......cooviiiiiiiiiiiiiiiiiiiiiiiiia
4 Some numerical TeSUltS ..........oiiiiiiiiiiii e
4.1 Firstorder ODES ...t
4.2 Second order ODES .......iiiiiiiiiiiiii i
R €)1 Tl L1 T 101 1 L PR
R CTENCES oot e

An overview on bounded elements in some partial algebraic structures ..
Giorgia Bellomonte

| 0113 oY L1 1o 1o ) s P
2 Bounded elements in *-semisimple partial *-algebras ......................
2.1 Order bounded €lements ............ovuiieeeiiiiiiiieeeeeiiiiiaaeaaanns
3 Bounded elements for a C*-inductive locally convex space ................
3.1 Bounded elements and the C*-inductive structure of 2(...............
3.2 Bounded elements and the order structure of 2 .......................
R CTeNCES ottt e

Some spectral properties for operators acting on Rigged

Hilbert SPaces........oooiiiiiiiii

Salvatore Di Bella

I INErOAUCHION . . .ttt

2 Operators in RHS. ...

3 Resolvent and SPECLIUM . ... ....uuuue e
3.1 EXAMIPIES .t

RefOIeNCeS oo

XV






List of Contributors

Abderrahmane Senoussaoui Faculté des Sciences Département de Mathéma-
tiques, Université d’Oran, Oran, Algeria

Mohamed Abid Laboratory CES-Lab, National School of Engineering of Sfax,
Sfax, Tunisia

Yassine Adjabi Faculty of Sciences, Department of Mathematics, University of
M’hamed Bougra, Boumerdes, Algeria

J.J. Anza Aguirrezabala Department of Applied Mathematics, ETS de Ingenieria
de Bilbao, Universidad del Pais Vasco UPV/EHU, Vizcaya, Spain

Pietro Aiena Dipartimento di Metodi e Modelli Matematici, Facolta di Ingegneria,
Universita di Palermo, Palermo, Italy

F. Aliouane Jjiel University, Jijel, Algeria

Taher Ben Arab Faculté des Sciences de Sfax, Laboratoire de Probabilités et
Statistique, Sfax, Tunisie

Faculté des Sciences de Sfax, Laboratoire de Probabilités et Statistique, Université
de Sfax, Sfax, Tunisie

D. Azzam-Laouir Jijel University, Jijel, Algeria

Giorgia Bellomonte Dipartimento di Matematica e Informatica, Universita degli
Studi di Palermo, Palermo, Italy

Salvatore Di Bella Dipartimento di Matematica e Informatica, Universita di
Palermo, Palermo, Italy

Zehour Nedjraoui Benbouziane Département de Mathématiques, Université de
Tlemcen, Tlemcen, Algérie

Nawel Benouhiba Laboratory of Applied Mathematics, Badji Mokhtar-Annaba
University, Annaba, Algeria

XVii



XVviii List of Contributors

Nadira Boukli-Hacene Département de Mathématiques, Université de Tlemcen,
Tlemcen, Algérie

Amina Bounouala Laboratory of Applied Mathematics, Badji Mokhtar-Annaba
University, Annaba, Algeria

E. Alberdi Celaya Department of Applied Mathematics, EUIT de Minas y Obras
Publicas, Universidad del Pais Vasco UPV/EHU, Vizcaya, Spain

Wajdi Chaker Higher institute of informatics and multimedia of Gabes., Gabes,
Tunisie

Salma Charfi Faculté des Sciences de Sfax, Département de Mathématiques,
Université de Sfax, Sfax, Tunisie

Hanen Damak University of Monastir Tunisia, Monastir, Tunisia

Hajer Dbebria Laboratory of Engineering Mathematics, Polytechnic School of
Tunisia, University of Carthage, Carthage, Tunisia

Smail Djebali Laboratoire “Théorie du point Fixe et Applications”, Algiers,
Algeria

Asrar Elleuch Faculté des Sciences de Sfax, Département de Mathématiques,
Université de Sfax, Sfax, Tunisie

Rahmet Savas Eren Department of Mathematics, Istanbul Medeniyet University,
Istanbul, Turkey

Khalil Ezzinbi Faculté des Sciences Semlalia, Département de Mathématiques,
Université Cadi Ayyad, Marrakech, Morocco

Abdellah Gherbi EPST d’Oran, Oran, Algeria
Abdelaziz Ghribi Higher Institute of Business Administration of Sfax, Sfax,
Tunisia

Joachim Gwinner Fakultit fiir Luft- und Raumfahrttechnik, Institut fiir
Mathamatik und Rechneranwendung, Universitit der Bundeswehr Miinchen,
Neubiberg/Miinchen, Germany

Atizez Hadrich Faculté des Sciences de Sfax, Laboratoire de Probabilités et
Statistique, Universitd de Sfax, Sfax, Tunisie

Laboratoire d’Informatique, Signal et Image de la Cote d’Opale (LISIC-EA 4491),
Calais Cedex, France

Mohamed Ali Hammami University of Sfax Tunisia, Sfax, Tunisia

Bernard Helffer Département de Mathématiques, Université Paris-Sud 11, Orsay,
France

Laboratoire Jean Leray, Université de Nantes, Nantes, French



List of Contributors Xix

Aref Jeribi Faculty of Science of Sfax, University of Sfax, Soukra Road Km 3.5,
B.P. 1171, 3000, Sfax, Tunisia

ArezKki Kessi Faculty of Mathematics, USTHB, Algiers, Algeria
Bilel Krichen Preparatory Engineering Institute, Sfax, Tunisia
Hela Louati University of Sfax Tunisia, Sfax, Tunisia

Mahdi Louati Faculty of Science, Department of Mathematics, University of Sfax,
Sfax, Tunisia

Fatma Mallouli Laboratory CES-Lab, National School of Engineering of Sfax,
Sfax, Tunisia

Afif Masmoudi Faculté des Sciences de Sfax, Laboratoire de Probabilités et
Statistique, Université de Sfax, Sfax, Tunisie

Atef Masmoudi Laboratory of Probability and Statistics, Faculty of Sciences of
Sfax, Universita de Sfax, Sfax, Tunisie

Bekkai Messirdi University of Oran, Oran, Algeria

Farouk Mselmi Faculty of Science, Department of Mathematics, University of
Sfax, Sfax, Tunisia

Hatem Najar Faculté des Sciences de Moanstir, Département de Mathématiques,
Université de Monastir, Monastir, Tunisia

Laboratoire de recherche: Algebre Géométrie et Théorie Spectrale : LR11ES53

Ali Salem College of Arts and Sciences in Noairyya, University of Dammam, King
of Saudi Arabia, Dammam, Saudi Arabia

Laboratory of Engineering Mathematics, Polytechnic School of Tunisia, University

of Carthage, Carthage, Tunisia

Ekrem Savas Department of Mathematics, Istanbul Commerce University,
Uskudar, Istanbul, Turkey

Mourad Zribi Laboratoire d’Informatique, Signal et Image de la Cote d’Opale
(LISIC-EA 4491), ULCO, 50 Rue Ferdinand, Buisson BP 719, 62228, Calais
Cedex, France



Polaroid operators and Weyl type theorems

Pietro Aiena

Abstract Weyl type theorems have been proved for a considerably large number of
classes of operators. In this work, after introducing the class of polaroid operators
and some notions from local spectral theory, we determine a theoretical and general
framework from which Weyl type theorems may be promptly established for many
of these classes of operators. The theory is exemplified by given several examples
of hereditarily polaroid operators.

Keywords Localized SVEP ¢ polaroid type operators * Weyl type theorems

Mathematics Reviews Primary 47A10, 47A11. Secondary 47A53, 47A55

1 Introduction

This note is a free-style paraphrase of a presentation at the International Conference
on Advances in Applied Mathematics held in Hammamet (Tunisia), 16—-19 Decem-
ber 2013. I would like to thank the organizers for their kind invitation and, overall,
for the generous hospitality.

A bounded linear operator T € L(X), X a complex infinite dimensional Banach
space, which satisfies Weyl’s theorem has a very special structure of its spectrum
o(T), precisely, T is said to verify Weyl’s theorem, if the complement in the
spectrum of the Weyl spectrum coincides with the isolated points of the spectrum
which are eigenvalues of finite multiplicity. In his pioneering work H. Weyl [53]
discovered that every hermitian operator on a Hilbert space has a such structure of
the spectrum,and many years later it was proved by Coburn [26] that also Toeplitz
operators and hyponormal operators satisfy this property. Later, Berberian [17, 23],
showed that several other classes of operators, including seminormal operators,
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satisfy Weyl’theorem. In [13] it has been observed that Weyl’s theorem holds for
every convolution operator acting on the group algebra L!(G), G a locally compact
abelian group.

There are also several variants of Weyl’s theorem that have been studied in the
last two decades by several authors, for instance a-Weyl’s theorem and property (w)
and their generalized versions. Most of these Weyl type theorems were essentially
proved for special classes of operators. Many times the arguments used for each
one of these classes of operators, are rather similar. In this paper we outline an
useful and general theoretical framework, which entails, as a particular case, Weyl
type theorems for almost all these classes of operators. Our framework combines
classical arguments of Fredholm theory and a localized version of the single-valued
extension property.

2 Definitions and preliminary results

Let T € L(X) be a bounded linear operator on an infinite-dimensional complex
Banach space X, and denote by «(7) and B(T), the dimension of the kernel ker T
and the codimension of the range R(T) := T(X), respectively. Let
DL (X):={T € LX) : a(T) < oo and T(X) is closed}

denote the class of all upper semi-Fredholm operators, and let

P_(X) :={T € L(X) : B(T) < o0}
denote the class of all lower semi-Fredholm operators. If T € @4 (X) := &4 (X) U
@_(X), the index of T is defined by ind (T) := «(T) — B(T). If d(X) := D4
(X) N @_(X) denotes the set of all Fredholm operators, the set of Weyl operators is
defined by

WX) :={T € &(X) :ind T = 0},
the class of upper semi-Weyl operators is defined by

Wi(X) :={T € &4+ (X) :ind T < 0},

and class of lower semi-Weyl operators is defined by

W_(X):={T € ®_(X) :ind T > 0.

Clearly, W(X) = W, (X) N WX). The classes of operators above defined generate
the following spectra: the Weyl spectrum, defined by
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ow(T):={ALeC: M -T ¢ WX)};
and the upper semi-Weyl spectrum, defined by
ow(T):={AeC: A —-T ¢ Wi (X)}.

Let p := p(T) be the ascent of an operator T’ i.e. the smallest nonnegative integer
p such that ker 77 = ker 7?71 (X). If such integer does not exist we put p(T) = oo.
Analogously, let g := g(T) be the descent of T} i.e the smallest nonnegative integer
g such that T9(X) = T9"'(X), and if such integer does not exist we put g(T) = oo.
It is well known that if p(T) and ¢(T') are both finite then p(T) = ¢(T), see [,
Theorem 3.3].

The class of all Browder operators is defined

BX) :={T € @(X) : p(T), q(T) < o0};
while the class of all upper semi-Browder operators is defined
Bi(X) :={T € &+ (X) : p(T) < 00}.

Obviously, B(X) € W(X) and B4+ (X) € W4 (X), see [1, Theorem 3.4].

Semi-Fredholm operators have been generalized by Berkani [18, 20] and [19] in
the following way: for every T € L(X) and a nonnegative integer n let us denote
by T}y the restriction of T to 7"(X), viewed as a map from the space 7"(X) into
itself (we set Ty = T). T € L(X) is said to be semi B-Fredholm, (resp. B-Fredholm,
upper semi B-Fredholm, lower semi B-Fredholm,) if for some integer n > 0 the
range 7" (X) is closed and T}, is a semi-Fredholm operator (resp. Fredholm, upper
semi-Fredholm, lower semi-Fredholm). In this case 7}, is a semi-Fredholm operator
for all m > n [20] with the same index of T{,;. This enables one to define the index
of a semi B-Fredholm as ind T = ind T},.

A bounded operator T € L(X) is said to be B-Weyl (respectively, upper semi
B-Weyl, lower semi B-Weyl) if for some integer n > 0 the range 7"(X) is closed
and Tj, is Weyl (respectively, upper semi-Weyl. lower semi-Weyl). The B-Weyl
spectrum is defined by

opw(T) := {A € C: Al — T is not B-Weyl},
and, analogously, the upper semi B-Weyl spectrum of T is defined by
oww(T) := {A € C: Al — T is not upper semi B-Weyl}.
The concept of Drazin invertibility has been introduced in a more abstract setting
than operator theory. In the case of the Banach algebra L(X), T € L(X) is said

to be Drazin invertible (with a finite index) if p(T) = ¢(T) < oo, and this is
equivalent to saying that T = T, & T}, where Ty is invertible and T is nilpotent,
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see [42, Corollary 2.2] and [41, Prop. A]. Every B-Fredholm operator T admits the
representation T = Ty @ T, where T is Fredholm and 7} is nilpotent [19], so every
Drazin invertible operator is B-Fredholm. Drazin invertibility for bounded operators
suggests the following definition:

Definition 2.1. 7 € L(X) is said to be left Drazin invertible if p := p(T) < oo and
TP+1(X) is closed, while T is said to be right Drazin invertible if g := q(T) < oo
and 79(X) is closed.

Note that the concept of Drazin invertibility may be given in terms of
B-Fredholm theory: indeed, 7 is Drazin invertible (respectively, left Drazin
invertible, right Drazin invertible) if and only if 7 is B-Browder (respectively,
upper semi B-Browder, lower semi B-Browder), see [7].

The Drazin spectrum is then defined as

04(T) := {1 € C: Al — T is not Drazin invertible},
while the left Drazin spectrum is defined as
01a(T) ;= {A € C: Al — T is not left Drazin invertible}.
In the sequel we denote by o,(T) the approximate point spectrum, defined by
0,(T) := {A € C: AI — T is not bounded below},

where an operator is said to be bounded below if it is injective and has closed range.
The classical surjective spectrum of T is denoted by o(T).

Denote by T’ the dual of T € L(X), and if T is defined on a Hilbert space denote
by T* the Hilbert adjoint of 7. The concepts of left or right Drazin invertibility
lead to the concepts of left or right pole. Let us denote by 0,(7) the classical
approximate point spectrum and by o(T) the surjectivity spectrum. It is well known
that 0,(T") = 0,(T), where T’ denotes the dual of T, and o(T’) = 0,(T). Evidently,
ouw(T) € 0u(T).

Definition 2.2. Let T € L(X), X a Banach space. If Al — T is left Drazin invertible
and A € 0,(T), then A is said to be a left pole of the resolvent of T. A left pole A is
said to have finite rank if «(Al — T) < oo. If Al — T is right Drazin invertible and
A € 04(T), then A is said to be a right pole of the resolvent of T.A right pole A is
said to have finite rank if B(AI — T) < oo.

Evidently, A is a pole of T if and only if A is both a left and a right pole of 7.
Moreover, A is a pole of T if and only if A is a pole of 7”. In the case of Hilbert space
operators, A is a pole of 7" if and only if A is a pole of T*.

Definition 2.3. Let T € L(X). Then

(1) T is said to be left polaroid if every isolated point of 0,(7T) is a left pole of the
resolvent of 7.
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(i) T € L(X) is said to be right polaroid if every isolated point of o,(T) is a right
pole of the resolvent of T.
(iii) T is said to be a-polaroid if every A € iso 0,(T) is a pole of the resolvent of T.

The concept of left and right polaroid is dual each other:

Theorem 2.4 ([S]). If T € L(X), X a Banach space, then the following equiva-
lences hold:

(i) T is left polaroid if and only if T' is right polaroid.
(ii) T is right polaroid if and only if T' is left polaroid.
(iii) T is polaroid if and only if T' is polaroid.

If T is a Hilbert space operator, then in the equivalences (i), (i), and (iii) T' may
be replaced by T*. Moreover, T' is a-polaroid if and only if T* is a-polaroid.

Polaroid operators on infinite dimensional complex Banach spaces have been
recently investigated, together with the related conditions for an operator of being
left, right polaroid or a-polaroid [6, 30, 31, 34].

The quasi-nilpotent part of T € L(X) is defined as the set

Ho(T) == {x € X : lim |T"x|» = 0}.
n—>o0

or, alternatively, Hy(T') in terms of local spectral theory may be defined as the glocal
subspace associated with the set {0}, see [43] or [1]. Clearly, ker 7" € Hy(T) for
every n € N. The analytic core of T is defined K(T) := {x € X :there existc > 0
and a sequence (x,),>1 < X such that Tx; = x,Tx,41 = x, foralln € N, and
[|x2]] < ¢"||x||for all n € N}.

Note that K(T) may be also defined as the local spectral space associated with
C \ {0}, see again [43] or [1]. Note that T(K(T)) = K(T), see [1, Theorem 1.21].

Theorem 2.5 ([9, Theorem 2.2]). If T € L(X), the following statements hold:
(i) T is polaroid if and only if there exists p := p(Al — T) € N such that

Ho(AMl —T) =ker (Ml —T)?  forall A € isoa(T). (1)
(it) If T is left polaroid, then there exists p := p(Al — T) € N such that
Hy(AI —T) =ker (M —T)? forall A € isoo,(T). 2)
It is easily seen that the following implications hold:
T a-polaroid = T left polaroid = T polaroid

Furthermore, if T is right polaroid, then T is polaroid.
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The study of Weyl type theorems needs some typical tools originating from
local spectral theory. In particular, we consider the following basic property that
has relevant role in the theory of decomposable operators, as well as in Fredholm
theory, see Laursen and Neumann [43] and [1].

Definition 2.6. Let X be a complex Banach space and T € L(X). The operator T
is said to have the single valued extension property at Ay € C (abbreviated SVEP
at Ap), if for every open disc D of A, the only analytic function f : U — X which
satisfies the equation (Al — T)f(A) = 0 for all A € D is the function f = 0.

An operator T € L(X) is said to have SVEP if T has SVEP at every point A € C.

Evidently, T € L(X) has SVEP at every isolated point of the spectrum.
We also have

p(AM —T) < oo = Thas SVEPat A, 3)
and dually,
g(AI —T) < 0o = T' has SVEP at 1, “4)

see [1, Theorem 3.8]. Furthermore, from definition of localized SVEP it is easily
seen that

0,(T) does not cluster at A = T has SVEP at A, (5)
and dually,
o0s(T) does not cluster at A = T’ has SVEP at A. (6)
Note that Hy(T) generally is not closed and [1, Theorem 2.31 ]
Hy(Al —T) closed = T has SVEP at A. @)

Remark 2.7. The converse of the implications (1)—(5) holds if Al — T is semi-
Fredholm, see [1, Chapter 3], or if Al — T is semi B-Fredholm [3].

Recall that a bounded operator K € L(X) is said to be algebraic if there exists a
non-constant polynomial % such that #(K) = 0. Trivially, every nilpotent operator
is algebraic and it is well known that if K"(X) has finite dimension for some n € N
then K is algebraic.

Theorem 2.8 ([11]). If T € L(X) has SVEP and K € L(X) is an algebraic operator
which commutes with T, then T + K has SVEP.

The polaroid type conditions for T (respectively, for T”) are equivalent, assuming
the SVEP at the points of certain sets:
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Theorem 2.9. Let T € L(X). Then we have

(1) If T' has SVEP at every A & ouw(T) then the properties of being polaroid,
a-polaroid and left polaroid for T are all equivalent.

(1) If T has SVEP at every A ¢ o01yw(T), then the properties of being polaroid,
a-polaroid and left polaroid for T' are all equivalent.

The polaroid condition is preserved by the functional calculus:

Theorem 2.10 ([4]). For an operator T € L(X) the following statements are
equivalent.

(i) T is polaroid;

(i) f(T) is polaroid for every f € H;,.(c(T));
(iii) there exists a non-trivial polynomial p such that p(T) is polaroid;
(iv) there exists f € H;.(0(T)) such that f(T) is polaroid.

3 Examples of polaroid operators

The following class of operators has been introduced by Oudghiri [51].

Definition 3.1. A bounded operator 7 € L(X) is said to belong to the class H(p) if
there exists a natural p := p(4) such that:

Hy(AMl —T) =ker (Al —T)? forall A € C. ®)

In the case that p = p(A) = 1 for every A € C we shall say that T belongs to the
class H(1). Every convolution operator of the group algebra L!(G) is H(1) [13]. In
the sequel we show that some other important classes of operators are H(1).

(a) Totally paranormal operators. Recall that T € L(X) is said paranormal
if |Tx|| < ||7%x||||x|| for all x € X. The property of being paranormal is
not translation-invariant. 7 € L(X) is called fotally paranormal if Al — T is
paranormal for all A € C. Every totally paranormal operator has property H(1)
[44]. In fact, if x € Ho(AI — T), then ||(Al — T)"x||'/" — 0 and since T is
totally paranormal we then have (AI — T)"x||'/" > (A — T)x||. Therefore,
Ho(Al — T) C ker(Al — T), and since the reverse inclusion holds for every
operator then Hy(Al — T) = ker(Al — T).

(b) Hyponormal operators. A bounded operator 7 € L(H) on a Hilbert space
is said to be hyponormal if |T*x|| < ||Tx| for all x € H, or equivalently
T*T > TT*. 1t is easily seen that every hyponormal operator is totally para-
normal, hence H(1). The class of totally paranormal operators includes also
subnormal operators and quasi-normal operators, since these operators are
hyponormal, see [27] or [37].



8 P. Aiena

Two operators 7 € L(X), S € L(Y), X and Y Banach spaces, are said to be
intertwined by A € L(X,Y) if SA = AT, and A is said to be a quasi-affinity if it has
a trivial kernel and dense range. If 7 and S are intertwined by a quasi-affinity, then
T is called a quasi-affine transform of S, and we write T < S. If both T < § and
S < T hold, then T and § are said to be quasi-similar.

The next result shows that property H(1) is preserved by quasi-affine transforms.

Theorem 3.2. Suppose that S € L(Y) has property H(1) and T < S. Then T has
property H(1). Analogously, if S € L(Y) has property H(p) and T < S, then T has
property H(p)

Proof. Suppose S has property H(1), SA = AT, with A injective. If A € C and
x € Hy(AI —T), then

1A = 8)"Ax||'" = AT = T)"x|'" < | A" |1 = T)"x]| ",

from which it follows that Ax € Hy(Al — S) = ker (Al — S). Hence A(Al — T)
x = (M — S)Ax = 0 and, since A is injective, this implies that (AI — T)x = 0, i.e.
x € ker (AI — T). Therefore Hy(AI —T) = ker (Al —T) forall A € C.

The more general case of H(p)-operators is proved by a similar argument.

For T € L(H) let T = W|T| be the polar decomposition of 7. Then R :=
|IT|'2W|T|/? is said the Aluthge transform of T. If R = V|R| is the polar
decomposition of R, define T := |R|'/?>V|R|"/>.

(c) Log-hyponormal operators. An operator T € L(H) is said to be log-
hyponormal if T is invertible and satisfies log (T*T) > log (TT*). If T
is log-hyponormal, then 7 is hyponormal and T = KTK~', where K :=
IR|'/2|T|"/2, see [25, 52]. Hence T is similar to a hyponormal operator and
therefore, by Theorem 3.2, has property H(1).

(d) p-hyponormal operators. An operator T € L(H) is said to be p-hyponormal,
with 0 < p < 1, if (T*T)? = (TT*)”. Every p-hyponormal operator is
paranormal, see [16]. Every invertible p-hyponormal 7 is quasi-similar to a log-
hyponormal operator and consequently, by Theorem 3.2, it has property H(1)
[14, 29]. This is also true for p-hyponormal operators which are not invertible,
see [33].

Theorem 3.3 ([51]). For a bounded operator T € L(X) the following assertions
are equivalent:

(1) T has the property H(p);
(i) f(T) has the property H(p) for every f € 7€ (o (T));
(iii) There exists an analytic function h defined in an open neighborhood U of
o (T), non-identically constant in any component of % , such that h(T) has the

property H(p).
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Moreover, if T has the property H(p), then any restriction T|M on a closed
T-invariant subspace has the property H(p).

An obvious consequence of Theorem 3.3 is that T € L(H) is algebraically
hyponormal (i.e., there exists a non-trivial polynomial / for which A(T) is hyponor-
mal) then T is H(p). In [37, §2.72] is given an example of a hyponormal
operator T for which 72 is not hyponormal. However, an important consequence
of Theorem 3.3 is that 72 inherits from T the property of being H(1).

Theorem 3.4. If T € L(X) has the property H(p), then T is hereditarily polaroid.
Morveover, T has SVEP.

Proof. Evidently, Theorem 2.5 entails that 7 is polaroid, while, since Hy(Al — T)
is closed for all A € C, then T has SVEP by the inclusion (7). Furthermore, T is
hereditarily polaroid by Theorem 3.3. "

An operator similar to a restriction of a generalized scalar operator to one of
its closed invariant subspaces is called subscalar. The interested reader can find a
well-organized study of these operators in the Laursen and Neumann book [43].

Theorem 3.5 ([51]). Every subscalar operator T € L(X) is H(p).

Therefore, we have
subscalarity = property H(p) = SVEP.

Classical example of subscalar operators are hyponormal operators. Theorem 3.5
implies that some other important classes of operators are H(p).

(e) M-hyponormal operators. Recall that T € L(H) is said to be M-hyponormal
if there exists M > 0 such that TT* < MT*T. Every M-hyponormal operator is
subscalar [43, Proposition 2.4.9] and hence H(p).

(f) w-hyponormal operators. If T € L(H) and T = U|T| is the polar decom-
position, define 7 := |T|%U |T|%. T € L(H) is said to be w-hyponormal if
|T| = |T| = |T*|. Examples of w-hyponormal operators are p-hyponormal
operators and log-hyponormal operators. All w-hyponormal operators are
subscalar (together with its Aluthge transformation, see [47]), and hence H(p)
(precisely, H(1), see [39, Theorem 2.5].

(g) p-quasihyponormal operators. A Hilbert space operator T € L(H) is said to
be p-quasihyponormal for some 0 < p < 1 if

T*|T*|*T < T« |T|*T.

Every p-quasi-hyponormal is paranormal [46].

Let us denote by p,. — QH the class of all p-quasihyponormal operators T
for which ker T C ker T*. The following result is due to Duggal and Jeon [35,
Theorem 2.2 and Theorem 2.12].
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Theorem 3.6. Every p. — QH operator is H(1).

A bounded linear operator T € L(X), defined on a complex infinite dimensional
Banach space X, is said to be normaloid if ||T|| = r(T), r(T) the spectral radius
of T. An operator T € L(X) is said to be hereditarily normaloid, T € J€N, if the
restriction T|M of T, to any closed T-invariant subspace M, is normaloid. Finally,
T € L(X) is said to be totally hereditarily normaloid, T € TN ,if T € N
and every invertible restriction 7|M has a normaloid inverse. Totally hereditarily
normaloid operators were introduced in [32], and have since investigated in [30],
and [34], for establishing Weyl type theorems.

Theorem 3.7 ([4]). If T € L(X) is TN, then T is polaroid. If X is a separable
Banach space, or a Hilbert space, then T has SVEP.

Now, let € be any class of operators. We say that T is an analytically ¢ -operator if
there exists some analytic function f € J%,.(o(T)) such that f(T) € €. It should be
noted that the property of being analytically ¥ is translation invariant.

In the sequel we list examples of .7 5 .4 -operators:

(h) Paranormal operators. Paranormal operators on Banach spaces are
T H N -operators. Note that a paranormal operator need not to be H(p). A
subclass of paranormal operators is given by the class of all p-quasi-hyponormal
operators on Hilbert spaces, see [35], where an operator T € L(H), H a
separable infinite dimensional Hilbert space, is said to be p-quasi-hyponormal,
for some 0 < p < 1, if

T* (TP = |T*[*'T > 0,

where |T| := (T*T)'/2. Another subclass of paranormal operators on Hilbert
spaces is given by the A class of operators introduced by Furuta er al. [37],
where T € L(H) is said to be a class A operator if |T|* < |T?|.

(g) quasi *-paranormal operators. An operator T € L(H), H a Hilbert space, is
called quasi *-paranormal if

I7*Tx||? < ||T3x||||Tx|| for all unit vectors x € H
Every quasi *-paranormal operator is totally hereditarily normaloid, see [50].
The class of quasi *-paranormal contains the class of all *-paranormal opera-
tors, i.e. the class of T € L(H) for which

IT*x||?> < ||T%x||  for all unit vectors x € H,

see [49] for details. Every quasi-hyponormal operator is quasi *-paranormal,
see [49].
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(f) k-quasi-*-class A operators. A bounded operator T € L(H), H a separable
Hilbert space, is said to be k-quasi-*-class A operator if

T*k|T2|Tk > T*k|T*2”T*

Every k-quasi-*-class A operator is totally hereditarily normaloid, see [48]. For
k = 1 we obtain the class of all quasi-*-class A operators, which is included in
the class of all quasi *-paranormal operators.

In order to give some other examples of polaroid operator, we introduce a new
class of operators. In the sequel by ¥ we denote the closure of ¥ C X.

Definition 3.8. An operator 7 € L(X), X a Banach space, is said to be k-quasi
totally hereditarily normaloid, k a nonnegative integer, if the restriction T|T*(X) is

TIHN .

Evidently, every .7 5.4 -operator is quasi-7 ./, and if T*(X) is dense in X
then a quasi-Z A operator T is T 5N .

We recall now some elementary algebraic facts. Suppose that T € L(X) and
X = M & N, with M and N closed subspace of X, M invariant under 7. With
respect to this decomposition of X it is known that 7 may be represented by an upper

triangular operator matrix (13 Ié) , where A € L(M), C € L(N) and B € L(N, M).

It is easily seen that for every x = ()(;) € M we have Tx = Ax, s0 A = T|M. Let

us consider now the case of operators T acting on a Hilbert space H, and suppose
that T*(H) is not dense in H. In this case we can consider the nontrivial orthogonal
decomposition

H=TKH)® Tk(H)J', ©)

— -
where T(H)™ = ker(T*)*, T* the adjoint of T. Note that the subspace T*(H) is
T-invariant, so we can represent, with respect the decomposition (9), T as an upper

triangular operator matrix
' T,
; 10
( 0 T3) 10

_ — 1
where Ty = T|T*(H). Moreover, T is nilpotent. Indeed, if x € T*(X) , an easy

. . 0 . o
computation yields T%x = T ( ) = T3*x. Hence T5*x = 0, since T"x € T*(H) U

X

— 1
Tk(H) = {0}. Therefore we have:
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Theorem 3.9. Suppose that T € L(H) and T*(H) non-dense in H. Then, according

to the decomposition (9), T = (7(;1 ;2 ) is quasi-7 HN if and only if Ty is T 7N .
3
Furthermore,
o(T) = o(T1) Uo(T3) = o(T1) U{0}.

Proof. The first assertion is clear, since Ty = T|T*(H). The second assertion
follows from the following general result: if 7 := (13 g) is an upper triangular
operator matrix acting on some direct sum of Banach spaces and o (A) N o (B) has
no interior points, then (T) = o(A) U o(B); see [45]. "

Upper triangular operator matrices have been studied by many authors, see, for
instance, [24, 28, 38, 56]. The next result improves Theorem 3.7.

Theorem 3.10 ([10]). If T € L(H) is an analytically quasi- 7 7. N operator, then
T is hereditarily polaroid. Moreover, T has SVEP.

In the sequel we give some examples of operators which are quasi-totally
hereditarily normaloid.

(i) (n, k)-quasiparanormal operators. The class of quasi-paranormal operators
may be extended as follows: T € L(H) is said to be (n, k)-quasiparanormal if

|75 x| < |7 (T ) || i+ ||Tkx||$ forallx € H.

The class of (1, k)- quasiparanormal operators has been studied in [55]. The
(1, 1)-quasiparanormal operators has been studied in [54]. If T*(H) is not dense
then, in the triangulation 7 = (Tl I
0 T;

and hence .7 7./, see [55].
(1) k-quasiclass A operators. An extension of class A operators is given by the
class of all k-quasiclass A operators, where T € L(H), H a separable infinite

dimensional Hilbert space, is said to be a k-quasiclass A operator if

) , T\ = T|T*(H) is n-quasiparanormal,

(TP — |T)T* > 0.

Every k-quasiclass A operator is quasi-7 7.4 . Indeed, if T has dense range,
then 7 is a class A operator and hence paranormal. If 7 does not have dense
range, then T with respect to the decomposition H = T*(H) & ker T** may

h Tz) , where T) := T|T*(H) is a class A

0T
operator, and hence .7 HN, see [52].

be represented as a matrix 7 = (
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As it has been observed in [36, Example 0.2], a quasi-class A operator

(i.e.,

k = 1) need not to be normaloid. This shows that, in general, a quasi-7 5 A

operator is not normaloid, so the class of quasi-.7 ¢ .4 operators properly contains
the class of .7 .4 operators.

(m)

(n)

k-quasi *-paranormal operators. An operator T € L(H), H a separable
infinite dimensional Hilbert space, is said to be k-quasi *-paranormal, k € N, if

| T*T*x||> < || T 2x]|||| T*x|| for all unit vectors x € H.

This class of operators contains the class of all quasi- *-paranormal operators
(which corresponds to the value k = 1). Every k-quasi *-paranormal operator
is quasi-7 ./ . Indeed, if T* has dense range then, T is *-paranormal and
hence .7 .4 . If T* does not dense range, then 7 may be decomposed,
n Tz), where T; = T|T*(H) is
0 T;

x-paranormal, hence .7 7.4, see [49, Lemma 2.1].

(p, k)-quasihyponormal operators. An extension of p-quasi-hyponormal
operators is defined as follows: an operator T € L(H) is said to be (p, k)-
quasihyponormal for some 0 < p < 1l and k € N, if

on H = TK(H) @ kerT*f, as T = (

T*k|T*|2ka < T*k|T|2ka-

Every (p, k)-quasihyponormal operator T with respect to the decomposition

H = TKH) @& ker T** may be represented as a matrix T = (7(;1 7(;2) ,

where Ty := T|T*(H) is k-hyponormal (hence paranormal) and consequently

T AN, see [40].

4 Weyl type theorems

If T € L(X), define

and

E(T):={A€isoa(T):0 <a(Al —T)},

ET) := {A € isooy(T) : 0 < a(Al — T)}.

Evidently, E(T) € E(T) € E“(T) for every T € L(X). Define

7wo0(T) :={A €is0oa(T) : 0 < a(Al — T) < o0},
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and
750 (T) :={A €is00,(T) : 0 < a(AI — T) < oo}.

Let poo(T) := a(T) \ ou(T), i.e. poo(T) is the set of all poles of the resolvent
of T.

Definition 4.1. A bounded operator 7 € L(X) is said to satisfy Weyl’s theorem,
in symbol (W), if 6(T) \ ow(T) = mo(T). T is said to satisfy a-Weyl’s theorem,
in symbol (aW), if 0,(T) \ ouww(T) = #{(T). T is said to satisfy property (w),
if (Ia(T) \ OuW(T) = JT()()(T).

Recall that T € L(X) is said to satisfy Browder’s theorem if ow(T) = op(T),
while T € L(X) is said to satisfy a-Browder’s theorem it ouyw(T) = ouw(T).
Weyl’s theorem for T entails Browder’s theorem for 7', while a-Weyl’s theorem
entails a-Browder’s theorem. Either a-Weyl’s theorem or property (w) entails Weyl’s
theorem. Property (w) and a-Weyl’s theorem are independent, see [12].

The generalized versions of Weyl type theorems are defined as follows:

Definition 4.2. A bounded operator T € L(X) is said to satisfy generalized
Weyl’s theorem, in symbol, (gW), if o(T) \ opw(T) = E(T). T € LX) is
said to satisfies generalized a-Weyl’s theorem, in symbol, (gaW), if 0,(T) \ Oubw
(T) = EY(T). T € L(X) is said to satisfy generalized property (w), in symbol, (gw),
if 0,(T) \ oww(T) = E(T).

Recall that T € L(X) is said to satisfy generalized Browder’s theorem if oy, (T) =
opw(T), while T € L(X) is said to satisfy generalized a-Browder’s theorem if
owb(T) = 0ouww(T). Browder’s theorem and generalized Browder’s theorem are
equivalent, and analogously a-Browder’s theorem and generalized a-Browder’s
theorem are equivalent, see [15]. a-Browder’s theorems entails Browder’s theorems
and if 7, or T/, has SVEP then a-Browder’s theorem holds for 7. General-
ized a-Weyl’s theorem, as well as generalized property (w), entails generalized
a-Browder’s theorem.

In the following diagrams we resume the relationships between all Weyl type
theorems:

(gw) = (W) =W)
(2aW) = (@aW) = (W),

see [21, Theorem 2.3], [12] and [22]. Generalized property (w) and generalized
a-Weyl’s theorem are also independent, see [21]. Furthermore,

(gw) = (gW) = (W)

(gaW) = (gW) = (W)
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see [21] and [22]. The converse of all these implications in general does not hold.
Furthermore, by [2, Theorem 3.1],

(W) holds for T < Browder’s theorem holds for 7" and pyy(T) = 7o (T).

Under the polaroid conditions we have a very clear situation:
Theorem 4.3 ([6]). Let T € L(X). Then we have:

(1) If T is polaroid, then (W) and (gW) for T are equivalent.
(ii) If T is left-polaroid, then (aW) and (gaW) are equivalent for T, while (W) and
(gW) are equivalent for T.
(iii) If T is a-polaroid, then (aW), (gaW), (w) and (gw) are equivalent for T, while
(W) and (gW) are equivalent for T.

Although the polaroid conditions are neither necessary nor sufficient for an
operator to satisfying Weyl type theorems, almost all of the commonly considered
classes of operators satisfy Weyl type theorems since they are polaroid type and
have the single valued extension property (SVEP). Indeed, we have:

Theorem 4.4. Let T € L(X) be polaroid and suppose that either T' has SVEP at
every A ¢ ouw(T) or T has SVEP at every A ¢ 01w(T). Then both T and T’ satisfy
Weyl’s theorem.

Proof. Each one of the assumptions on the SVEP ensures that 7', or equivalently 77,
satisfies Browder’s theorem. In fact, if 7" has SVEP at every A ¢ ouw(T), then a-
Browder’s theorem (and hence Browder’s theorem) holds for 7', while if T has SVEP
atevery A ¢ oy, (T) then a-Browder’s theorem (and hence Browder’s theorem) holds
for T’, see [8, Theorem 2.3] The polaroid condition for T entails that poo(T) =
700(T), so Weyl’s theorem holds for T. If T is polaroid, then 7" is polaroid and
hence poo(T') = moo(T"), so Weyl’s theorem holds also for 7”. "

For a bounded operator T € L(X), define IT%(T) := 0,(T) \ ow(T). It is clear
that JT{{,(T) is the set of all left poles of the resolvent.

Theorem 4.5. Let T € L(X) be left polaroid and suppose that either T or T' has
SVEP. Then T satisfies generalized a-Weyl’s theorem.

Proof. T satisfies a-Browder’s theorem and the left polaroid condition entails that
(T) = E“(T). By [14, Theorem 2.18] then (gaW) holds for 7. "
Theorem 4.6. Let T € L(X) be polaroid. Then we have:

(1) if T' has SVEP at every A ¢ ouw(T), then (gaW) and (gw) hold for T.
(ii) If T has SVEP at every A ¢ 01w (T), then (gaW) and (gw) hold for T'.

Proof. (i) We show that oy (T) = 0w (T). Let A ¢ 0y (T). Then Al —T € W4 (X),
so ind(AI — T) < 0. Since T" has SVEP at A by Remark 2.7 we have
qg(Al — T) < oo. Consequently, ind(Al — T) > 0, see [1, Theorem 3.4], and
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hence A ¢ 0(T). This shows that 0,,(T) € 0, (T) and since the opposite
inclusion holds for every operator then 6,y (7T) = 0w(T). Now, as we have seen
in the proof of Theorem 2.9, we have 0,(T) = o(T), thus o(T) \ ow(T) =
0a(T) \ ouw(T) and 7o (T) = 7, (T). Therefore, (aW) holds for T and this by
Theorem 4.3 is equivalent, since by Theorem 2.9 T is a-polaroid, to saying that
(gaW) and (gw) hold for T.

(ii) We show that 0w (T") = 0w (T"), or equivalently 01w (T) = o0w(T) . Let A ¢
O1w(T). Then Al — T € W_(X), so ind(Al — T) > 0. Since T has SVEP at A
by Remark 2.7 we then have p(Al — T) < oo. Consequently, ind(Al — T) < 0,
see [1, Theorem 3.4], and hence A ¢ o0y (T). It is easily seen that 0,(T") =
os(T) = o(T) = o(T") from which we obtain moo(T") = 7§,(T”). Therefore,
(aW) holds for 7" and this by Theorem 4.3 is equivalent, since by Theorem 2.9
T’ is a-polaroid, to saying that (gaW) and (gw) hold for 7". "

Let J%,.(0(T)) denote the set of all analytic functions, defined on an open
neighborhood of ¢ (T), such that f is non-constant on each of the components of its
domain. Define, by the classical functional calculus, f(7) for every f € J4,.(o(T)).

Theorem 4.7. Suppose that T € L(X) has SVEP and let f € 5¢,.(c(T)).

(1) If T is polaroid, then f(T) satisfies (gW).
(i) If T is left polaroid, then f(T) satisfies (gaW).
(iii) If T is a-polaroid, then f(T) satisfies both (gaW) and (gw).

Proof. (i) f(T) is polaroid and by [1, Theorem 2.40] has SVEP. Combining
Theorem 4.4 and Theorem 4.3 we then conclude that f(7T') satisfies (gW) .

(i) f(T) is left polaroid by [6, Lemma 3.11] and has SVEP. Combining Theo-
rem 4.5 and Theorem 4.3 it then follows that f(7) satisfies (gaW).

(iii) By part (ii) f(T) satisfies (gaW), since it is also left polaroid. f(T) is a-polaroid
by [6, Lemma 3.11] and has SVEP. By Theorem 4.3 then f(T) satisfies also
(gw). "

The next two examples show that the assumption of being polaroid in part (i) of
Theorem 4.7 is not sufficient to ensure property (gaW), or (gw).

Example 4.8. Let R € L({*(N)) be the right shift and let Q denote the quasi-
nilpotent operator defined as

01, x2,...) i= (o,%,%,...) forall x = (x1, 1, ...) € £2(N).

LetT := R® Q. Then T has SVEDP, since both R and Q have SVEP, and is polaroid,
since o(T) = D(0, 1), where D(0, 1) is the closed unit disc of C centered at 0 and
radius 1, has no isolated points. We also have 0,(T) = I" U{0}, where I" denotes the
unit circle of C. Therefore, oy (T) S 0,(T) = I" U {0}. Now, for every A ¢ ouw(T)
the SVEP of T at A implies that A ¢ acco,(T) = I', thus I' C 0y (T). Clearly,



Polaroid operators and Weyl type theorems 17

p(T) = p(R) + p(Q) = 00,500 € ow(T) = ouw(T), where the last equality
holds since T satisfies a-Browder’s theorem. Therefore, oy (T) = I" U {0}, hence
0a(T) \ ouww(T) = 8. But 7§, (T) = {0}, so a-Weyl’s theorem does not hold for 7.

Note that property (gw) holds for T. Indeed, oyw (T) € ouw(T) = I' U {0}, and
repeating the same argument used above, and generalized a-Browder’s theorem for
T) we easily obtain oy, (T) = I' U {0}. Clearly, E(T) = @ and hence E(T) = o,
(T) \ o—ubW(T)~

Also the assumption of being left polaroid in part (ii) of Theorem 4.7 is not
sufficient to ensure property (gw):

Example 4.9. Let T be the hyponormal operator given by the direct sum of the
1-dimensional zero operator U and the unilateral right shift R on £2(N). Evidently,
T has SVEP and iso 0,(T) = {0} since 0,(T) = I" U {0}. Clearly, T € &4 (X), and
hence T? € @, (X), so T>(X) is closed, and since p(T) = p(U) = lit then follows
that 0 is a left pole of T, i.e. T is left polaroid. We show that 7" does not satisfy (w)
(and hence (gw)). We know that 0w (T) € 0,(T) = I" U {0} and repeating the same
argument of Example 4.8 we have I" C 0,w(T) € I U {0}. Since T € B+ (X) C
W4 (X) it then follows that 0 ¢ oyw(T), so ouw(T) = I", and hence

O—d(T) \GUW(T) = {0} 7& ﬂ()()(T) = @’

thus 7' does not satisfy (w) (and hence (gw).
The following perturbation result has been proved in [5, Theorem 3.12].

Theorem 4.10. Suppose that T € L(X) and K € L(X) an algebraic operator
commuting with T € L(X). If T € L(X), or T*, has SVEP and T, or T*, is
hereditarily polaroid, then f(T + K) and f(T* + K*) ) satisfies (gW) for every
| € He(o(T + K)).

By using Theorem 4.10 and Theorem 4.4 we obtain the following result.

Theorem 4.11 ([10]). Let T € L(H) be an analytically quasi-F 7N operator on
a Hilbert space H, and let K € L(H) be an algebraic operator commuting with T.
Then both f(T + K) and f(T" + K') satisfy (gW) for every f € 7#,.(o (T + K)).

Since H(p) operators are hereditarily polaroid, we also have:

Theorem 4.12. Suppose that T € L(X) has property H(p), and let K € L(H) be an
algebraic operator commuting with T. Then both f(T + K) and f(T' + K') satisfies
(gW) for every f € 5,.(c(T + K)).

For the dual f(T’ 4+ K’) we can say much more.

Corollary 4.13. Suppose that T € L(X) has property H(p), or T € L(H) be an
analytically quasi-T 7N operator on a Hilbert space H. If K € L(H) is an
algebraic operator commuting with T, then f(T" + K') all Weyl type theorems for
every f € (0 (T + K)).
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Proof. Suppose that T has property H(p). Since T is hereditarily polaroid then
T + K, is polaroid and hence also 7" + K’ is polaroid. By Theorem 2.10 then T’ 4+ K’
is polaroid. Moreover, " + K’ has SVEP and hence f (T’ + K’) has SVEP for every
f € H.(a(T + K)), by [1, Theorem 2.40]. By Theorem 2.9 we then have that
f(T' + K') is a-polaroid, so Theorem 4.6 entails that f(T’ + K’) satisfies all Weyl
type theorems.

The proof for the case that T is analytically quasi-7 ¢ .4 on a Hilbert space H
is the same. "
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On non self-adjoint spectral problems occurring
in superconductivity

Bernard Helffer

Abstract In this survey we would like to discuss spectral properties of non
self-adjoint operators appearing in the analysis of the long time behavior of the
solutions of the time-dependent Ginzburg Landau system (due to Eliashberg-
Gorkov) and to consider in particular the global stability of the stationary normal
solutions. We will first recall some standard results on the time independent model
including the Giorgi-Phillips Theorem and will then focus on the role of the electric
current in comparison with the role of the exterior magnetic field for the time
independent problem. The recent theorems have been obtained in collaboration with
Y. Almog, X. Pan, R. Henry, K. Beauchard, and L. Robbiano or by R. Henry alone.
This survey is a short version of a course given in July 2013 in Berder, supported by
the programme ANR 2011 BS01019 01 NOSEVOL.

1 The Ginzburg-Landau model for superconductivity

1.1 The Ginzburg-Landau functional

Let us describe the mathematical problem. It is naturally posed for domains in R3,
but for cylindrical domains in R3, it is natural to consider a functional defined in
a domain 2 C R2?, where £ is the cross-section of the cylinder. This explains
why we also consider models in R? and we will here only consider this case.
We assume to simplify that §2 is connected and simply connected. The Ginzburg-
Landau functional is defined by
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2
908 = [ (aarv =yl + o) ax
+(KU)2/ |curl A — B)? dx, (1)
o)

where, with x = (x, y), dx denotes the Lebesgue measure dxdy. Here the function ¥
is called the order parameter (or sometimes the wave function) and A is a magnetic
potential. For A = (A1,A), curl A = 3,4, — 9,A; and V,,4 denotes the magnetic
gradient: V 4 ik A. The symbol B denotes a reference magnetic field and is called
the external magnetic field or the applied magnetic field (in the constant magnetic
field case, we take 8 = 1), which is assumed to be in L*(£2). The parameter k > 0
(the Ginzburg-Landau parameter) depends on the material, and o > O (or rather the
product ko) is a measure of the strength of the external magnetic field.

We are concerned with the analysis of the asymptotic regime k — +o00, which
corresponds to strong type II samples.

We will sometime write ¢ = ¥, ,, if we want to mention the parameters involved
in the definition of the functional.

The natural domain of the functional is H'(£2,C) x H'(£2,R?). However, due
to the gauge invariance of ¢, it is better to restrict the functional to the smaller set
H'(£2,C) x H}, (£2), where

H. (2) = {V =(Vi,V2) e H'(2,R)? | divV =01in£2,V-v=0on a.(z}.
(@)

We define the Ginzburg-Landau ground state energy to be the infimum of the
functional, i.e.

E(k,0) := inf Yo (P, A). 3)
(Y. A)EH! (2)xHL,(2)

If F is the unique magnetic potential in H} (£2) such that:
curlF = g,

we observe that:
Yco(y = 0,F) = 0, which implies the inequality:

E(k,0) <0. “)

The pair (0, F) is called normal state in Physics and we will, in particular, study
when we have equality or strict inequality in (4).
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1.2 Minimizers and Ginzburg-Landau equations

As £2 is bounded, the existence of a minimizer is rather standard. A minimizer
should satisfy the Euler-Lagrange equation, which is called in this context the
Ginzburg-Landau system and reads:

—Aonty = (1= [V Py, N 5
curl (curl A — B) = —L (W VKJAI//) ( M , (52)
V- Viga¥ =0,
curl A — B = (),} on 9%2. (5b)

Here, — A4 is the magnetic Laplacian:
—Awor = (Dy + k0A))? + (D, + k0A)?, with D, = —id,, D, = —id,,
and
curl ’A = (0y(curl A), —0,(curl A)).

The analysis of the system (5) can be performed by PDE techniques which are
recalled in [18]. We note that this system is nonlinear, that H 1(£2) is, when £2 is
bounded and regular in R?, compactly embedded in L”(£2) for all p € [1, +00).

Actually, the nonlinearity is weak in the sense that the principal part is a linear
elliptic system. One can show in particular that the solution in H'(£2, C) x H} (£2)
of the elliptic system (5) is actually, when £2 is regular, in C*° (5)

1.3 Basic properties for solutions of the Ginzburg-Landau
equations

The first important property which is a consequence of the maximum principle is

Proposition 1. If (,A) € H'(2) x H' (2, R?) is a (weak) solution to (5), then

[Vllree@) < 1. (6)

Using Proposition 1, we can get (see [18] for details) various a priori estimates
on solutions to the Ginzburg-Landau equations (5), which play an important role in
the whole theory.

Proposition 2. Let 2 C R? be bounded and smooth, and let B € L*(2) be given.
Then for all p > 2, there exists a constant C = C(p) > 0 such that for all solutions
(¥, A) € H'(2) x H} (£2) to (5), we have
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IVesatlly < 11l (M
IVioall2 = k¥l ®)

C
lcurl A = Bllwir) = E”w”oo IVioatllp - €))

1.4 The Giorgi-Phillips Theorem for minimizers

We observe that (0, F) is a trivial critical point of the functional ¢, i.e., a trivial
solution of the Ginzburg-Landau system (5). The pair (0, F) is often called the
normal state or normal solution. It is natural to discuss—as a function of o—
whether this pair is a local or global minimizer. When o is large, one will show that
this solution is effectively the unique global minimizer. One says that in this case
the superconductivity is destroyed. In other words, the order parameter is identically
zero in £2 . Let us give a rather simple proof of this result that roughly says that (0, F)
is the unique minimizer of the functional when the strength of the exterior magnetic
field is sufficiently large. We will actually show a stronger result for all the solutions
of the associated Ginzburg-Landau system.

So we assume that we have a nonnormal stationary point (¥, A) for ¢, that is a
solution (¥, A) € H'(£2) x HY, (£2) of (5) satisfying

[Q [¥(x)|*dx > 0. (10

By (8), (9), and (6), and using a standard inequality on the curl — div system for
controlling ||A — F||? in £2 by |lcurl A — B, we get

IVeoa¥ |13 + (ko)*|A = F|3 < Cor®[[Y]3 . (11)

Writing A = A — F + F and implementing (6) and (11) give

/ |(V + ikoF)y|* dx < 2C9K2f | (x)|* dx . (12)
2 2

Since ¥ satisfies (10), we obtain
M (oKkF) < 2Cqi?, (13)

where A} (0kF) denotes the ground state energy of the Neumann realization of
—Agr in 2.

We observe that AY(c«F) > 0. So by combining an analysis in the small
B regime (perturbation theory) and for large B (see below Theorem 2), and the
continuity of B — A} (BF), we get the existence of a constant Cy > 0 such that
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/Vlv(mcF) > CL min(ok, (0k)?). (14)
0

Thus, we find that if a nontrivial stationary point (1, A) exists, then
o0 <C(+«).

What we have obtained can be reformulated as the following theorem.
Theorem 1 (Giorgi-Phillips). Let 2 C R? be smooth, bounded, and simply
connected, and let B in (5) be continuous and satisfy
B(x) > cpin > 0, Vxe $2.
Then there exists a constant C such that if

o > Cmaxi{k, 1},

then the pair (0, F) is the unique solution to (5) in H'(2) x H, (£2).
We have used in the proof of Theorem 1:

Theorem 2 (Lu-Pan).
AV (BF) = Bmin(b, ©yb’) + o(B),

where ©y € (0,1), b = infeg B(x) and b’ = inf,cy B(x).

Two models are indeed involved in the proof by localization: the model with
constant magnetic fields

(.~ B0 + 0, + SBes ey

in R? and the Neumann realization of the same operator in Rﬁ_.
The bottom of the spectrum of the first one is B|B(x;, y;)| and the bottom of the
spectrum of the second one is &yB|B(x;, y;)|.

Remark 1. In this form this theorem is due to Lu-Pan [32]. Many improvements
concerning the control the remainder term o(B) have been obtained (see [18] and
the references therein and for more recent references [34] or [24]).

Remark 2. The Giorgi-Phillips statement is the starting point of the analysis of the
third critical field corresponding to the transition between normal minimizers and
non-normal minimizers. We refer to the books of Fournais-Helffer [18] and Sandier-
Serfaty [37] for a detailed analysis of the behavior of these critical fields and the
references therein.
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To conclude this section, we treat the case when § vanishes in §2 but
B + [VBX)| = Cpin > 0. (15)

More precisely, introducing Z°(8) = B~1(0), one has the theorem:
Theorem 3 (Pan-Kwek).

A (BA) 2
im S =), (16)
where
1,3 . . 3
() =min | 505 il VAL _inf @) VAMIL. (7

where Vg is defined in (29) and ¥ (x) denotes the angle between curl  and the
tangent vector of 082 at x and {(§) denotes the lowest eigenvalue of the Neumann

2 .
realization of —An, in Rﬁ_ with Ay = —% (cos ¥, sin}) .
As a consequence, we can extend the Giorgi-Phillips theorem to this case.

Theoregl 4. Let 2 C R? be smooth, bounded, and simply connected, and let B be
in C*(82) and satisfying (15). Then there exists a constant C such that if

o > Cmax{k?, 1},

then the pair (0, F) is the unique solution to (5) in H'(2) x H, (£2).

Notice that a more precise statement is given in [33] in the limit « large.

2 Time-Dependent Ginzburg Landau I: models

2.1 The model in superconductivity

The physical problem is posed in a domain £2 with specific boundary conditions
which will be discussed later. We will first analyze here limiting situations where the
domain, possibly after a blowing argument, becomes the whole space (or the half-
space). We work in dimension 2. We assume that a magnetic field of magnitude
J¢, is applied perpendicularly to the sample and identified (via its intensity) with
a function. We denote the normal conductivity of the sample by ¢. Then the
time-dependent Ginzburg-Landau system (also known as the Gorkov-Eliashberg
equations) is in (0, 7) x £2 :

WY +ikgpy = Ay + (A = |y Py,

_ (18)
k*curl A 4 ¢(3,A + Vo) =k Im (¢ - Vea¥r) + «curl A,

where the new object is the electric potential ¢.
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In addition, we assume that (1, A, ¢) satisfies an initial condition at # = 0. Note
that many physicists are assuming that curl 57, = 0 and this is what we will do in
the next section.

In order to solve this equation, one should also define a gauge (Coulomb,
Lorentz,...). The orbit of (i, A, ¢) by the gauge group is

{(exp(ikq) ¥, A+ Vq,¢ — d,9) | q € 2},

where 2 is a suitable space of regular functions of (7, x,y). We refer to Bauman-
Jadallah-Phillips [6] (Paragraph B in the introduction). We will choose the Coulomb
gauge which reads divA = 0 for any ¢. Another possibility could be to take
divA = w¢ (Lorentz gauge). As in the analysis of the time independent case, the
“normal” solutions will play an important role.

2.2  From Ginzburg-Landau to TDGL

Let us make the parallel between the standard GL case and TDGL at the level of
the models. The Schrodinger operators with constant magnetic field in R? and in
Rﬁ_ are the basic models for analyzing the general Schrodinger operator in §2. For
TDGL, the models are D} 4 D} + icy, in R*, D} + D} + ic(xcos 6 + ysin6) in
R? (affine case), D? + (D, — ax?)> + i cy in R? analyzed in [3] and in R in [4, 5]

D)zc + (Dy —a(xsind — ycos 0)*)? + ic(xcos 6 + ysinf)

(only in the case 6 = 7). Here we have used the notation D, = —id,, D, = —id,.

The results obtained in [3—5] correspond in some sense to the results which have
been obtained for the Schrodinger operator with constant magnetic field for the
analysis of the time independent problem. In the TDGL case, we are facing many
new difficulties:

e Treat the spectral analysis of non self-adjoint problems. Already in the linear
case, the decay of the associated semi-group does not depend uniquely on the
knowledge of the spectrum, but also on resolvent estimates in the complex planes.

* The notion of stationary solutions has to be defined.

* The global existence of solutions has to be proved.

e The notion of stability has to be defined. Roughly speaking we hope to find
conditions on the initial data and on the current implying the convergence of
the solution to the stationary one and to measure the decay.

¢ The technical problems relative to the existence of corners have to be controlled.
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2.2.1 Stationary normal solutions: first analysis

We now determine the stationary (i. e. time independent) normal solutions of the
system. From (64), we see that if (0, A, ¢) is such a solution, then (A, ¢) satisfies
the system

«*curl (curl A) + ¢V¢ = «*curl #,, divA =0 in 2. (19)

Interpreting these two equations as the Cauchy-Riemann equations, this can be
rewritten (in addition to the divergence free condition) as the property that

K*(curl A — ) + ico,

is an holomorphic function in £2.

2.3 Special situation: ¢ affine

Here we follow the exposition of [22] and the reader can also look for a more
elementary presentation at the last chapters of [23]. As simplest non trivial example,
we observe that, if 2 = R2, (18) has the following stationary normal state solution

2
A= i(Jx +h)3%0,1), ¢ = K—Jy. (20)
2J S

Note that curl A = (Jx+ h), that is, the induced magnetic field equals the sum of the
applied magnetic field & and the magnetic field produced by the electric current Jx .

For this normal state solution, the linearization of (18) with respect to the order
parameter is

i3Iy

oy + V=AY + i7K(Jx + )0,y — (2K—J)2(Jx + )+ Py (1)

Applying the transformation x — x — h/J and taking for simplification k = 1, the
time-dependent linearized Ginzburg-Landau equation takes the form

W o 02 (Lo
i =AY+ R <4Jx 1)1//. 22)

Rescaling x and 7 by applying: t — J?/3t; (x,y) — J'/3(x,y), yields

B = —(Ho — M, 23)
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where
2 1 2\2 .
A ::Dx+(D_,,+§x) +icy, (24)
and

c=1/¢: A= u(x,y. 1) = (I~ P, Py R

1 .

Our main problem will be to analyze the long time property of the attached semi-
group. We now apply the transformation
icyt

u—ue

to obtain
2 1, 2
O = — | Diu+ (Dy + 2x* —c)’u—hu ) . (25)

Note that considering the partial Fourier transform with respect to the y variable, we
obtain for the partial Fourier transform & of u:

it = —D*ii — [(%xz + (—ct + w)>2 - A} i (26)

This can be rewritten as the analysis of a family (depending on w € R) of time-
dependent problems on the line

0/t = —L///g(lyw)ﬁ + An, 27

with .#g being the well-known anharmonic oscillator (also called the Montgomery
operator in other contexts):

My = D; + (%xz +B)%, (28)
and
Bt,w) =—ct+w.
An important quantity appearing also in Theorem 3 is

Do = igf v(B). (29)

where v(B) is the ground state energy of .#/3.
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2.4 The results by Almog-Helffer-Pan [3]

The main point concerning the previously defined operator .27 . is to obtain an
optimal control of the decay of the associated semi-group as t — +00.

Theorem 5. Ifc # 0, o = <A has compact resolvent, empty spectrum, and
there exists C > 0 such that

22
| exp(—ta?)|| < CXP(—\/T_CIW 24 4) , (30)

foranyt > 1and
—1 L3 3/2
I =17 < exp( —O1A) + CO1)Y2). (3D

for all A such that R A > 1.

Here a semi-classical analysis of the operator .# as | 8| — oo plays an important
role. We refer to [3] for details and to [21] for the involved semi-classical analysis.

If we consider instead the Dirichlet realization «7” of % in {y > 0}, it is easily
proven that </ has compact resolvent if ¢ # 0. We prove in [4] that if the spectrum
of o7P is not empty then the decay of the semi-group exp —t.27” is exponential with
a rate corresponding to inf.e(p) N z. We will explain the argument in the case of
a simpler model: the complex Airy operator. We also conjecture in [4] that ¢ (/")
is not empty and give a proof of the statement for |c| large enough and in [5] for |c|
small enough.

2.5 A simplified model : no magnetic field

We assume, following Almog [1], that a current of constant magnitude J is being
flown through the sample in the x axis direction, and that there is no applied
magnetic field: # = 0. Then (18) has (in some asymptotic regime) the following
stationary normal state solution

A=0, ¢=Jx. (32)
For this normal state solution, the linearization of (18) gives
O +ilxy = A + v, (33)

whose analysis is (see ahead) strongly related to the Airy equation.
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The complex Airy operator in R

This operator can be defined as the closed extension .27 of the differential operator
on C°(R) o/t := D? + ix. We observe that &/ = (o/;)* with o/, := D> —ix
and that its domain is

D(«/) = {u € H*(R), xu € L*(R)}.

In particular <7 has compact resolvent.
It is also easy to see that

N{(Aulu)y>0. (34)
Hence —.¢ is the generator of a semi-group S, of contraction,
S; = exp—to/ . 35)

Hence all the results of this theory can be applied.
In particular, we have, for R A < 0

1
— _1 —
I =07 = 5 (36)

A very special property of this operator is that, for any a € R,
T, = (& —ia)T,, (37)
where T, is the translation operator (7,u)(x) = u(x — a) .
As immediate consequence, we obtain that the spectrum is empty and that the
resolvent of <7, which is defined for any A € C satisfies
(7 =) = [[(/ =R D)7 (38)
One can also look at the semi-classical question, i.e. consider the operator
o, = D> +ix, (39)
and observe that it is the toy model for some results of Dencker-Sjostrand-Zworski

[13]. We refer for more details to the lectures by J. Sjostrand [38].
The most interesting property is the control of the resolvent for it A > 0.

Proposition 3 (W. Bordeaux-Montrieux [8]). As R A — 400, we have

I 4 3
(o — )7 ~ \/g(mx)w exp 3 (H4)?, (40)
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This improves a previous result by J. Martinet (see in [23]). The proof of the (rather
standard) upper bound is based on the direct analysis of the semi-group in the
Fourier representation. We note indeed that

d
FD:+in)F =8~ E 41)
Then we have
A

F8§,.F v = exp(—£%r — £1* — E)U(S +1), (42)

and this implies immediately

2 , B i
= —Et—Er——) = ——). 4

18] = expmax(~£% — &° — 3) = exp(—13) 3)

Then one can get an estimate of the resolvent by using, for A € C, the formula
+o00
(o7 — 27! = / exp—t(/ — A)dt. (44)
0

For a closed accretive operator, (44) is standard when :t A < 0, but estimate (43)
on S, gives immediately an holomorphic extension of the right-hand side to the
whole space, showing independently that the spectrum is empty (see Davies [12])
and giving for A > 0 the estimate

+o0 l3
I =27 = [ expliar - Ty 45)
0 12
The asymptotic behavior as A — 400 of this integral is immediately obtained by
using the Laplace method.
2.6 Pseudo-spectra and semi-groups

We now analyze the properties of a contraction semi-group exp —t&/, with &/
maximally accretive. As before, we have, for R A < 0,

(& —1)7!| < (46)

[RA]

If we add the assumption that Im < /u, u >> 0 for all u in the domain of < and
if Im A < 0 one gets also a similar inequality, so the main remaining question is the
analysis of the resolvent in the set R A > 0, ImA > 0, which corresponds to the
numerical range of the operator.
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We recall that for any € > 0, we define the e-pseudospectra by
_ 1
() = A eCll[( =17 > ok

with the convention that ||(&/ — 1)7'|| = + o0 if A € o ().
We have

Neso () = 0(H).
We define, for any € > 0, the e-pseudospectral abscissa by

Ge(/) = inf Nz,
ZGEG(.Q{)

and the growth bound of <7 by
N .1
wo(</) = lim —log||exp—t<||.
t—>+oo 1

Of course, we have

lim &.(«) < inf Nz,

€—>+00 z€0 ()

33

(47)

(48)

(49)

(50)

(D)

but the equality is wrong in general. The right behavior of the semi-group as

t — 400 is given by:

Theorem 6 (Gearhart-Priiss). Let o7 be a densely defined closed operator in a

Hilbert space X such that —<f generates a contraction semi-group, then

lim & (/) = ~d0(/)

(52)

We refer to [15] for a proof and to [25] for a more quantitative version of this

theorem which is particularly useful when parameters are involved.

2.7 The complex Airy operator in R*

Spectral analysis

Here we mainly describe some results presented in [1], who refers to [30]. We
consider the Dirichlet realization &/ of the complex Airy operator D? + ix on

the half-line. We have

R (Pulu) >0, Yu € D(P),

(33)
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and 27P is the generator of a semi-group of contraction, whose adjoint is described
by replacing in the previous description (D? + ix) by (D?> — ix). The operator is
injective and its spectrum is contained in WA > 0. Moreover, it has a compact
inverse, hence the spectrum (if any) is discrete.

Using what is known on the usual Airy operator, Sibuya’s theory and a complex
rotation, we obtain [1] that the spectrum of <7? is given by

o(P) = UL}, (54)
with
T
Aj = —(exng) M), (55)
the ;s being real zeroes of the Airy function satisfying
0>/L|>"'>Mj>ﬂj+1>"'. (56)

It is shown in [1] that the vector space generated by the corresponding eigenfunc-
tions is dense in L?>(R™). But there is no way to normalize these eigenfunctions for
getting a good basis of L>(R™). We refer to Y. Almog [1], E.B. Davies [11] and to
R. Henry [27, 28] who shows that the norm of the spectral projector m, associated
with the n-th eigenvalue increases exponentially like exp an for some o > 0.

Decay of the semi-group

We now apply Gearhardt-Pruss theorem to .27” and our main theorem is

Theorem 7.
Do(AP) = —NAy. (57)

This statement was established by Almog [1] in a much weaker form. Using the first
eigenfunction it is easy to see that

||exp —1a7P|| > exp—R A, 1. (58)
Hence we have immediately
0> dg(#P)>-RA. (59)

To prove the reverse inequality, it is enough to show the following lemma.

Lemma 1. For any a < RN Ay, there exists a constant C such that, for all A s.t.
RN <«

Il@” -2~ <cC. (60)
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Proof. By assumption, A is not in the spectrum. Hence the problem is just a control
of the resolvent as |ImA| — +o0. The case, when ImA < 0 has already been
considered, so it remains to control the norm of the resolvent as ImA — 400 and
N A € [—a, +«]. The main idea is that when Im A — 400, we have to inverse the
operator

DX +i(x—ImA)— R A.

If we consider the Dirichlet realization in the interval ]0, % [of D? +i(x—ImA)—
I A, itis easy to see that the operator is invertible by considering the imaginary part
of this operator and that this inverse R (A) satisfies

2
RM| £ —.
RO <

Far from the boundary, we can use the resolvent of the problem on the line for which
we have a uniform control of the norm for R A € [—«, +«].

Physical interpretation

Coming back to the application in superconductivity (with ¥ = 1), one is looking at

the semi-group associated with o7; := ch + iJx — 1 (where J > 0 is a parameter).
The stability analysis leads to a critical value

Jo=MAa)77, 61)

such that :

e ForJ € [0,J.[, || exp—te|| — +o0 ast — +o0.
e ForJ > J., ||exp —teZj|| - 0 ast — +o0.

This was obtained in [22] improving Lemma 2.4 in Almog [1], who gets only this
decay for || exp —taZ; ||, with ¥ in a specific dense space.

2.8 Higher dimension problems relative to Airy
Here we refer to [1] and [26].

The model in R?

We consider the operator @ := —A,, + ix, and first show:
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Proposition 4.

o(h)=10. (62)

Proof. After a Fourier transform in the y variable, it is enough to show that (Ef; —A)
is invertible with ﬂ/f\z = D? +ix+n*. We have just to control for a given A € C, the
resolvent (D? + ix + n*> — A)~! (whose existence is given by the one-dimensional
result) uniformly in .2 (L?(R)) with respect to 1.

The model in R%r : perpendicular current

Here it is useful to reintroduce the parameter J, which is assumed to be positive.
Hence we consider the Dirichlet realization MZD L =—A,,+iJx,in ]R%r ={x > 0}.

Proposition 5.

o () = Upsgjen+ (A + 1) . (63)

Proof. For the inclusion U,=q jex+ (A; 4+ ) C o' (%”"), we can use L™ eigenfunc-
tions in the form (x,y) — u;(x) expiyn, where u; is the eigenfunction associated
with A;. for the reverse inclusion, we observe that we can control uniformly the
resolvent (&/? — A + n?)~! with respect to n under the condition that

A& Urzojens (4 + 7).
It is enough to observe the uniform control as n> — 400 which results of (46).

Remark 3. The case when the current is not perpendicular has been treated by B.
Helffer [22], R. Henry [26, 29]. The spectrum is actually empty.

Remark 4. The analysis of the previous models permits actually the semi-classical
analysis of the spectrum and of the resolvent for the Dirichlet realization of —h? A +
iV(x) in L2(£2). Here V is a C* potential such that VV # 0 in £2. Then using the
results for the models, one can (see [1, 29]) get a lower bound for

lim islfh_% (inf R o () .

3 Time-Dependent Ginzburg-Landau equation II:
general case

The starting point on the mathematical side is a paper of Yaniv Almog [1]. This work
was continued in collaboration with Y. Almog and X. Pan [3-5] by the analysis of
specific toy models. In [2] (in collaboration with Y. Almog) a rather general situation
is considered showing how the toy models are involved in the question.
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3.1 Boundary conditions

We consider a superconductor placed at a temperature lower than the critical one.
It is well understood from numerous experimental observations that a sufficiently
strong current, applied through the sample, will force the superconductor to arrive
at the normal state. To explain this phenomenon mathematically, we use the time-
dependent Ginzburg-Landau model which was already defined in (18) without to
make explicit the boundary conditions and in a different scaling. Hence we consider
more precisely the following system of equations, referred to as (TDGL1) (Time-
Dependent Ginzburg-Landau equation),

Iy

§+i¢1/f=AA1/f+¢(1—|l/f|2), inRy x £,
(64a)

2 2 0A - . .

k“curl “A 4 ¢ E—I—V(p =Im®@ - (V+iAY), inRy x £,
(64b)

V=0, onR; x 082,
(64c)

V+iAy-v=0, on Ry x 082;,
(64d)

0A

g(E+V¢).v:J, onR; x 082,
(64e)

g(a(r)—?—}—V(i))-v:O, on Ry x 082;,
(641)

1

—_— curl A(z,x)ds = h,, , onR, ,

921 Jyo " A .
(64g)

W(va) = Wo(x) s in £2 B
(64h)

A(0,x) = Ap(x), in £2.
(641)

In the above, ds denotes the induced measure on 3£2. The domain 2 CC R?,
occupied by the superconducting sample, has a smooth interface, denoted by 952,
with a conducting metal which is at the normal state. The rest of the boundary,
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denoted by 0£2;, is adjacent to an insulator. To simplify some of the arguments
(or simply have a proof) we introduce the following geometrical assumption on 92:

(a) 082; and 882, are of class C*;
(R1) § (b) Near each edge, 0£2; and 952, are flat (65)
and meet with an angle of 7 .

We also require:
(R2) Both 052, and 0§2; have two components. (66)

Figure 1 presents a typical sample with properties (R1) and (R2).
We require that J is a smooth current

J = hJ, 67)
satisfying
J1) J, e C*H0R2.), (68)
v2) / Jyds =0, (69)
082
and
(J3) the sign of J, is constant on each connected component of 952, . (70)
Fig. 1 Typical 0.
superconducting sample. The
arrows denote the direction of
the current flow
(J;, for the inlet, and J,,,; for
the outlet).
ox; 0,

o0,
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We assume, for the initial conditions (64h,i), that

Vo € H'(£2,C) and Ag € H'(2,R?), (71)
and:
[Volloo < 1. (72)
We consider Coulomb gauge solutions of (64):
divA=0in£22,A-v=00n0ds2. (73)

Note, however, that for the proof of existence of solutions it is better to consider first
solutions in the Lorentz gauge: div A = w ¢, keeping the condition A-v = 0 on 952.

Equivalent boundary conditions: From (TDGL1) to (TDGL?2)

Instead of considering the boundary conditions (64e,f,g), it is possible to use
an equivalent boundary condition where we prescribe instead the magnetic field
(see (80) below. By (64b,e,f), on each point on 92, except for the corners, we have

icurl A, = i](-), (74)
ot K2

where d/0dt denotes the tangential derivative along 952 in the positive direction. For
convenience we set

J(x) =0o0n d82;. (75)

Thus, if we introduce on the boundary the function B by
curl A(¢,x) = hB,(t,x) onad$2, (76)

where £ denotes a parameter measuring the intensity of the magnetic field.
One can recover the magnetic field B(, -)

B (t.x) = hy, — % / | (%,x)| J,(%)ds(F) forx € 382 77
k*|082| Jao

where
h, = hex/h (78)

and |I"(x, x)| is the length inside the boundary between x and Xx.
This shows that B,(t, x) = B,(x) on the boundary, hence is time independent.
Note also that the condition (74) gives:

The magnetic field B is constant along each component of 082; . (79)
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Hence the system (TGDLI1) is equivalent to the system (TGDL2), consisting in
the same equations except (le-1g) replaced by:

curl A(t,x) = hB,(x), on R} x 082, (80)

where B, is given by (77).

Of course functional spaces should be introduced to give a precise mathematical
sense to this statement of equivalence.

Conversely, a solution of (TGDL2) must satisfy (TGDL1) with

0B,
J, =2 3 on 452,
T

and

ol
hy = — B, (x)ds.
562] o Bt

3.2 Stationary normal solutions

If we assume a time independent solution of (TDGLI1) in the form (0, A,,, ¢,,), we get
for the magnetic and electric normal potentials A, and ¢, the following equations:

—ccurl ’A,, + V¢, =0 in$2,
—g ¥ =, on 982, (81)
|3_}Q\ Sy curl A, ds = h,,

in which
c=«k%/c. (82)
If we fix the Coulomb gauge for A,, we can prove the existence, uniqueness, and

regularity of solutions to the above problem.
Note that ¢, is a solution of

A¢n=Oin[Z,/ $ndx =0, (83)
2

and

0n

—-c % =J,ondsf2. (84)
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This is the problem with Neumann boundary condition but in a domain with
corners. One can prove the H>-regularity when the angle is - (See Kondratev [31],
Grisvard [20], Dauge [10] for these questions of regularity).

The next assumption (which can be expressed in term of J and A,,) is

(B) B,:=curl A, # 0 atthe corners. (85)
For some of the results, we assume for technical reasons
(C) V¢, L322 onB,'(0)Nas. (86)

To recover A,, we first determine B, modulo a constant. The constant is fixed by the
mean value. We recover A,, uniquely by choosing the Coulomb gauge.
We can now state:

Theorem 8. Suppose that §2 satisfies condition (R1) and that B is in H > (082)
(on each regular component of d82). Suppose further that (Yo, Ao) satisfies (71)
and (72). Then, there exists a unique weak solution (Y., A, ¢.) of (TGDL2) in the
Coulomb gauge. Moreover, this solution is strong and

Vet Moo <1, Vt>0. (87)

Finally, let A\ = A, — hA,, where A, is the previously constructed normal solution.
Then

A] €L2

loc

([0, +00); H*(£2,R?)). (88)

We can now return to the solution of (TGDL1).

Theorem 9. Under the assumptions of Theorem 8, assuming that j is given by (68)—
(69), and B, by (77), the solution of (TDGL2) has the additional property that ¢. €
C([0, +00); W'P(R2)) for all finite p, and is a solution of (TDGLI).

3.3 The question of stability

Here we continue to discuss the results of [2]. One possible mechanism which
contributes to the breakdown of superconductivity by a strong current is the
magnetic field induced by the current. In the absence of electric current, it was
proved (see our first section) by Giorgi-Phillips in [19] that, when a sufficiently
strong magnetic field is applied on the sample’s boundary (or when 4, is sufficiently
large), the normal state, for which v = 0, becomes the unique solution for
the steady-state version of (64) (cf. also Fournais-Helffer [18] and the references
therein).
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For the time-dependent Ginzburg-Landau equations it was proved in Feireisl-
Takac [16] that every solution must reach an equilibrium in the long-time limit.
When combined with the results in [19] it follows that when the applied magnetic
field is sufficiently large the normal state becomes globally stable. This will be
discussed in Subsection 3.6.

No such result was available in the presence of electric currents before [2]. The
results in [16] are based on the fact that, in the absence of currents, the Ginzburg-
Landau energy functional serves as a Lyapunov functional. In the presence of a
current one has to take account of the work it produces, which does not necessarily
decrease the energy (cf. [35] for instance).

Moreover, the magnetic field is not the only mechanism which forces the sample
into the normal state when the electric current is sufficiently large.

Consider the reduced model where one neglects the induced magnetic field and
set A = 0 in (18). It has been proved in [1, 30, 36] that the normal state is at least
locally stable when the current is sufficiently strong. In a recent contribution [4], it
has been shown that the critical current where the normal state loses its local stability
tends to the critical value for the reduced model [30] in the small conductivity limit,
or when ¢ — oo. This result suggests that stability is being forced not only by the
magnetic field that the current induces, but also by the potential term in (64a).

In [2] we proved global stability of the normal state, as a solution of (64), for
sufficiently large currents (see Section 2). We begin by proving global existence and
uniqueness of solutions for (64) and obtain their regularity. While these questions
have previously addressed (cf. [9, 17], and [14] to name just a few references) the
fact that the boundary is not smooth at the corners requires in [2] some additional
attention.

3.4 A non self-adjoint operator

Let
Ly = —Am, +ihgy,
be defined (Dirichlet-Neumann problem) over the domain
D(%) = {ue H*(R) | ulpo. = 0; Vu-v|po =0}.

We prove in [2] that a proper bound on the resolvent of .%,, which is the elliptic
operator in (64a) linearized near (0, hA,,, h¢,) gives the stability.

Theorem 10. Let v > 0. There exists kg > 0 and C; > 0 such that, if for some
K > Ko we have
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C

sup [[(Z —iy =) < 1= =, (89)
y€R K
then, any solution of (64) must satisfy
o0
/ e [yt ) 3 dr < oo (90)
0

Assumption (89) does not guarantee that the semigroup necessarily becomes a
contraction in the long-time limit. The above stability is proved in the large « limit.

As the resolvent of .%}, in an arbitrary domain is difficult to control, we provide
an estimate of its norm for large values of 4, which can be applied for either large
domains, or large « values.

3.5 Large domains 2y

Having in mind the assumptions in Theorem 10, our aim is to show that the norm
of the resolvent can be controlled from two approximated problems, with constant
current defined either in R? or in R%r with Dirichlet boundary conditions.

From resolvent estimates, together with the results of Almog-Helffer-Pan in
[3-5], we deduce that the critical current, for which the normal state loses its local
stability, can be approximated by the same critical current obtained for the above
Rﬁ_ problem. Before to give a precise statement let us describe the toy models.

Two toy models

We now give the definitions of these model operators in R? and Rﬁ_ = {y > 0}.
These models depend on two real parameters ¢ # 0 and j.
The first one is

A (j,c) = D} + (Dy — ix*)* + icjy, 1)
defined on
D(/) = {u € *(R?) | /u € L*(R?)}. (92)

It has empty spectrum and we have a good control of the resolvent depending only
on the real part of the spectral parameter.

The second one is .74 (j, ¢), which is defined (via the Lax-Milgram theorem) by
the same differential formula of .27 but on the domain

D(ety) ={ueV : ouel*(R%,C), (93)

where
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V = Hy™(R2,C) N L2(R%, C; ydxdy). (94)

Here the analysis of the spectrum is more difficult. The guess is that it is non-empty.
This is only proven for |c| large enough or small enough [4, 5].

Towards the next theorem

We set, for z € 2,

i) = MBI = “1Va, )1, 95)
and then define
A (z) = H((2),0) ; d4(2) = 2+((2),¢) (96)

Under all of the above assumptions B, ! (0) is either empty, or else consists of a
single curve I" connecting between the two connected components of 952,.

We treat the second case. We denote the two points of intersection by z; and z;
and then set

Vu(z1,22,¢) = min  inf  RA. 97)
i=12 A€o (s (z))

Large domain limit

Let then R > 0. We denote by §2; the image of §2 under the dilation x — Rx We
assume that the domain 2 has the property (R1)-(R2) and that assumptions (J1)—
(J3), (B) and (C) are met.

Denote the transformed electric field by ¢g. It satisfies the problem

A¢R:O inQR,

¢ _ _ Jr()
v = —T on B.QR ,

where
Jr(@) = J.(x/R).
Note that
Pr(x) = Rpu(x/R).

The transformed magnetic potential, which we denote by Ag then satisfies
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Ar(x) = R*A,(x/R) .

Let then
L= ~Vip, +ihdr. (98)
and let
W(R) = Aeziyr(l;{*) RA and oo = l}enl)icgf/L(R) . (99)

The following theorem is proved in [2]:

Theorem 11. Under the previous assumptions, [L(R) has a limit as R — 400,
which is given by

Moo = Vi -

Furthermore, let us assume that v < [Leo. Then there exist Ry, C, such that, for
R = Ry,

sup (L —v —iy) 7| <
y€ER

C
j— _1 . —_— _. _1 —
max ( sup 1 zo) = )7 sup ) = v = i)~ 0) (14 )
i=12
C

+ o (100)

One can deduce from (100) an upper bound for the critical current where the
normal state (0, hA,,, h¢),,) becomes globally stable. Let

jm = infj(2), (101a)
z€l’

and

o = inf j(z). (101b)

When the domain size is multiplied by R, the resolvent norm of %, is given by
the left-hand side of (100). By (89) it then follows that if R and « are sufficiently
large, and if

im > /711, 0) [P (102a)
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and

i+ > sup [[((1,¢) —iy) 7', (102b)
y€ER

then the normal state must be globally stable. The above conditions serve as an
upper bound for the critical current where the normal state becomes globally stable.

On the semiclassical side

The above regime corresponds to the spectral analysis of

D (hDy + A)? + ihg (x).
J

in the limit & — 0. With ¢p = 0, this analysis plays an important role in the analysis
of the superconductivity. In the above questions, we have V¢ - Vcurl A = 0 (see the
first line in (81)) and the zero set of curl A consists in a curve I joining two points
of the boundary where the Dirichlet condition is assumed.

When A = 0, a connected problem is to determine the bottom of the (real part
of the) spectrum under the assumption that ¢ is a Morse function and has no critical
point at the boundary. The answer depends on the presence or not of critical sets
inside §2. When there are no critical points, the case is treated in [1] (see also [29]).
One should look at all the points where V¢ is orthogonal to the boundary. Assuming
that these points are isolated, we will get the result by looking at the transversal Airy
operators computed at these points. That is looking at

h2D? + ih|V (xe) |t + ihe (xr)

in R™, with Dirichlet condition at 0. With j(x;) = |V¢(x¢)|, the smallest real part
is j(xg)%h% cos 5 a, where o is the lowest eigenvalue of the standard Airy operator

on R*. Actually, depending on the angle of V¢ with the normal, we get a model
inR? :
i

h*(D? + D?) + iJ(cos 0t + sin fs)

with boundary condition at = 0.

As we have seen in the study of models, the only case when spectrum is present
is the case when 8 = 0.

In the case where there are critical points in £2, we consider the complex
harmonic oscillator in R? obtained by considering the quadratic approximation of ¢
at the various critical points X;:

n*(D? + Dy) + ih(Hess  (x¢) (x,y) , (x,)) + ihgp (x¢).

In this case the bottom is of order & (h%) and this explains why these points will
have the dominant role.
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A similar question coming from control theory

In the (1D)-case, this question appears also in control theory (Beauchard, Helffer,
Henry, and Robbiano [7]) for two models

2 d2

H—rR) = _d_yz +iy and H{ pp = _d_)’2 + iy

2

defined on the segment (—R, R), R > 0, with Dirichlet boundary conditions at the
ends y = +R, with domains

DA —rpry) = D(H—rr) = Hy((—R.R): C) N H*((—R. R): C).
More precisely, we study the asymptotic behavior, as R — 400, of the bottom of

the spectrum of .o7_p gy and J#{_g ry and we use the following two theorems.

Theorem 12. Let (1 < 0 be the first zero of the Airy function. Then,

. . ||
Rll)n;o (1nf§)io(4a/(,R~R))) =5 (103)

where o (/g r)) denotes the spectrum of o/_g py.

Now, let us consider the case of Davies operator (or ‘complex hamonic
oscillator’)

Theorem 13.

2
lim (infR 0/(_pp)) = “/7_ (104)

R—00

where 0 (F(—g r)) denotes the spectrum of F(_g r).

Analogous questions have been considered in [1, 3-5] and [2]. These two
operators are analyzed thanks to technics developed in these references. The study
of more general cases (dimension 2) complementary to those studied in [1] and [2]
is done by R. Henry in [29].

3.6 The Giorgi-Phillips type theorem for stationary solutions

We finally come back to the discussion started in the second paragraph of Sub-
section 3.3. The aim is to establish the equivalent of Giorgi-Phillips theorem for
the stationary solutions of time-dependent equations. Of course, one can consider
different regimes according to the parameters. We only present one possible choice.
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We assume that /¢ = ¢ > 0, where c is fixed. In [2], it appears useful in order
to get a good scaling to take

J, =2, (105)

With this scaling, we assume that .7, and A, are independent of & and k, so B, is also
independent of & and « (see (80) and (77)). Looking at (83) and (84), we get a ¢,
which is independent of % and k, and through (81) the same property for A,,.

We now assume that we have a nonnormal stationary point (¥, A, ¢) of (64),
with condition (80) and that

[ ¥ (x)[>dx > 0. (106)

2

Then we get:
ipy = Aay + Y (1= Y], in g2, (107a)
k2curl 2A + ¢cVo = Im (¥ - (V + iA)Y), in 2, (107b)
¥ =0, on 482, , (107¢)
(V+iA)y-v=0, on 92;, (107d)
curl A = hB,, on 052;. (107¢)

Taking the scalar product with ¥ in the first line, we get (using also the boundary
condition)

,-/ ¢(x)|w(x)|2dx+||(V+iA)w||2+/ Weoldx = [WlP.  (108)
2 2

Now for the second equation, we take the scalar product with A — hA,, where
(0,A,, ¢,) is the normal stationary solution, and observing that divA = 0, we
obtain:

«%||curl (A — hA)||* = / (A=hA,) - Im(¥ - (V+iA)y)) dx. (109)
2
Now (108) implies
IV + Ay < [lvl]*. (110)
Playing with (109) leads first to

I2||A = hA,||? < Coi?||curl (A — hA,)|? < Coll(A = hA)|| [|(V + iA)y ] .
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Hence
KA = hA, || < Co [|[(V +iA)Y|| < ||yl

and we get
4 2 . 2 _F 2
K ||A = hAG|" 4+ [V + iAWY 7 < CollyI].

Comparing [, |(V + ihA,)¥|* dx and [, |(V + iA)¥|* dx leads to:

/Qw LAY dx < 2V + A + 21 (A — B[] 2.
and

[ |V + ihA) Y 2 dx < 2Co(1 + k) / () dx.
2 2

Since ¥ satisfies (106) and the Dirichlet condition on 952, we obtain
APN(hA,) < 2Co(1 + k77, (111)

where APV corresponds to the Dirichlet-Neumann realization of the magnetic
Laplacian (Dirichlet on 92, and Neumann on 952;). We now need an asymptotic
behavior of A”V(hA,) in order to get either a contradiction (if no h satisfies the
inequality) or an upper bound for A. Actually, a lower bound of APV will suffice.

Here, we observe that )L?N > )k]lv .

Observing that B, is continuous on 2 and harmonic in £2, the maximum
principle shows that the minimum B,,;,, of B, in §2 is attained on one component
of 0£2; and that the maximum B,,,, is attained at the other component. Assume
further that

(B) B, '(0) = @ or Bin <0 < By - (112)

Under this assumption, one can show (see [2]) that either B;'(O) is empty or
satisfy (15), Theorems 2 or 3 are consequently relevant for estimating 1Y (hA,,).

Theorem 14. Under the assumptions of Subsection 3.1 and of this subsection, there
exists, for any ¢ > 0, h, and J,, hy such that h > hy, k > 1, and K2/g = c, any
stationary solution of (TDGLI) is normal.

Note that ¢ = 0 is excluded from this last theorem. Hence the comparison with
the first statement of Giorgi-Phillips is not possible.
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Fixed Point Theory for 1-Set Contractions:
a Survey

Smail Djebali

(To the memory of Boris Nikolaevich Sadovskii)

Abstract In this report, we first review some classical results concerning the fixed
point theory for an important class of mappings for which the Banach contraction
principle fails, namely nonexpansive mappings. Both metric and topological fixed
point theory will be surveyed. We will also discuss some known results regarding
the extension to nonlinear contractions and to a-contractive mappings with respect
to some measure of noncompactness «. The second part of this survey paper will be
devoted to some recent progress and development of the fixed point theory of 1-set
contractions that have been achieved during the last couple of years. The theory for
different boundary conditions and when the corresponding space is endowed with
the weak topology are also discussed. Finally, some applications to equations of
Krasnosels’kii type and to the solvability of nonlinear integral equations of Volterra
type are presented.
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1 Introduction

The fixed point theory is of fundamental importance in almost all branches of
mathematics for many applied problems stem from mechanics, chemistry and
ecological problems may be formulated as nonlinear equations of the form u = Tu,
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where T stands for some nonlinear operator modeling the given equation or system
and obeys some physical laws. For these reasons, fixed point theory has attracted
many researchers for centuries. Presently, the theory has developed in several
directions and has become a wide domain and a very rich area of nonlinear analysis,
in theory as well as in applications. But still many questions remain open to the
specialists. The starting point is the case where T is a k-contraction mapping and is
related to the classical Banach fixed point (Theorem 1 below). Unfortunately, this
theorem fails in the limit case k = 1, i.e., for nonexpansive mappings. Indeed a
nonexpansive mapping on a Banach space need not have a fixed point as shows the
translation mapping 7T'(x) = x + xo for some xo € X \ {0}. Moreover, the identity
operator shows that in general uniqueness does not hold for nonexpansive mappings.

The aim of this article is to present first a brief account on the fixed point theory
for such mappings; we will focus on the main properties of the domains of mappings
as well as on the functional spaces under consideration. As a generalization of
nonexpansive mappings, we will be concerned in the second part of this work with
an important class of mappings, namely that of the 1-set contractions with respect to
some measure of noncompactness. The essential elements which have played a key
role in the development of the fixed point theory for these mappings during the last
four decades are surveyed. For further studies, the interested author may find most
important results in the rich literature given in the bibliography.

The plan of the paper is as follows. After an introductory section, we recall in
Sect. 2 the fixed point theory for nonexpansive mappings (generalities, approxima-
tion, structure of domain, geometry of space, nonlinear alternative, classical and
recent results, boundary conditions). The more general case of 1-set contractions
(MNC, first results, historical review, recent developments) is discussed in Sect. 3.
Sect. 4 is devoted to presenting the theory when the Banach space is endowed with
a weak topology and then some fixed point theorems are derived. We close this
survey paper with some applications to the sum of operators in Sect.5 and to the
solvability of two nonlinear integral equations in Sect. 6. The paper ends with a
concluding remark given in a short section.

A basic and a very important tool in the fixed point theory is the Banach
contraction principle ((1922) see e.g., [66]):

Theorem 1. Let (X,d) be a complete metric space and let T : X — X be a
contraction mapping, i.e., there exists 0 < k < 1 such that

d(T(x), T(y)) < kd(x,y), Vx,yeX.
Then there exists exactly one point X € X such that T(X) = X.

The fixed point X is obtained as the limit of the iterative sequence defined recurrently
by x,+1 = T(x,) and xy € X. The speed of convergence of this sequence to its limit
can also be estimated. Indeed, it is easy to check that for every x € X

n

11—k

d(T"x,x) < d(x, Tx).

This result has the following extension.
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Theorem 2. T has a unique fixed point whenever there exists m € {1,2,...} such
that T™ is a k-contraction, where T™ is defined recurrently by T°(x) = T(x) and
T (x) = T(T™)(x).

Proof (Sketch of the proof). For x € X, define ¢(x) = d(x, T"(x)). Then (¢(T"(x))),
is a Cauchy sequence, hence converges to some limit x¢. In addition, for all x € X,
and all n > m, we have

o(T"(x)) < Kp(T"(x)),

where [ is the integer part of n/m and p = n — Im. Hence xy = 0 and so (T"(x)),
is a Cauchy sequence, hence converges to some limit y. d(y, T"(y)) = 0 implies
T(y) = T™(T(y)). Since T™ has only one fixed point, we conclude that y = T(y).

O

Example 1. Let X = C([0,b],N) and T : X —> X the mapping defined by
Tx)() = fol x(s)ds. Then T is not a contraction if » > 1; however

1
(n—1)!

is a contraction for n large enough.

T (x) (1) = /0 t(r — 5)" " x(s)ds

2 Nonexpansive mappings

2.1 Generalities

We first consider a particular case
Theorem 3 (Compactness). Let (X, d) be a compact metric space and T : X — X
be a mapping satisfying:

d(T(x), T(y)) <d(x,y), Vx,yeX.

(T is said strictly nonexpansive, contracting, or shrinking). Then T has exactly one
fixed point. Also, for each x € X, the sequence {T™ (x)},en converges to this unique
fixed point.

Proof. For x € X, define the real continuous function ¢(x) = d(x, T'(x)). Since X is
compact, there exists X € X such that ¢(x) = inf,ex ¢(x). Then T(x) = x. On the
contrary

P(T(0) = d(T(®). T*(¥) < dx T(X) = ¢().
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contradicting the definition of the infimum (the greatest lower bound). Regarding
the second part of the theorem, let u,(x) = @(T"(x)) = d(T™(x), T"*D(x)).
Then the sequence (u,(x)),en is decreasing hence converges to some limit u(x); the
continuity of T7® (k € N) implies u(x) = 0. By compactness, we may assume that
there exists y = lim T™(x) and again by continuity

0=u) = lim u,(x) = ¢ ( lim 7)) = () = dO. TO).

Hence T'(y) = y, i.e., y = x, as claimed. O

Remark 1. (a) The existence result still holds if T : C —> C is strictly
nonexpansive and C is a nonempty convex weakly compact subset of a Banach
space (see [57, Theorem 1.3.19] and Remark 6).

(b) The compactness of the space X is essential as shows the counterexample where
X =[l,4+00)and T(x) = x+ }C Indeed, |T(x)—T(y)| < |[x—y]|,forallx,y € X
but 7 is fixed point free.

Several examples of fixed point free mappings are provided by B. Sims in
[72, Chap. 2].

Theorem 4 (Approximation). Ler (X, ||.||) be a Banach space, C C X a nonempty
closed convex subset containing the origin, and T: C —> C a bounded nonexpan-
sive mapping. Then for any small § > 0, T has a §-fixed point in C, that is x5 € C
such that ||xs — T(xs)|| < 6.

Proof. Since T is bounded, there exists R > 0 such that T(C) C B(0,R).
For 0 < § < R, the mapping (1 - %) T is a contraction hence admits a unique
fixed point x5 € C. Then

)
= =T < 6.

0 < |Txs) — x| = Hnm - (1 - f;) T =

a

Remark 2. Since T is nonexpansive, if C is bounded then 7(C) is so and thus
Theorem 4 applies. More generally, it suffices that T verifies the property (%),
i.e., there exists a nonempty bounded closed convex subset K C E such that
T(KNC)CK.

Remark 3. Theorem 4 (and its proof) show that

(a) every nonexpansive mapping on a bounded closed convex subset can be
approximated by a sequence of contractive mappings,

(b) inf{[lx — Txx[|} = 0.
xX€

As a consequence, we have
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Corollary 1. Let C be a nonempty bounded closed convex subset in a Banach space
X and T : C —> C be a nonexpansive mapping such that (I — T)(C) is closed in X.
Then T has a fixed point.

Proof. By Theorem 4, there exists a sequence (x,),en € C such that lim ||7T(x,) —
n—>oo

x|l = 0. Since (I — T)(C) is closed, we deduce that 0 € (I — T)(C); hence, f has a

fixed point in C. O

In fact, instead of nonexpansiveness of T, it is sufficient to assume the existence
of approximate fixed points, in which case it is not necessary for 7 to self-map C.
We have

Corollary 2 (Approximation+compactness). Let C C E be a closed subset of a
Banach space and T: C —> E a continuous mapping. Assume that

(a) T(C) is compact.
(b) T has a §-fixed point in C for each § > 0.
Then T has a fixed point in C.

Proof. From (b), there exists a sequence (x,),en € C such that lim ||T(x,)—x,| =0
n—>oo
(one may take § = 1/n forn € {1,2,...}). Since T(C) is compact, there exists a
subsequence (x,, )ken such that lim T'(x,,) = y € T(C). Therefore y = lim x,,,
k—00 k—00
yeC,and T(y) = y. O
Remark 4. The compactness of C cannot be relaxed to the weak-compactness as

shows the following counterexample provided by Alspach in 1981 [7]. Let X =
L0, 1],

1
C=%heX| / h(t)dt =1 and 0 < h(r) <2, forae.r € (0,1); ,
0

and let T : C — C be defined by

min{2, 2A(2¢)}, if0<r<1/2
T(() = | ™02 200} | /
max{0,2h(2t — 1) =2}, if 1/2 <t <1.
Then C is a nonempty convex weakly compact subset and T is an isometry which is
fixed point free.

Since T compact implies (I — T)(C) closed, the following result can be seen as a
consequence of either Theorem 4 or Corollary 2.

Corollary 3. Let C be a nonempty bounded closed convex subset of a Banach space
X and T : C —> C a nonexpansive mapping such that T(C) is compact. Then T has
a fixed point.
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Two long surveys on nonexpansive mappings were provided by Ivanov in 1976
[61] and by Gulevich [57] in 1996, where the stress was put on the geometry of the
space and the structure of the domain (see also the handbook [72, Chaps. 3, 4, 12],
the book by Agarwal et al. [4], the survey paper [70], and [95]).

Historically, a basic result of great importance concerning the fixed point
theory for nonexpansive mappings was proved in 1965. This result was proved for
Hilbert spaces by Browder [16], for uniformly convex spaces by Browder [17] and
Gohde [54], and for reflexive spaces with normal structure by Kirk [67] (see also
[3, Theorem 2.1], [20, Theorem 4], [56, Theorem 1.3], [50, 51], [60, Theorem 3.4.4],
[98]). In the next two subsections, these existence results are reviewed.

2.2 Structure of domain

Definition 1. (a) Let X be a Banach space and C C X a nonempty bounded subset.

A point ¢ € C is said to be diametral if sup | x — c|| = diam C.
x€C
(b) We say that a set A has normal structure, if for any given bounded convex subset

C C A containing more than one point, there exists a nondiametral ¢ € C,i.e. C
is contained in a ball whose center is a point of C and whose radius is less than
the diameter of C.

(c) A bounded sequence (x,),eny C X is called diametrical if diam {x,} > 0 and

lim dist (x,+1,conv{xy, xa, ..., x,}) = diam (x,).
n—oo

In 1948, Brodskii and Milman [15] proved the following characterization (see also
[4, Proposition 3.3.9], [51, Lemma 4.1], [57, Theorem 1.1.3]).

Proposition 1. A subset A C X has a normal structure if and only if it has no
diametrical sequences.

In particular, every convex compact subset of an arbitrary Banach space has normal
structure [4, Proposition 3.3.1]. Moreover, the result still holds true if C is any
bounded closed convex subset (not necessarily compact) of a uniformly convex
space (see Definition 3) [4, Proposition 3.3.3].

Definition 2. (a) A mapping F : C —> C is called demi-closed if for any y € X
and any sequence (x,),eny C C, the condition (x,) converges weakly to x and
|F(x;) —y|| = 0 imply that x € C and F(x) = y.

(b) We say that a Banach space X satisfies the Opial condition if given any sequence
X, — x and y # x in X, we have

liminf ||x, — x| < liminf ||x, — y||.
n—>oo n—>oo



1-Set Contractions 59

Proposition 2. Let X be a reflexive Banach space satisfying the Opial condition.
Then

(a) X has a normal structure.
(b) If T : C — C is nonexpansive with C C X closed and convex subset, then
I — T is demi-closed.

Proof. (a) Arguing by contradiction and using Proposition 1, assume that X
contains a sequence of diametral points (x,),en. Then

lim dist(x,+1, conv{xy, xa, ..., x,}) = diam(x,).
n—>oo

Without loss of generality, assume that x, — 0 weakly, as n — oo. Then,
for any y € conv{x,,xs,...,x,}, we have lim |y — x,|| = diam(x,), hence
n—oo
y = 0 and, as a consequence, lim |x; —x,| = diam(x,), contradicting Opial’s
n—>oo
condition.

(b) Let (x,) converge weakly to x and ||(/ — T)(x,) — y|| — 0. Set Tyx = Tx + y;
then 7, is nonexpansive and lim |lx, — 7yx,| = 0. Since
n—>odo

1Tyx = xull < [|Tyx — Tyxall + (1 Tyxn — Xl

then

liminf || Tyx — x,|| < liminf ||x — X, ||
n—>o0 n—>o0o

which yields, by Opial’s condition, Tyx = x,ie., I = T)x = y.
O

Observe that in part (b), the reflexivity of the Banach space is not needed, but only
C weakly compact is required.

Example 2. (a) The sequence spaces I’ (1 < p < o0) satisfy the Opial condition
(the weak and strong convergence coincide) while the Lebesgue spaces L” for
1 <p <oo, p#2donot (see, e.g., [61]).

(b) Every Hilbert space H satisfies the Opial condition because of the parallelogram
identity:

lben = 11? = T —xl1* +2 <26 —2x.x =y > +]lx =y,

for x,,x,y € H.

Now, we consider the fixed point theory for nonexpansive mappings in some
special situations. For the proof of the first result, we refer to [51, Theorem 10.2]
and [72, Theorem 2.1, Chap. 3], [89, Theorem 3.4.3].
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Theorem S. Let C C X be a nonempty convex with normal structure subset of a
reflexive Banach space X. Then every nonexpansive mapping T : C —> C has a
fixed point.

In fact, we only need C C X to be weakly compact with normal structure, as
noticed by Kirk in 1965 (see [49, Theorem 7.1.23] or [51, Theorem 4.1] or [57,
Theorem 1.1.4]):

Theorem 6. Let C C X be a nonempty convex weakly compact with normal struc-
ture subset of a Banach space X. Then every nonexpansive mapping T : C —> C
has a fixed point.

Proof. By Zorn’s Lemma, there is a nonempty minimal 7-invariant closed convex
subset K C C (in the sense that it contains no proper closed convex subset invariant
under 7). Arguing by contradiction, assume that d = diam K > 0. Since C has a
normal structure, there exists r € (0, d) such that

E={xeK| KCB(x,r)} #0.

Since 7 is nonexpansive, for x € E, T(K) C B(Tx,r). Then Conv T(K) C B(Tx,r).
But Conv T(K) is invariant by T, then also K C B(Tx, r). Therefore Tx € E and E is
invariant by 7. In addition, E is closed convex hence E = (\{B(y,r), y € K}. The
minimality of K guarantees that E = K and so |x —y|| < r, for all x, y € E, proving
that d < r < d, a contradiction; as a consequence, diam K = 0. This means that K
consists of a single point, a fixed point for 7. O

Since, by Proposition 2, in a reflexive Banach space, Opial’s condition implies
the normal structure of the domain, we deduce

Corollary 4. Let C be a nonempty closed convex subset of a reflexive Banach space
with the Opial condition satisfied. Then every nonexpansive mapping T : C — C
has a fixed point.

Remark 5. The weak-compactness of C cannot be dispensed as the following
counterexample shows. Let X = CJ[0, 1],

C={xeX|0<x(t) <1 forallt € (0,1) and x(0) =0, x(1) = 1},

and let T : C —> C be defined by f(x)(¢) = tx(¢), t € [0, 1]. Then C is a nonempty
weakly compact convex subset but has no normal structure. Indeed, diam K = 1.
In addition, if x € K, then for a given ¢ > 0, there is 6 > 0 such that x(¢) < &,
for 0 < t < §. Select a function y € K such that y(f) = 1 for + > §/2. Then
|lx — ¥]| = 1 — &. This proves that the point x is diametrical and our claim follows.
However T is a fixed point free nonexpansive mapping (see [7]).

Example 3. (Sadovskii) In the Banach space X = ¢y of null sequences, let C
be the closed unit ball. Then X is not reflexive and C has no normal structure.
However the mapping T : C —> C defined by the shift operator 7T'(x;, x2,x3,...) =
(1, x1, x2, x3, . . .) is fixed point free.
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2.3 Geometry of space

The following concept was first introduced by Clarkson in 1936 [26].

Definition 3. A space X is said to be uniformly convex if it satisfies the following
geometric condition: V& > 0, 3§ > 0, V (x,y) € X2,

Ix=ylze& llxl <Lyl =1 = x+y)/2] =1-6.

We have the characterization:

Proposition 3. (a) X is uniformly convex if and only if for any two sequences
X, Yn € B(0, 1), if ||x, + yull = 2, then ||x, — yul| = 0, as n — oo.

(b) X is uniformly convex if and only if for all ¢ € [0,2], 8x(e) > 0, where 8x(¢) is
the modulus of continuity defined by

Sx(e) = inf{l — |(x +)/2|| - x,y € B0, 1), [lx =yl < &}.

Remark 6. The uniform convexity is a geometric property of the unit ball: if we
slide a rule of length & > 0 in the unit ball, then its midpoint must stay within a ball
of radius 1 — § for some § > 0. In particular, the unit sphere must be “round” and
cannot include any line segment. For instance (02, ||.||,) is uniformly convex while

(K2, [|.11) is not, where for i = 1,2, || (e, x2) i = (¢ + 1)

Example 4. Hilbert spaces and Lebesgue spaces L7 (£2) (1 < p < 00) are uniformly
convex spaces (see, e.g., [41]).

Proposition 4. Any uniformly convex Banach space is reflexive (see, e.g., [5, 25,
41, 101]).

Remark 7. Every nonempty bounded closed convex subset C of a uniformly
convex Banach space X has normal structure (Edelstein, [39], 1974). Indeed, if
d = diam C > 0, then there exist a,b € C such that ||a — b|| > d/2. Then for
every x € C, we have

lx—all <d, lx—b| <d, and [|(x—a) — (x—D)| = d/2.

Hence ||(x—a) — (x—b)|| < 2(1 —8(1/2)) d, where § is the modulus of continuity,

ie., [x— %2 <2(1—8(1/2))d and thus C C B(“t2, (1 - §(1/2)) d).

Basic references for the geometry of Banach spaces are [25, 29, 53]. The
following result is a direct consequence of Theorem 5, Proposition 4, and Remark 7
(see also Subsection 2.5).

Corollary 5. Let C be a nonempty bounded closed convex subset in a uniformly
convex space X. Then each nonexpansive mapping T : C —> C has a fixed point.
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2.4 Recent results

The property that a mapping is ¥-expansive is related to the closedness of the range.

Definition 4. An operator F : Z(F) C X — X is said to be y-expansive if there
exists a function ¥ : [0, 00) —> [0, 00) with ¥ (0) = 0, ¥ (r) > 0, Vr > 0, ¢ is
either continuous or nondecreasing, and

[Fx = Fyll = ¢ (Ix = ylD). Vx. ye Z(F).

Then, we have (see [1, Corollary 2.25], [45, Lemma 3.3, Proposition 3.4])

Theorem 7. Let X be a Banach space, C > 0 a bounded closed convex subset of X,
and T : C —> C a nonexpansive mapping such that I — T is -expansive. Then T
has a unique fixed point in C.

Proof. By Theorem 4, T has a sequence (x,) of approximate fixed points, i.e.,
lim ||x, — Tx,|| = 0. We claim that (Tx,) is a Cauchy sequence. We may assume
n—>oo

that ¥ is a nondecreasing function and that (7x,) is not a Cauchy sequence. Then,
there exist &g > 0 and two increasing sequences (n;) and (my;) of positive integers
such that, for all k € N, the inequality &y < ||Tx,,, — T, || holds. Since (x,, — Tx,,) is
a null sequence, it is a Cauchy sequence. Given ¢ = ¥ (g9) > 0, we have

V(eo) < VUIToxm — Txn 1) < Mo — Totn) — (e — Tt |l

which is a contradiction; therefore, (Tx;,) is a Cauchy sequence, as claimed. Finally,
since T is a continuous mapping it is clear that the limit of (7%,) is the unique fixed
point of T O

For the proof, see also [92, Theorem 8]. The following result, due to Garcia-Falset
and Muiiz-Pérez, 2013, clarifies the relationship between the closedness of the
range Z(I — T) and the fact that I — T is y-expansive (see [48, Proposition 3.1,
Lemma 3.1]).

Proposition 5. Let C be a nonempty bounded closed subset of a Banach space X
and F : C — C a mapping.

(a) Assume that F is continuous and injective with F~' : Z(F) — C uniformly
continuous. Then the range Z(F) is a closed subset of X.

(b) Assume that F : C —> X is Yr-expansive. Then F is injective and F~' is
uniformly continuous.

Remark 8. Combining parts (a) and (b) of Proposition 5, we can see thatif I — T is
Y-expansive, then Z(I — T) is a closed subset of X and thus Theorem 7 falls into
the scope of Theorem 23. Indeed, Petryshyn proved that if 7 : X — X is a 1-set
contraction (see Section 3) and I — T is c-expansive (i.e., with ¥ (s) = c¢s, ¢ > 0),
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then I — T is a bijection (see [92, Theorem 8]). If further T is linear, then [/ — T-
c-expansive is also a necessary condition for the existence and the uniqueness of a
fixed point (see [92, Corollary 9]).

2.5 Demi-closedness and closedness of the range

0Y)

2

3)

@

In case of a nonexpansive mapping T defined on a bounded closed convex
subset of a uniformly convex Banach space X, F. Browder’s demi-closedness
principle [19, Theorem 3] (see also [4, Theorem 5.2.12] or [97, Lemma 3.4]
or [104, Prop. 10.9]), proved in 1968, states that / — T is demi-closed and
has a closed range; this fact follows from Proposition 2, 4 and Remark 7.
In other words, Browder [19, Theorem 1] proved Theorem 23 for the class
of nonexpansive mappings (see also [17]). The proof is outlined. Since T is
nonexpansive, 7' possesses by Theorem 4 a sequence of approximate fixed
points (x,),en C U. Now since X is a uniformly convex space, it is reflexive
and then (x,),en converges weakly. According to Browder’s principle, 0 €
(I — T)(U), proving Corollary 5. More generally, in a uniformly convex space,
every weak limit of an approximate fixed point of an operator 7 is a fixed point
of this operator. Notice finally that Browder’s demi-closedness principle has
been also proved by Opial for Hilbert spaces in 1967 (see [87, Lemma 2]).

Moreover, the result still holds in the wider class of nonexpansive mappings
satisfying Opial’s condition (see [51, Theorem 10.3]); more generally, in a
Banach space X with C C X a nonempty weakly compact subsetand 7" : X —
X a nonexpansive mapping, if nlg(r)lo X, = x weakly and nl_i)nolo I-Tx, =y

(y € X) strongly, then y = (I — T)(x); otherwise,
X0 — Tx = || < |lx0 — Totw — Y| + [ Tx — Tx||
implies
liminf ||x, — Tx — y|| < liminf ||x, — x|
n—00 n—00
Then Opial’s condition yields
liminf ||x, — x|| < liminf ||x, — (Tx + y)||,
n—>oo n—>oo
a contradiction.
When X is reflexive -in particular when X is uniformly convex- every bounded
subset £2 C X is weakly compact and thus / — T demi-closed implies that
(I —T)(£2) is closed.

When C is a nonempty bounded closed convex subset of a uniformly convex
space, Nussbaum [85, Lemma 3] proved the demi-closedness principle for the
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larger class of locally almost nonexpansive mappings f : C —> C (LANE, for
short). These are mappings that satisfy: for all x € C and all ¢ > 0, there exists
a neighborhood U € ¥ (x) such that for all u,v € X

If ) =f )| < [lu— vl + .

A report on the fixed theory for LANE mappings can be found in [69].

(5) Notice further that the demi-closedness principle is still valid for the sum of a
nonexpansive mapping 7" and a strongly continuous one, say S (i.e., Sx, — Sx
whenever x, — x in C) provided C is a bounded closed subset of a uniformly
convex Banach space (see [104, Proposition 11.14(4)]).

2.6 Back to approximation methods

Let C C X be a nonempty closed subset of a Banach space X and T : 2 — X a
mapping. For some positive § and a bounded subset £2 C C, consider the following
sets (see [51, 65, 101]):

Fs(T,2) ={x € 2 |x—Tx|| =8}, oy

the set of the §-fixed points of T in £2,

1
S={x)nen C 2| x, = (l — —) Tx,, Vn=1,2,...}, 2)
n

the set of approximate fixed points, and let
Sk =SNK, 3)

where K is a bounded closed convex subset. For some real parameters ¢ > 0 and
¢ > 0 suchthat 0 < ¢ < a(§2) + &, define the sets:

Ne(2) = {(x,y) € 2° | a(2) —¢ < |x—y| < «(82) + &}, “4)
Ni(2) ={(x,y) € 22| ¢ < |x =y < a(2) + &}, ®)

where « is the measure of noncompactness of Kuratowski (see Definition 11 below).
In 1974, Bruck [22] proved that Fs(T, §2) is path-wise connected. The sets Fs have
been recently used to remove the condition of boundedness of the closed convex
domain to prove fixed point theorems for nonexpansive mappings. In 2003, Penot
[90, Corollary 3] showed that the boundedness of the subset C can be dispensed if
T : C — C is not only nonexpansive but also asymptotically contractive, that is
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. |17 — Txo|
dxo € C, limsuyp ———— < 1.

x€C, ||x||[—>o00 ”-x — X0 ”

Penot’s result was recently generalized in [65, Theorem 2.4] for the case where Fj
is bounded:

Theorem 8. Let X be a Banach space with the FPP, C be a closed convex subset of
X (not necessarily bounded), and T : C —> C a nonexpansive mapping such that
F5(T, C) is nonempty and bounded for some § > 0. Then T has a fixed point in C.

Recall that X has the FPP (fixed point property) if each of its bounded closed convex
subsets has the fixed point property for nonexpansive self-mappings.

The following technical lemma (see [31, Lemma 3.1]) has been recently used
to show the compactness of the set Sy and then the convergence of a sequence of
approximate fixed points.

Lemma 1. Let C > 0 a closed convex subset of a Banach space X and T : C —>
C a nonexpansive mapping satisfying the property (). Assume that there exist
80, €0 > 0 such that for all ¢ € (0, x(Sk) + &), we have

[FgO(T, S]() X FgO(T, S]()] n Ng (T, S]() = . (6)

0

Then a(Sk) = 0.

The next proposition provides a sufficient condition for (6) be satisfied (see [33,
Proposition 5.2]).

Proposition 6. Let $2 be a nonempty bounded subset of X such that a(§2) > 0 and
C a closed convex subset of X. Suppose that T : C —> C is a nonexpansive mapping
such that I — T is y-expansive. Then for every ¢ > 0,0 < ¢ < a(82) + ¢, and all
5,8 >0with0 < 8§+ 8 < ¥(c), we have

[Fs5(T, 2) x Fs (T, 2)] N N(82) = 9.
Proof. Let ¢ > 0 and ¢ > 0 be such that 0 < ¢ < «(£2) + &. Arguing by
contradiction, suppose that there exist §,8" > 0 such that 0 < § + & < ¥ (c¢)
and
[F5(T,$2) x Fy (T, $2)] N NS (82) # 0.
Since I — T is yr-expansive, for (x,y) € [Fs/(T, §2) x F5(T, £2)] N N:(82), we have
Y(x—y) = lx—Tx) = =D < lx = Txl| + ly - Ty <6+ 6" (7
(a) If ¥ is nondecreasing, then since (x,y) € N:(§2), we have ¢ < |x — y|| which

implies that ¥ (c) < ¥ (lx —yl) < § + &, leading to a contradiction with
0<8+4+68 <y(o).
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(b) If ¥ is continuous, then let (x,y) € NS(§2) be such that [x —y|| = ¢+ 1/n
for large enough n € {1,2,...}. By continuity of ¥, for every n > 0, there is
ng € {1,2,...} such that for all n > ny

vie)—n<v¥(x—=yl) <y +n.

This with (7) yields ¥ (¢)—n < §+6’ and a contradiction is reached by choosing

n>(c)— (6 +48).
O

As a consequence, we recapture Theorem 7 (see [31, 33]).

2.7 Nonlinear alternatives

An important tool to prove nonlinear alternatives is the following concept due to K.
Borsuk (1930) [13]:

Definition 5. Let X be a Hausdorff space and C C X a nonempty subset. We say
that C is a retract of X if there exists a continuous mapping » : X —> C such
that r ¢ = Id| ¢ where Id is the identity operator. Then the mapping r is called a
retraction.

Example 5. Let (X, ||.]|) be a normed space. Then every closed ball C = By is a
retract of X via the radial retraction r : X — C defined by

rx) = ifxeC
Rx/||x|| if x¢&C.

In a Hilbert space, the nearest point mapping r is a nonexpansive mapping (see,
e.g., [94, Page 795], [20, Lemma 1], [56, Lemma (1.4)], [60, Theorem 6.1.4]). In the
general case of a Banach space, it has a Lipschitz constant 2. Example 8 will provide
a construction of a retraction on closed convex subsets with nonempty interior. We
also recall that the fixed point set of a nonexpansive mapping 7 : C — C is
a nonempty nonexpansive retract of C [21, 22] and that every uniformly convex
Banach space has the nonexpansive retract property [25, 29]. Moreover, we have

Retract = Closed (in any topological space)
Closed + Convex = Retract (in any locally convex topological vector space).

The second fact is an immediate consequence of Dugundji’s extension theorem:

Theorem 9 ([37]). Let X be a locally convex topological vector space, A a closed
subset of a metric space E, and f:A — X a continuous mapping. Then there exists
a continuous extension f: X — X such that f(E) C conv (f(A)).
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The following results are commonly called nonlinear alternatives.

Theorem 10. Let H be a Hilbert space, C = Bg, and T : C —> X a nonexpansive
map. Then at least one of the following properties holds: either

(a) T has a fixed point, or
(b) thereisan x € dC and A € (0, 1) such that x = AT(x).

Proof. Let r¢ be the radial retraction and ¢ = r¢oT. Then ¢ : C — C is
nonexpansive. Moreover H is a Hilbert space, hence uniformly convex and C has
normal structure. By Theorem 5, ¢ has a fixed point x € C. If T(x) € C, then x =
T(x) and we are done; otherwise, x = IfTT(S;)” € dC in which case for A = nrl(t;x)n <1
we have x = AT (x), as claimed. O

Theorem 10 is extended to uniformly convex spaces; for the proof we refer to
[3, Theorem 3.3]] or [97, Theorems 3.2, 3.5]].

Theorem 11. Let X be a uniformly convex space, 2 C X a bounded open subset
with0 € 2, and T : 2 —> X a nonexpansive mapping. Then at least one of the
following properties holds:

(a) T has a fixed point,
(b) thereisanx € 082 and A € (0, 1) such that x = AT (x).

Each one of the conditions in the following corollary guarantees that the
condition (b) in the above theorem does not occur:

Corollary 6. Let X be a uniformly convex space, 2 C X a bounded open subset
with0 € 2, and T : 2 —> X a nonexpansive mapping. Assume that, for x € 052,
one of the following conditions holds:

(a) 1T = I«

(b) ITx)| < |llx—=f&x)| (Petryshyn’s condition),

(c) IT@|?* < |lx||> + ||x — T(x)||? (Altman’s condition),

(¢c) < T(x),x >< |x||* and X Hilbert (Krasnoselskii’s condition)
Then T has a fixed point in £2.

Further existence results can be found in [31-33, 44, 48, 79-81] and the
references therein.

2.8 Boundary conditions

Let C C X be a subset of a Banach space. The main boundary conditions
(Leray-Schauder condition, inward condition, Furi-Pera type condition, and interior
condition) are particularly useful and often necessary when a mapping 7 that does
not self-map C. We are going to prospect them.



68 S. Djebali

2.8.1 The Leray-Schauder and the inward conditions

Let X be a Banach space, £2 a bounded open subset and let 7 : 2 — X be a
completely continuous mapping satisfying the so-called Leray-Schauder boundary
condition:

(LS) Tx#xp+Alx—xp), Vxe€ 02, A > 1,

xo € §2. The geometric interpretation of this condition is that there is no x € £2 such
that 7(x) lies on the continuation of the segment [xo, x] beyond x. It enables one to
define the Leray-Schauder topological degree for the class of compact perturbations
of the identity [82]. The Leray-Schauder principle states that 7" has at least one fixed
point in £2. Indeed, assume that T(x) # x for all x € £ for otherwise we are
done. Now define the homotopy T;(x) = x — xg — t(T(x) — xp) for ¢t € [0, 1] and
x € 2. 1If there exist t € (0, 1) and x € 352 such that T,(x) = 0. Then T'(x) — xo =
=, contradicting (LS) for 1/t > 1. By the homotopy invariance property of the
Schauder topological degree [30, 82, 104]

deg(I—T,$2,0) =deg(I —x9,$2,0) =deg(l,2,x) =1,
for xo € £2; hence, there exists an x € §2 satisfying T'(x) = x, as claimeil. It should
be emphasized that (LS) is not needed when §2 is convex and T leaves £2 invariant.
Definition 6. (a) Let X be a Banach space, C C X is nonempty closed convex
subset, and x € C. Then

Ie(@) ={(1=)x+Ay[ 2 = 0. ye C}

is called the inner set of x with respect to C.
(b) A mapping T : C —> C is said to be inward if T(x) € Ic(x), for every x € C
and weakly inward if T (x) € I¢(x), for every x € C.

The set I¢(x) is the union of all rays emanating from x and passing through some
other point y € C. Indeed, if y € Ic(x), then (1 — A)x + Ay € Ic(x) for all positive
A [75, Lemma 2.1, Remark 4.1]. The other interesting feature of the weakly inward
condition is that if T(x) € Ic(x) (and T'(x) &€ C), then the distance between T'(x) and
C is controlled by dist (T(x), C) < ||T(x) — x||.

Moreover since C is convex, C C I¢(x) and

Ic(x) =x+ {y € X| lim A~ 'dist (x + hy, C) = 0}.
h—0t

The sets Ic(x) were first used by Halpern and Bergman [58]. In [75, Proposi-
tion 4.1, Remark 4.1], it is proved that C = ("), ¢ Ic(x). The following fixed point
theorem was proved for LANE mappings by R. Nussbaum in 1972 [86, Theorem 1]
(when T self-maps C or only when T(dC) C C and C has nonempty interior) and
by S. Reich in 1973 [98, Corollary 4].
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Theorem 12 ([4, Theorem 5.2.26]). Let X be a uniformly Banach space, C C X
a nonempty bounded closed convex subset, and T : C —> X a weakly inward
nonexpansive mapping. Then T has a fixed point.

When C is a convex subset with nonempty interior, it easy to see that the
inwardness condition is more general than the Rothe condition f(dC) C C or the
condition that (x, T'(x)] N C # @, for every x € dC, where

X TE)] ={x+t(Tx)—x)|0<t =<1}
More precisely, we have (see [98, Remark 1] for the second implication).
Rothe’s cond. = inwardness cond. = weak inwardness cond. = (LS)

Then Theorem 12 takes the following more general form (see [72, Chap. 10,
Theorem 2.8]), a result proved by Browder in 1968 [19]:

Theorem 13. Let X be a uniformly Banach space, C C X a nonempty bounded
closed convex subset with nonempty interior, and T : C —> X a nonexpansive
mappings satisfying (LS). Then T has a fixed point.

This result was improved by J. Caristi in 1976 [24] (see also [89, Theo-
rem 3.4.38]). In fact, Caristi observed that if C is a nonempty closed convex subset
of Xand T : C — X, then I — T weakly inward is equivalent to

lim A~ 'dist (x — hT(x), C) = 0,
h—0t

for every x € C (see [4, Proposition 5.1.1], [24, Theorem 1.2], or [30]). The
latter condition is known as the Nagumo or Brezis’ boundary condition. Then,
Caristi proved the following result for Lipschitz, pseudo-contractive mappings [24,
Theorem 2.6 |:

Theorem 14. Let X be a Banach space and C C X a nonempty closed convex
subset which has the f.p.p. with respect to nonexpansive mappings. If T : C — X
is a nonexpansive weakly inward mapping, then T has a fixed point.

Notice that the result also holds (with uniqueness) for weakly inward contraction
mappings; for the proof, see, e.g., [4, Proposition 5.1.2]. Then, for every xo € C
and r € (0, 1), the mapping T;(x) = (1 — f)xo + tT(x) has exactly one fixed point
whenever T : C —> X is weakly inward. If further C is bounded, then T has a
sequence of approximate fixed points. Finally T has a fixed point if I — T is closed
and the latter condition turns out to be sufficient too.

Theorem 15. Let X be a Banach space and C C X a nonempty bounded closed
convex subset. If T : C —> X is a nonexpansive weakly inward mapping with I — T
closed, then T has a fixed point.
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When inf{|lx — Tx|| : x € 0C, Tx € C} > 0, C C X is a closed convex subset
with the f.p.p., and X is any Banach space, Kirk [68, Theorem 3.1] proved that T has
a fixed point. As a consequence, a fixed point result is obtained under the sufficient
condition that there exists xo € int C such that ||xo—Txo|| < ||x—Tx]||, for all x € 9C.
In the general case of a bounded open subset of an arbitrary Banach space for which
(LS) holds, one can only assert that inf{|x — Tx|| : x € C} = 0 (see, e.g., [72,
Chap. 10, Proposition 2.14]). We close this subsection with a result analogous to the
one in Theorem 11 but presented here in the more general framework of pseudo-
contractive mappings (for the definition, see Sect. 3). The proof can be found in [4,
Theorem 5.7.20]:

Theorem 16. Let X be a uniformly convex space, C C X a nonempty closed convex
subset with0 € C, and T : C —> X a weakly inward continuous pseudo-contractive
mapping. Then T has a fixed point if and only if the set {x € C| Tx = Ax, A > 1} is
bounded.

2.8.2 The interior condition

We begin with some definitions:

Definition 7. Let X be a Banach space and £2 5 0 a bounded open subset. We say
that §2 is strictly star-shaped with respect to the origin if for each x € 052, we have
{tx|] t > 0} N 082 = {x}.

Definition 8. §2 is said to be star-shaped if there exists xo € §2 such that for each
x € £2, it holds that [xo,x] C £2, where [xo,x] refers to the closed line segment
{tx + (1 — H)xp, 0 <t < 1} joining the two points xo, x, i.e., [x, x] = co({xo, x}).

Then a convex set is a set which is star-shaped with respect to each of its
points. When §2 is a bounded open neighborhood of the origin, the following strict
inclusions hold (see [64, Proposition 1]):

Convex C Strictly Star-shaped C Star-shaped.
Notice further that the condition F(£2) C §2 implies (LS) if §2 is strictly star-shaped.

The proof employs the Minkowski functional introduced in Proposition 8 (see the
proof of Theorem 28).

Definition 9. A mapping T : 2 —> X satisfies the interior condition if there exists
d > 0 such that

(IC) Tx# Ax, for xe 25, A>1 and T(x) € 2,

where 25 = {x € §2 : dist (x, 0§2) < 8} is the set of §-interior points.
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In [64, Theorem 2], the authors proved that if T : B — X is a nonexpansive
mapping, where B is a closed ball in a Hilbert space X, then (IC) does imply (LS).
We have

Theorem 17. Let X be a Banach space, §2 C X is a nonempty bounded open subset,
and T : 2 — X a nonexpansive mapping satisfying (IC).

(a) If 82 is strictly star-shaped, then T has a sequence of approximate fixed points.
T has a fixed point if further I — T has a closed range.
(b) If 2 is convex and X is uniformly convex, then T has a fixed point.

Proof. (a) The first claim follows from [64, Theorem 1] already proved for
condensing mappings. Indeed, it suffices to approximate 7 by a sequence of
condensing mappings T,(x) = (1 — 1/n)T(x), (n = 1,2,...). The second
claim is straightforward.

(b) Regarding the second part, we only notice that the Browder demi-closedness
principle applies and then the sequence of approximate fixed points (x;,),
obtained in part (a) converges weakly in the reflexive Banach space to a sought
fixed point.

O

In [55, Corollary 3], Gonzélez et al. proved, as in part (a), that if X is a Hilbert
space, a nonexpansive mapping T : 2 — X has a fixed point provided either (LS)
or (IC) holds and 2 is a bounded strictly star-shaped open neighborhood of the
origin. In fact, the authors proved the continuity of a radial projection on the interior
of strictly star-shaped sets (see [55, Proposition 2]):

Proposition 7. Let X be a Banach space and U a bounded strictly star-shaped open
neighborhood of the origin. Let k = k(U) = inf{|x|, x € dU} = dist(0, dU) > 0,
K = K(U) = sup{|jx|| : x € dU}, § € (0,k], and r = % Then the function
P : X — U defined by

r+(1—r)g(x) . 7
pre ) fo x, ifxeX\U,

X, if x e U
is continuous on X, is the identity on 2 and P(X \ U) C Us. Moreover Px €
co({0} U {x}) for all x € X, where g is the Minkowski functional, as recalled below.
Let X be a normed space and §2 C X a nonempty subset. The Minkowski
functional is the function g = g : X — [0, +00) defined by (see [11])
glx) =inf{A >0: 1 'xe 2} =inf{A >0:x e AR}

Proposition 8 ([101, Lemma 4.2.5]). We have

(a) g(Ax) = |A|g(x), for A € Rand x € X,
(b) 0<gx) <1, ifxe s
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Moreover, g(x) < oo if and only if £2 is an absorbing set. £2 is said to be an
absorbing set if for each x € 2 there is some Ay > 0 such that x € A8 for all
[A] = Ap. If £2 is convex, then g(x) > 1, Vx ¢ £2 and also

glx+y) <gkx) +g0), Vx,yeX.

If further £2 is open, then

gx)=1,Vxed, gkx) <1, VxR, and g(x) > 1, Vx ¢ 2.

2.8.3 The Furi-Pera condition

Contrarily to the interior condition, we now present a result when the interior of the
open subset 2 may be empty. In 1987, Furi and Pera introduced a new condition
and proved the following fixed point theorem in the general framework of Fréchet
spaces:

Theorem 18 (See [3, Theorem 8.5] or [43]). Let E be a Fréchet space, C a closed
convex subset of E, 0 € C, and T : C — E a continuous compact mapping. Assume

further that

if {(xj, Aj)}j=1 is a sequence in 3C x [0, 1]
(FP) § converging to (x,A) with x = AT(x) and 0 < A < 1,
then A;T(x;) € C, for j sufficiently large.

Then T has a fixed point in C.
In order to present some recent results with the (FP) condition, let us give

Definition 10. (a) A subset A C of a Banach space is a nonexpansive retract of X
if there exists a nonexpansive mapping r : X —> A such that »x = x for all
x € A. The mapping r is called a nonexpansive retraction.

(b) We say that a Banach space E has the nonexpansive retract property (NRP for
short) if each of its nonempty closed convex subsets is a nonexpansive retract
of X. For instance, a Hilbert space enjoys the NRP.

We have (see [32, Theorem 3.1]).

Theorem 19. Let X be a Banach space satisfying the NRP and C > 0 a closed
convex subset of X (not necessarily bounded). Let T : C —> E be a nonexpansive
mapping satisfying (6) and the property (). Assume that the Furi-Pera condition
hold. Then T has a fixed point in C.

Proof. Step 1. Approximate fixed points for 7rx. Letr : X — C N K be
a nonexpansive retraction where K is a closed convex subset and, for each
n € {1,2,...}, consider the nonlinear equation
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x=(1-1/n)Trk(x), ®)

where rx = r|g is the restriction of r on the set K and Try = Torg : K — K.
Without loss of generality, assume that 0 € KN C. Indeed, in the case 0 ¢ K, one
may take any p € K N C and instead of equation (8) rather consider the equation
x = (1 =1/n)Trg(x) + p/n, n € {1,2,...}. Now, since f(K N C) C K and
rg : K — K N C, we have that Trx : K —> K. By convexity of K and the fact
thatp € KNC C K, we deduce that forevery x € K, (1—1/n)Trg(x)+p/n € K.
Also, since T and r are nonexpansive mappings, then for each n € {1,2, ...}, the
mapping T, : K —> K defined by T,,(x) = (1—1/n)Trx(x)+p/n is a contraction.
By the Banach fixed point theorem, for each n € {1,2,...}, T, admits a unique
fixed point x, € K. This implies that equation (8) has a unique solution x, for
eachn e {1,2,...}.

Step 2. Approximate fixed points for 7. We show that, for each n € {1,2,...},
the following equation:

x=(1-=1/m)T(x) ©)

has a solution. For this, it suffices to prove that the sequence (x,), lies in C
where, for each n € {1,2,...}, x, is a solution of the equation (8). Arguing by
contradiction, assume that (x,), ¢ C and let x,, & C for some ny € {1,2,...}.
Since C is closed, there exists 0 < § < dist(x,,, C). Following the proof of
[3, Theorem 5.10], choose an integer m € {1,2, ...} such that m > 1/§; then,
for all integer i > m, consider the open set U; = {x € X|d(x,C) < 1/i}. It
is clear that dist(x,,,C) > § and 1/i < & imply that x,, ¢ U,. In addition,
for each i > m, U; N K # @ because C N K C U; N K and, by definition,
C N K # @. Thus, the mapping (1 — 1/no)Trx : U; —> K is well defined
and it is further a contraction; in addition, (1 — 1/n¢)Trg(U;) is bounded for
rk(U; N K) C C N K and, by the property (%), f(C N K) C K where K
is a bounded subset. Since x,, ¢ U,, a nonlinear alternative [3, Theorem 3.2]
guarantees the existence (y;, ;) € dU;x(0, 1) such thaty; = w;(1—1/no)Trg (y;).
Note that since x,, ¢ U;, the mapping (1 — 1/n)Tr has no fixed points in U;. As
a consequence

wi(l = 1/n0)Trg(y;) ¢ C, Yi>m. (10)
The set
Dy ={xeX:3pel0,1], x=pu(l —1/np)Trg(x)}

is nonempty for it contains 0, x,, and y;, for all i > m. Moreover D,, is compact.
Indeed

D,, € co((1—1/ny)Trx(Dy,) U {0})
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implies
a(Dyy) < e (co((1 = 1/no)Trg(Dyy) U {0})) ,

where « is the Kuratowski MNC. However, since T and r are nonexpansive
mappings, we have

a(Dyy) < e(co((1 = 1/ng)Trx(Dy,))
< (1 = 1/no)a(rg(Dyy))
< (1 —=1/np)a(Dy,).

Then a(D,,) = 0 proving that D, is compact for it is closed. Now, for each
i > mand 0 < u; < 1, we have that d(y;, C) = 1/i for y; € dU; N Dy,.
Then, up to a subsequence, u; —> u* € [0, 1] and, by the compactness of
D,,, yi — y* € C, as i — +o0. Moreover y; = p;(1 — 1/no)Trg(y;) tends
to u*(1 — 1/no)Trx(y*) by continuity. Hence y* = u*(1 — 1/n9)Trg(y*). In
addition x,, ¢ C implies u* # 1, otherwise we get by uniqueness y« = Xy,
which is a contradiction. Therefore 0 < u* < 1. Finally rg(y;) € 0C follows
from y; ¢ C and the definition of the retraction r. In addition y* = rg(y™*),
ui = (1 —1/no)p;, and ' = (1 — 1/np)p*. Since T satisfies the Furi-Pera
condition, we infer that u;(1 — 1/no)Trx(y;) € C, for i sufficiently large. This
contradicts (10) and the fact that y; ¢ C, for i > m. Thus, foreachn € {1,2,...},
x, € CN K. Hence rg(x,) = x, and x, = (1 — 1/n)Trg(x,) = (1 — 1/n)T(x,).
To sum up, we have proved that the equation x,, = (1 — 1/n)T(x,) has a solution
foreachn € {1,2,...}.

Step 3. A fixed point. It remains to prove that the sequence (x,),, where x, is a
solution of equation (9), is convergent. Let

Sk ={x,€eCNK|x,=(1-1/n)T(x,), YVne N} =SNK.

By Steps 1, 2, the set Sk is a nonempty bounded set. Lemma 1 and (6) imply that
the set Sk is compact, hence sequentially compact. Therefore we can extract a
sequence converging to x. Finally, by continuity of 7, x is a fixed point of 7. O

Remark 9. With the condition (6), Theorem 19 extends a result obtained in
[3, Theorem 5.11] for a Hilbert space X and a bounded subset C C X. Moreover (6)
enables us to recover [3, Theorem 5.10] for nonexpansive mappings instead of strict
k-set contractions.

A survey on boundary conditions for nonexpansive mappings is provided by Kirk
in [72, Chap. 10].
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3 1-set contractions

3.1 Measure of noncompactness and related mappings

Definition 11. Let (X, d) be a metric space and B C Z(X) the set of all bounded
subsets of X. For a subset A € B, define «(A) = inf D where

D=1{e>0:A=UZJA;, diam (A) <e Vi=1,...,n}.

« is called the Kuratowski measure of noncompactness, «-MNC for short (see, e.g.,

[10]).
It satisfies the following properties.
Proposition 9. For any A, B € B, we have

(a) 0 <a(A) <diam(A).

() AC B = «a(A) < a(B) (v is nondecreasing).

(¢) a(A U B) = max(x(A), x(B)).

(d) a(A) = a(A).

(e) a(A) =0 <= A is relatively compact.

() If (Apnen is a decreasing sequence of nonempty closed subsets such that

l_i)m a(A;) =0, then Aso = ()50 An is a nonempty compact subset (Cantor’s
n—>0o0 -

property).
If, further, X is a Banach space, then
(g) a(ConvA) = a(A).
(h) a(A+ B) <a(A) + a(B) (v is lower-additive).
(i) a(LA) = |A|a(A), VA e N,

Definition 12. Let X, Y be two Banach spaces and T : X — Y a continuous
mapping which maps bounded subsets of X into bounded subsets of Y.

(a) T is called a k-set contraction (or k-set contractive) (or k-a-Lipschitz) if there
exists some k > 0 such that «(T'(A)) < ka(A), for every bounded subset A C X.
It is a 1-set contraction whenever k = 1.

(b) T is a strict k-set contraction (or strict o-contraction) when k < 1.

(¢) T is said to be a-condensing if a(7T(A)) < «(A), for every bounded subset
A C X with (A) # 0.

Example 7. (a) LANE mappings are 1-set contractions [85, Lemma 1].

(b) The sum of a nonexpansive mapping and a compact one is a 1-set contraction.

(c) The sum of a contraction and a compact mapping is a strict k-set contraction,
hence a condensing and a 1-set contraction.

(d) More generally, the sum of a nonlinear contraction and a compact mapping is o-
condensing (see, e.g., the proof of [88, Theorem 2.1]) hence a 1-set contraction.
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Recall that T : X —— X is called nonlinear contraction if there exists a
continuous nondecreasing function ¢ : Rt — NRT such that ¢(0) = 0,
¢(r) <r, Vr>0,and

I7G) =T = ¢(lx =yl ¥ (x.3) € X2

Example 8. The ball retraction in a Banach space is a 1-set contraction X. More
generally, if C C X is a bounded closed convex subset containing the origin, then
making use of the Minkowski functional g, one can define a retraction r by r(x) =

m. By Proposition 8, we know that r(x) = x for every x € C and that, since

C is convex, g(x) > 1 for every x &€ C and thus g(r(x)) = g (ﬁ) = 1 implies that
r(x) € 9C,ie. r(X \ C) C dC. Moreover, it is easy to see that, for every bounded
subset A C X

r(A) Cco(AU{0}) = r(a(4)) = a(A),

proving our claim without appealing to Dugundgi’s extension Theorem 9.

Example 9. In [48, Example 3.3], it is showed that, if r is the unit ball retraction
in an infinite Banach space X, then T = —r is a 1-set contraction and I — T is
Y-expansive.

Also, we know that if T is expansive, i.e. ||Tx — Ty|| = h|lx — y||, (h = 1), for all
x,y € C,then T~ !is h]Tl-Lipschitz and I—T~" is y-expansive with ¥ (r) = (1—%)1’.

3.2 First results with boundary conditions

In the fixed point theory for o-mappings with respect to some measure of non-
compactness «, a classical result was obtained by Darbo in 1955 for strict k-set
contraction self-mappings [27] defined on bounded closed convex subsets of a
Banach space X (see also [3, Theorem 4.16]).

Theorem 21 ([27]). Let C be a bounded closed convex subset of a Banach space X
and T : C —> C a strict k-set contraction mapping. Then T has a fixed point.

Proof. Define a decreasing sequence of nonempty closed convex T-invariant sets
by Cyp = C and C,4; = Conv(T(C,)), for n > 0. Then

a(cn+1) = a(T(Cn)) = kOl(Cn),

and then lim «(C,) = 0. Property (f) of Proposition 9 guarantees that Coo # 9,
n—>oo

where Coo = ﬂ:io C,, is also a closed convex T-invariant subset. The Schauder
fixed point theorem then concludes the proof. O
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For 1-set contractions, strict k-set contractions play the role of contractions for
nonexpansive mappings, whence the importance of Theorem 21. By contrast to the
Banach principle, this theorem does not provide uniqueness, but its proof is very
elegant for it is a melting of the iterative method (the metric approach) and the
Schauder fixed point theorem (the topological approach). In 1967, this theorem was
extended to the class of condensing mappings by Sadovskii [99].

Starting from the seventieth, several authors have been involved in the extension
of the Darbo and Sadovskii fixed point theorems to the broader class of 1-set
contractions, which encompass nonexpansive, LANE, condensing mappings, and
sums of contractive and compact mappings. Some of these fixed point theorems
have been obtained as application of the theory of the fixed point index for 1-set
contractions, which is an extension of the Nussbaum local degree for condensing
mappings [86].

Moreover, several papers have been concerned with k-set contractions, con-
densing mappings, and 1-set contractions when the well-known Leray-Schauder
boundary condition (LS) holds [78] (see also [102]). We start with a result proved
by Nussbaum in 1969 (see [86, Proposition 4]):

Theorem 22. Let X be a Banach space, C C X a bounded closed convex subset
with nonempty interior, and T : C —> X a strict k-set contraction such that T
satisfies the Leray-Schauder condition (LS). Then T has at least one fixed point
in C.

In 1968, Browder proved this theorem for nonexpansive mappings defined on
bounded closed convex subsets of a uniformly convex space [19] (see Theorem 13).
In 1972, Kirk and Schoneberg [71] extended this theorem to the class of pseudo-
contractive mappings in uniformly convex spaces. This class of mappings is
connected with accretive operators. Recall that an operator A : X — X on a
Banach space X is said to be accretive (monotone in Hilbert spaces) if the inequality
lx—y| < |lx—y+ A(Ax — Ay)| holds forall A > O and all x,y € D(A) (I + AA is
injective and (I +AA)~! is nonexpansive on its domain for all A > 0). An operator B
is said to be dissipative if —B is accretive. For an accretive operator A : D(A) — X
and A > 0, denote by

1-J3
A

Jy = I+ )" Z(I + AA) — D(A) and A, =

the resolvent and the Yoshida approximant of A, respectively. Hence A is accretive
if and only if T = I — A is pseudo-contractive, i.e.

lx =yl = 11+ =) + r(Ty = To)|l.

for every x,y € D(T) and all r > 0. The class of pseudo-contractive mappings
encompasses the one of nonexpansive mappings; it was first introduced by Browder
in 1967 [18]. Several refinements have been obtained so far; we quote, e.g., a recent
work by C.H. Morales [84], and those in the references therein.



78 S. Djebali

However, in the more general context of 1-set contraction mappings, we quote
the following result proved by Petryshyn in 1971 (see [91, Theorem 7°] or [80, 85,
92, 93]):

Theorem 23. Let X be a Banach space, U C X a bounded open subset, and
T : U —> X a 1-set contraction such that T satisfies the Leray-Schauder boundary
condition (LS). If (I — T)(U) is closed, then T has at least one fixed point in U.

When C is a bounded closed convex subset of a Banach space, the following
existence result involving the Furi-Pera condition was proved by O’Regan in [88,
Theorem 2.9].

Theorem 24. Let X be a Banach space and C > 0 a bounded closed convex subset.
Let T : C —> X be a 1-set contraction with (I — T)(C) closed. If the Furi-Pera
condition holds, then T has a fixed point.

It is worth noting that the existence of fixed points for a weakly inward semi-
closed 1-set contraction T : 2 —> X where 2 is a bounded open subset is obtained
in [36, Theorem 2] when (LS) holds while the assumption that T is weakly inward
is not needed in [92, Theorem 7]. Finally notice that [100, Theorem 2] is exactly
[91, Theorem 7°].

3.3 Historical review

If T : X — X is a compact linear operator, we know by the basic Riesz-Schauder
theory that 7 — T is closed. We now discuss the nonlinear case.

(1) The condition that (I — T)(U) is closed, which has already been considered for
nonexpansive mappings in Theorem 3 (see Subsection 2.5), is crucial for this
class of mappings. We remind that

(a) if T is a k-contraction (0 < k < 1) (even when it is a nonlinear contraction),
then the mapping I — T is a homeomorphism on the range. Indeed, the
mapping I — T is continuous for ||[(I — T)x — (I — T)y|| < (1 + k)|x —y].
Since

I =Dx =T =Tyl = [Ix =yl = ITGC) =TWI = A = K)llx =y,

then the mapping (I — 7)™ is continuous and thus (I — T is one-to-one.
(b) If D C X is a nonempty bounded closed subset and T : D — X
is continuous condensing (or a strict k-set contraction), then I — T is
proper (the preimage of a compact subset is also a compact subset);
hence, (I — T)(D) is closed (see, e.g., [85, Lemma 1], [98, Lemma 1],
[104, Proposition 4.44]). Reich [98, Theorem C] proved a result similar
to Theorem 23 for continuous condensing mappings with bounded range.
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(2) Every injective operator X —> Y with continuous inverse and closed range is
proper (compare with Proposition 5).

(3) The interest in the closedness of (I — T)(D) lies in the procedure employed
to deal with 1-set contractions, more precisely in the approximation methods
(sequential approximation techniques) used to construct fixed points. Indeed, if
T is a 1-set contraction, then 7,7 is a strict k-set contraction where ¢, € (0, 1) is
any positive sequence increasing to unity. In 1973, Petryshyn [93, Theorem 1]
observed that the following condition is necessary and sufficient for 7 have a
fixed point:

“for every (x,)nen With x, — T'(x,,) — 0 as n — oo, there is some x € U with
I-T)x=0".

In [81, Theorem 2.1]), when this condition is verified by a 1-set contraction
nonself mapping 7 : K — X, with K a bounded closed convex subset, then
without boundary conditions, the author proved that there exists some x € K
such that

g(Tx —x) = inf{g(Tx —y), y € K},

where g is the Minkowski functional. Then some fixed point theorems are
derived in [81, Theorem 3.1].

(4) In[91, Theorem 7], the author even proved that the set of fixed points is compact
if further 7' is demi-compact, that is for every bounded sequence (x,),en such
that (I — T)(x,) is convergent in X, (x,),en has a convergent subsequence.
Notice also that the demi-compactness implies the demi-closedness provided
T is continuous and C is a bounded closed subset of a Banach space (see [104,
Proposition 11.14(3)]).

The topological degree for 1-set contractions, introduced by Petryshyn in [92], is
also developed in [79] and [80] where Theorem 23 is recovered (see [79, Theorem 3]
and [80, Corollary 1]).

In the recent literature, several fixed point theorems are proved for I-set
contractions with I — T closed under different boundary conditions such as the
inward condition or the Furi-Pera boundary condition, as introduced in [43] (see
[32, Theorem 3.4] and [88, Theorem 2.9]). Some of them are presented in the next
section.

3.4 Recent development

LetT : C C X — X be a mapping, where C is a nonempty subset of a Banach
space X. It is not difficult to see that the boundedness of C can be replaced with the
one of T(C).

The following existence and uniqueness result was proved by Garcia-Falset in
2010 for nonexpansive mappings (see Theorem 7 and [45, Lemma 3.3]). When
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T :X — Xand ¥(s) = cs, c > 0, this is nothing but [92, Theorem 8] (see
Subsection 2.5 and Remark 10). It was recently extended independently by Garcia-
Falset and Muiiiz-Pérez [48, Theorem 3.2] and K. Hammache and the author to the
larger class of 1-set contractions [33, Proposition 3.1].

Theorem 25. Let X be a Banach space, C > 0 a closed convex subset (not
necessarily bounded), and T : C —> C a 1-set contraction satisfying the property
() and such that I — T is y-expansive. Then T has a unique fixed point in C.

The existence part of this theorem has been recently extended by K. Hammache
and the author to the broader class of mappings T such that [ — T is a-y-expansive
according to the following sense:

Definition 13. T is called a-1/-expansive if there exists a function ¥ : [0, c0) —>
[0, 00) with ¥ (0) = 0, ¥ (r) > 0, Vr > 0 and such that for every bounded subset
2 CX,a(T(82) = Y(a(82)).

Then we have (see [33, Proposition 3.3]). The proof is reproduced for the sake of
completeness.

Theorem 26. Let X be a Banach space, C > 0 a convex closed subset of X, and
T : C —> C a l-set contraction satisfying the property (J€). If I — T is o-y-
expansive, then T has a fixed point in C.

Proof. Step 1. Let K be a bounded closed convex subset such that C N K is self-
mapped by T and let T,, = (1 — 1/n)T, for n € {1,2,...} be a sequence of
approximate mappings. Without loss of generality, assume that 0 € K. Since T
is a 1-set contraction, 7T, is a (1 — 1/n)-set contraction. By Darbo’s fixed point
theorem (Theorem 21), for every n € {1,2,...}, T, has at least one solution
x, € CNK.LetS = {x, | n = 1,2,...} be such a bounded sequence. To
prove its relative compactness, we show that «(S) = 0. First, for some given
ny € {1,2,...}, we have a(S) = a(Sy), where So = {x,, | n > ng}). Arguing by
contradiction, assume that «(S) > 0 and let x,, x, € So (x, # x,). Then

1 1
I—T)x,—(I—-T = ||-Tx, — —-T:
II( )xp ( )qu Hp Xp q Xq n

1
= _O(HTxp” + [ Txg))-
Let y > 0 be such that K C B(0, y/2). Then
14
(I =T)x, — (I = T)xgl = —.
no

Xp, X, being arbitrary in S, diam (/—T)(So) < % Since (I—T) is a-y-expansive,
we get

¥ (@(S0) < (I = T)(So)) < nlo
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A contradiction is then reached by choosing ny > As a consequence and

Y
V@) e
taking if need be a subsequence, (x,),>n, converges to some limitx € C = C.

O

The importance of the class of mappings covered by Theorem 26 is justified by
the following result [33, Lemma 3.2].

Proposition 10. Let a mapping T : X —> X be Y-expansive and assume that
¥ 1 [0,00) — [0, 00) is either continuous or nondecreasing and invertible. Then T
is o-r-expansive.

Proof. Let ¢ > 0 be fixed and £2 C X a nonempty bounded subset. Then there exist
bounded subsets (¥;)i<i<, and g9 > 0 such that

T(2) = |_J ¥i with diam (¥;) < g9, Vi € {1,....n}
i=1
and a(T(£2)) < g9 < a(f(£2)) + &; hence
diam (Y;) < a(T(£2)) + ¢, Vie {l,...,n}.
Moreover
Qcr (@) cT (U Yi) =Jr o = (11)
i=1 i=1 i=1

For every i € {1,...,n}, let x\,x, € £2;; then, there exist y',y, € ¥; such that
T(x}) =y} and f(x}) = y}. Since T is y-expansive

Y([lx — x5 < [yh =il < diam ¥; < a(T(£2) + e).

Two cases need to be distinguished separately:

(a) ¥ is invertible and nondecreasing (and so is ¥~"). Then, for alli € {1,...,n}
Iy = x5 < diam (£2)) < ¥~ (@(T(£2) + ).
(11) implies

o(£2) < max a(2) < Y~ (@(T(2) + #)).

& > 0 being arbitrary, we deduce that ¥ («¢(£2)) < a(T(£2)), for all bounded
subsets £2 C X, as claimed.

(b) ¥ is continuous. Hence a(£2) = max{a(6;),i € {1,...,n}} = a(6)) for
some [ € [1, n]. By the property of the least upper bound, there exist y;, z; € O,
such that
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diam(®;) — ¢ < |ly; — z|| < diam(&)).
Hence
a(2) —e =a(0) —e < diam(®)) — ¢ < [y, — z| < diam(®)) < a(£2) + &.
This implies that
[y =zl —a(2)] < e. (12)
Lety! = f(y) and y, = f(z). Since T is {-expansive, we obtain as in case (a):
vy —al) < [y =5l < diam ¥, < o(T(2)) +&. (13)
¥ being continuous, for all positive 7, there exists § > 0 such that
V>0, (r—a(@)] =é = [y() -y (@) =n).
Taking 1 > 0, choosing 0 < ¢ < § and using (12), (13), we finally get
[¥ (@($2)) = ¥ (llyr —zDl = n
and
0 <y (@) =¥y —zlDl+n=al($2) +n+e

Since n and ¢ > 0 are arbitrary constants, we conclude that ¥ (x(£2)) <
a(T(£2)). The proof of the lemma is completed. O

When T does not self-map C, we still have [34]:

Theorem 27. Let X be a Banach space, C C X a closed convex subset, and U C C

an open subset with p € U. Suppose that T : U — C is a 1-set contraction
satisfying the property () and such that I —T is a-\r-expansive. If (LS) is satisfied,

then T has a fixed point in C.

A result obtained by J. Garcia-Falset and O. Muiiiz-Pérez in 2013 (see [48,

Theorem 3.2]) is now deduced.

Corollary 7. Let X be a Banach space, C C X a bounded closed convex subset, and
U C C an open subset with p € U. Suppose that T : U — C is a 1-set contraction

satisfying the property () and such that I — T is yr-expansive. If (LS) is satisfied,

then T has a unique fixed point in C.
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Remark 10. In case of a 1-set contraction 7 : X — X satisfying
I =T)x) =T =Dl = cllx—yl. Vx.y X,

for some positive constant c, the existence result in Corollary 7 is announced in [92,
Theorem 8]. Moreover, Petryshyn and Nussbaum (see [92, Remark 6]) claimed the
validity of the result whenever I — T is y-expansive with ¥ satisfying v (r) > 0 for
r > 0 and v (r,) = oo implies r,, — 00, as n — 0.

From Corollary 7, we can easily derive the following nonlinear alternative:

Corollary 8. Let X be a Banach space, C C X a c_losed convex subset, and U C C
an open subset with p € U. Suppose that T : U — C is a 1-set contraction
satisfying the property () and such that I — T is a-\r-expansive. Then either

(a) f has a fixed point in C, or
(b) there existx € dU and t € (0, 1) such that x = tT(x) + (1 —t)p.

The next result is concerned with the interior condition. For the proof, a Monch
type existence theorem is needed:

Lemma 2 ([3, Theorem 5.5]). Let X be a Banach space, C C X a glosed convex
subset, and U C C an open subset with p € U. Suppose that T : U — Cis a
continuous mapping satisfying the so-called Monch condition:

(A#) (DC U, D countable, D C co({0} U T(D))) = D compact

both with the boundary condition (LS). Then T has a fixed point in U.

Theorem 28. Let X be a Banach space and C > 0 a closed convex subset of X.
Suppose that T : C —> C is a 1-set contraction and U is a bounded strictly star-
shaped open neighborhood of the origin such that

(IC)  forall A > 1 andall x € Us N C, T(x) # Axand T(x) € UNC,

with 0 < § < dist{0, dU}.
If further I — T is a-yr-expansive, then T has a fixed point in C.

Proof. The mapping T,, = (1 — %)T :C— Cisa(l— %)-set contraction, thus
satisfies the Monch condition. Define the function P : C — U N C by

r+(1—r)g(x) . 77
D B x,ifxe C\UNC,

X, ifxeUNC,

where g is the Minkowski functional and r is as defined in Proposition 7. Let Po T, :
UNC — UNC.Then UN C is strictly star-shaped for C is convex and, by
definition of P, P o T, satisfies (LS). If we assume on the contrary that there exist
some xy € d(U N C) and Ay > 1 such that (P o T,,)(xo) = Axo, then g(xo) = 1
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and g(Axg) = Aog(xo) = Ao > 1 which implies that Ax, ¢ U N C, leading to a
contradiction with (P o 7,,)(U N C) C U N C. In fact, we have proved that if £ is
strictly star-shaped and T(9£2) C £2, then (LS) holds.

Now P o T, is further a (1 — %)-set contraction. Indeed, notice that if A is a
nonempty bounded subset of X, then from Proposition 7, we have PA C co({0} UA).
As a consequence, if A is any bounded subset of X, then

(P o T,)(A) < a(Ty(A)) = (1 - %) (T(A) < (1 - 1) w(A).

n

By Lemma 2, P o T), has a fixed point x,, for eachn € {1,2,...},1i.e.,, (PoT,)(x,) =
x,. Now, we show that 7, has a fixed point. According to the definition of the
generalized projection mapping P, we must discuss separately two cases:

[i) If T,(x,) € U N C, then Proposition 7 guarantees that T},(x,) = (P o T,,)(x,) =
Xp.

[ii) Otherwise T,(x,) ¢ U N C implies, by Proposition 7, g(T,, (_x,,)) > 1. Hence
g((1 = 1/n)Tx,) > 1 and g(Tx,) > 1, showing that Tx, ¢ U N C which is a
contradiction with (IC)’.

Therefore there exists x, € U N C such that x,, = T,(x,), foralln € {1,2,...}.
Let S = {x, C U| Tp(xy) = x,, n = 1,2,...} be such a bounded sequence of
approximate fixed points. Arguing as in the proof of Theorem 27, we obtain that
a(S) = 0, showing that § is compact. Therefore (x,) converges to x in U N C and
since UNC is closed, then x lies in UNC. Finally, T being continuous, we conclude
that 7 has a fixed point in U N C. O

We now state a final existence result in which again C is an arbitrary closed
convex subset while (I — T)(C) closed is replaced with I — T demi-closed (for the
proof, we refer to [32, Theorem 3.4]).

Theorem 29. Let (E, || - ||) be a reflexive Banach space satisfying the NRP and
C > 0a convex closed subset of E. Let T : C —> E be a 1-set contraction with [ —T
demi-closed. If the Furi-Pera condition and the property () are fulfilled, then T
has a fixed point.

4 The weak topology

4.1 Introduction

Let X be a Banach space and X* its topological dual. The weak topology is generated
by the bounded linear functionals on X. £2 C X is open in the weak topology if for
every x € £2, there are bounded linear functions {f;}, i € N and positive real
numbers {¢;}, i € N such that
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eX: |fix)—fiy)| <&, i=1,2,...,n} C £2.

Then, instead of balls centered at the origin in case of the strong topology, a base of
neighborhoods of the origin is given, in the weak topology, by

Vfi,....fmet=xeX: | <xfi>|<e, i=1,2,...,n}

So by the weak convergence of a sequence x,, to a limit x (in the o (X, X*) topology),
it is meant that < x,,f >—>< x,f >, for all f € X*. We shall write x, — x, as
n — 4o00. We recall that the weak topology is Hausdorff locally convex, hence can
be defined by the family of semi-norms:

{pr(¥) = | <x.f>|: feX* and ||f|p+ <1}.

However this topology is not metrizable (see, e.g., [38, 41]).

An operator T : X — X is said to be weakly continuous if for every f € X*, the
mapping f o T : X — N is continuous.

T is weakly sequentially continuous if for each sequence x, € X, we have
Tx, — Tx whenever x, — x. T is weakly strongly continuous if Tx, — Tx
whenever x, — x (T is a Dunford-Pettis operator). Then T weakly strongly
continuous implies 7" weakly sequentially continuous which in turn implies that
T is demi-closed.

A subset C C X is said to be weakly closed (resp. compact) if it is closed (resp.
compact) in the weak topology o (X, X*). The following results are standard results
in functional analysis (see, e.g., [14, 38, 41, 83]).

Theorem 30. A convex subset of a normed space is closed if and only if it is weakly
closed.

Theorem 31. A subset of a reflexive Banach space is weakly compact if and only if
it is closed in the weak topology and bounded in the norm topology.

Theorem 32. Let X be a Banach space. Then the following are equivalent:

(a) X is reflexive.

(b) The unit ball By is weakly compact.

(c) Every bounded sequence in X (in the strong topology) has a weakly convergent
subsequence.

(d) X* is reflexive.

Theorem 33 (Eberlein-Smulian Theorem). Let K be a weakly closed subset of a
Banach space X. Then the following are equivalent:

(a) K is weakly compact.
(b) K is weakly sequentially compact.
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4.2 The weak MNC

Let B(X) be the collection of all nonempty bounded subsets of a Banach space X
and W(X) the subset of B(X) consisting of all weakly compact subsets of X. Let
B, denote the closed ball in X centered at 0 with radius » > 0. In [28], De Blasi
introduced the mapping w : B(X) — [0, +00) defined, for all M € B(X) by

o(M) =inf{r >0, INe W(X): M C N+ B,}.

For the sake of completeness, we recall some important properties of @ we need in
this section; for further details and proofs, we refer the reader to [28].

Lemma 3. Let M, M, € B(X). Then

(a) w(My) < w(M,) whenever M; C M,.

(b) w(M) = 0 if and only if M is relatively weakly compact.

(©) w(M") = (M) where M" is the weak closure of M.

(d) w(co(M)) = w(M) where co(M) refers to the convex hull of M.

(&) oMy + M) < w(My) + w(My).

(0 oM, UM,) = max(w(M)), o(M>)).

(g) (Cantor intersection condition) If {X,}{° is a decreasing sequence of nonempty
bounded weakly closed subsets of E with nli)rrolo w(X,) = 0, then the set ﬂ:‘;] X,

is nonempty and weakly compact.

The mapping w is called the De Blasi measure of weak non-compactness. In [8],
Appel and De Pascale gave to w the following simple form in L! spaces, also called
measure of nonequiabsolute continuity:

o(M) = limsup§ sup |:/ | (®)|x dt, D C §2, meas(D) < 8]} , (14)
=0 (vyem LJD

for all bounded M C L'($2,X), where X is a finite dimensional Banach space,
£2 C N" and meas(.) denotes the Lebesgue measure. This formula is usually
employed to prove the relative weak-compactness of the set M. We point out
however that, for this purpose the relation (14) can be dispensed. Indeed, by the
Dunford-Pettis compactness criterion in L' spaces (see, e.g., [14, Theorem 4.3.] or
[38, Corollary 11]), it can be directly proved that

e—>0

lim sup % sup [/ ¥ (@) |x dt, D C §2, meas(D) < s:|§ =0
vem LJp

implies that M is weakly relatively compact, i.e., (M) = 0.

Definition 14. (a) A mapping 7 : M C X — X is said to be w-k-set-contraction
if it maps bounded sets into bounded sets, and there exists some k > 0 such
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that w(T(V)) < kw(V) for all bounded subsets V' C M. It is a strict w-set-
contraction whenever it is a w-k-set-contraction with 0 < k < 1 and w-1-set-
contraction if k = 1.

(b) T is said to be w-condensing if its maps bounded sets into bounded sets and for
all V € B(M) we have o(T(V)) < w(V) whenever w(V) > 0.

(¢c) T is said to satisfy condition (/1) if Tx,),eny has a strongly convergent
subsequence in X whenever (x,),cy is a weakly convergent sequence in X (7 is
weakly strongly compact, ws-compact for short).

(d) T is said to satisfy condition (@72) if Tx,),en has a weakly convergent
subsequence in X whenever (x,),cn is a weakly convergent sequence in X (7 is
weakly compact, ww-compact for short).

4.3 Fixed point theorems

We begin with an existence result which appears in [96, Theorem 2.2] for weakly
sequentially continuous w-k-set contraction mappings, in [42] for weakly continu-
ous w-condensing mappings and in [12, Theorem 3.2], [46, Lemma 3.2] for weakly
sequentially continuous w-condensing mappings.

Theorem 34. Let C be a nonempty bounded closed convex subset of a Banach
space X and let T : C —> C be either a weakly continuous or a weakly sequentially
continuous mapping. If T is w-condensing (or w-k-set contractive), then it has a
fixed point in C.

This result can be easily derived from Arino, Gautier, and Penot fixed point
theorem:

Theorem 35 ([9, Theorem 1]). Let E be a metrizable locally convex topological
vector space and let C be a weakly compact convex subset of E. Then every weakly
sequentially continuous mapping f : C —> C has a fixed point.

This theorem in turn follows from the Schauder-Tychonoff theorem. Now, as a
consequence of Theorem 34, we get

Theorem 36. Let X be a Banach space, C C X a nonempty bounded closed convex
subset, and T : C —> X an w-1-set-contraction which is either weakly continuous
or weakly sequentially continuous. If (I — T)(C) is closed, then T has a fixed point
in C.

Proof. Arguing as in Theorem 4 for nonexpansive mappings, and appealing to
Theorem 34, we obtain that T has a sequence of fixed points (x,),en; indeed, it is
sufficient to consider an w-(1—1/n)-set-contraction mapping 7, (x) = (1—%)T—}— %xo
for some xy € C; this is a convex homotopy between T and the constant x,; hence,
they have the same fixed point index. Since C is bounded, so is 7(C) and then
lim (x, — Tx,) = 0. Finally (I — T)(C) is closed, which completes the proof. O

n—>oo
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The result still holds if C is weakly compact and / — T is demi-closed. Owing to
[44, Theorem 8], the result of Theorem 36 remains true if the weak (resp. the weak
sequential) continuity is replaced with T continuous and satisfies (2/1). Next, we
recall some recent results without proofs.

Theorem 37 ([48, Theorem 2.3]). Let C be a nonempty closed convex subset of
a Banach space X and suppose that T : C —> C is an w-condensing mapping
satisfying (7'1). If there exists xo € C and R > 0 such that T(x) — xo # A(x — xp)
for every A > 1 and for every x € C N Sg(xy), then T has a fixed point.

Theorem 38 ([48, Theorem 3.1]). Let X be a Banach space and C > 0 be a closed
convex of X. Assume that T : C —> C is a continuous mapping which satisfies
(e/1) and

(a) T is an w-1-set contraction.
(b) T satisfies (LS).
(c¢) I —T is y-expansive. Then T has a unique fixed point in C.

Proposition 11 ([48, Corollary 3.2]). Let C be a bounded closed subset of a
Banach space X and T : C —> C a continuous mapping such that I — T : C — X
is Y-expansive. If there exists an almost fixed point sequence (x,), of T in C, then T
has a unique fixed point in C.

This result is interesting for we know that a sequence of fixed points can be
obtained when, e.g., T is nonexpansive as in Theorem 17. Next, we present a
nonlinear alternative in the weak topology.

Theorem 39 ([35, Theorem 2.3]). Let C be a nonempty bounded closed convex
subset of a Banach space X and U C C an open subset containing some x,. Let
T : U — C be a continuous w-contraction satisfying (</'1). Then

(a) either the equation Tu = u has a solution in U, or
(b) there exists an element u € U such that u = ATu + (1 — A)xo for some
A€ (0,1).

Our final existence result deals with w-1-set contractions defined on strictly star-
shaped sets and satisfying the interior condition. We will need

Lemma 4 ([48, Corollary 3.2]). Let C be a bounded closed subset of a Banach
space X and T : C —> C a continuous mapping such that I — T : C — X is
Y-expansive. If there exists an almost fixed point sequence (x,), of T in C, then T
has a unique fixed point xq in C.

Theorem 40. Let X be a Banach space and C > 0 a closed convex subset of X.
Assume that T : C —> C is a continuous mapping satisfying (<7 1) and such that

(a) T is an w-1-set contraction.

(b) There exists a bounded strictly star-shaped open neighborhood of the origin U
such that for all A > 1 and x € Us N C (0 < § < dist{0, dU}), we have that
T(x) # Axand T(x) ¢ U N C.

If further I — T is r-expansive, then T has a unique fixed point in C.
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Proof. Arguing as in the proof of Theorem 28, define Po 7, : UN C — U N C.
Since Po T, is a (1 — rll)-a)-set contraction, Theorem 39 guarantees that P o T,
has a fixed point. We prove that (x,), is an almost fixed point sequence. We have
T,(x,) = (1 — %)T(xn), foralln € {1,2,...}. Then

1Tl = 1T () = TaCe) | + 1T () -

Since ||T,(x,)|| = |lx:.|l < K, where K = sup{||x||, x € dU}, then ||T(x,)| <
K+ %||T(x,,)||. Therefore ||7'(x,)|| < +%5K and

1 1 n K
n =Tl = TGl = -——K = :
n nn—1 n—1
Finally (x,), is a bounded almost fixed point sequence for 7. By Lemma 4, T has a
unique fixed point. o

In the next section, further fixed point theorems are proved for the sum of
operators including recent results both in the weak and the strong topologies.

5 Sum of operators

5.1 Introduction

Many problems in physical sciences are modeled by equations of the form:
Ax+Bx=x, x€Q, (15)

where Q is a closed convex subset of a Banach space X and A, B are two nonlinear
operators, one of which can be of integral type. A classical and useful tool to
solve Problem (15) is the following celebrated fixed point theorem proved by
Krasnozels’kii in 1958 (see [73]).

Theorem 41. Let Q be a nonempty closed convex subset of a Banach space X and
A, B be two mappings from Q to X such that

(a) A is compact and continuous.
(b) B is a contraction.
(c) AQ+ BQ C Q.
Then A + B has at least one fixed point in Q.

The proof of Theorem 41 combines the Banach contraction principle and the
Schauder fixed point theorem [104] and uses the fact that if 7: D —> X is a
contraction, where D is a subset of a Banach space X, then the mapping /-7: D —
(I — T)(D) is a homeomorphism (see Subsect.3.3). Let y € Q be fixed. From the
Banach fixed point theorem, the mapping ¢: Q —> Q defined by ¢(x) = Bx + Ay
has a unique fixed point in Q. Thus (I — B) "' 0 A(y) € Q, thatis F = (I —B) "' 0 A
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maps Q into Q. Since F is continuous, compact, and sends Q into itself, the Schauder
fixed point theorem guarantees that F' has a fixed point in Q.

In 1998, Burton [23] observed that the Krasnozels’kii fixed point theorem
remains true if condition (c) is replaced with the weaker one:

VyeM, (x=Ay+Bx) = xeM.

However, under the weak topology, the first known result is due to Edmunds and
Zabreiko et al., 1967:

Theorem 42 (see [40, Theorem 1], [103, Theorem]).
Let Q be a nonempty closed convex subset of a Hilbert space X and A, B be two
mappings from Q to X such that

(a) A is weakly strongly continuous.
(b) B is nonexpansive.
(c) AQ+BQ C Q.
Then A + B has at least one fixed point in Q.

5.2 Recent contributions

The following result is of Krasnosel’skii type (see [74]) and it concerns the sum of a
compact and a nonexpansive mappings. Condition (c) replaces the demi-closedness
of I — B.

Theorem 43 ([1, Theorem 2.19]). Let X be a Banach space and Q C X a
nonempty bounded closed convex subset. Let A, B : Q —> X be two operators
such that

(a) A is completely continuous.
(b) B is nonexpansive.
(c) If (x,) is a sequence of Q such that (I — B)x, is strongly convergent, then (x,)
has a strongly convergent subsequence.
(d) Ax+ By € Q, forallx,y € Q.
Then A + B has a fixed point x € Q.

In case where the mapping 7 is a I-set-contraction, we have (see
[33, Theorem 3.7]):

Theorem 44. Let X be a Banach space and Q C X a nonempty bounded closed
convex subset. Let A, B : Q —> X be two operators such that

(a) A is completely continuous.

(b) B is a l-set contraction and I — B is \r-expansive.

(c¢) x € Q whenever x = Bx + Ay € Q, for somey € Q.
Then A + B has a fixed point x € Q.
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Proof. For fixed x € Q, let A, : Q —> Q be the mapping defined by A,(y) =
Ax + By. Since B is a 1-set contraction, A, is a 1-set contraction too. Since [/ — B is
Y-expansive, then I — A, is so. By Theorem 25, A, admits a unique fixed point z in
0, i.e., 7 = Ax + Bz. Consequently Ax = (I — B)z and thus the mapping (I — B) :
O — (I — B)(Q) is bijective; indeed, by definition it is surjective and since (I — B)
is W-expansive, then it is one-to-one. Let J® = (I —B)™' : (I — B)(Q) —> Q. Then
JBAx = z € Q. By Assumption (c), T = J? o A maps Q into itself. According to the
proof of [45, Theorem 3.7], we know that J2 is continuous and since A is completely
continuous, we deduce that T is completely continuous too. By the Schauder fixed
point theorem, there exists x € Q such that 7x = x. Hence x = Bx + Ax, proving
the theorem. O

As a consequence, we recover a result due to Garcia-Falset [45, Theorem 3.7]:

Corollary 9. Let X be a Banach space and Q C a nonempty closed bounded convex
subset. Let A, B : X —> X be two operators such that

(a) A is completely continuous.
(b) B is nonexpansive and I — B is -expansive.
(c) x,ye Q = Bx+Ay € Q.
Then there exists x € Q such that x = Ax + Bx.

Now, we derive two direct consequences from Theorem 26:

Corollary 10. Let X be a Banach space and Q C X be a nonempty bounded closed
convex subset. Let A, B : Q —> X be two operators such that

(a) A is completely continuous.
(b) B is a 1-set contraction and I — (A + B) is a-y -expansive.
(c) x,yeQ = Bx+Ay e Q.

Then A + B has a fixed point x € Q.

Proof. By condition (c), A 4+ B maps Q into itself. Since A is completely continuous
and B is a 1-set contraction, A + B is a 1-set contraction too. Moreover I — (A + B)
is a-yr-expansive. By Theorem 26, A 4 B has a fixed point in Q. |

Corollary 11. Let X be a Banach space and Q C X a nonempty bounded closed
convex subset. Let A, B : Q —> X be two operators such that

(a) A is a 1-set contraction.
(b) Bis dissipative and I — (J7® o A) is a-y-expansive.
(c) x,yeE Q = Bx+ Ay € Q.

Then A + B has a fixed point x € Q.

Proof. Since B is dissipative, then J~# is nonexpansive and so J; % o A is a 1-set
contraction. Moreover I — (J; 8 0 A) is a--expansive. By Theorem 25, J;# 0 A has
a fixed point and so A + B has a fixed point. O

Our second existence result is (see [33, Theorem 3.9])
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Theorem 45. Let X be a Banach space and Q C X a nonempty bounded closed
convex subset. Let A, B : Q —> X be two mappings such that

(a) B is continuous, J l_B exists, and I — B is o-\-expansive.
(b) A is completely continuous.
(c) x,yeE Q = Bx+ Ay € Q.

Then A + B has a fixed point x € Q.

Proof. Since J;® exists and A is completely continuous, J;* o B is completely
continuous. Indeed (I — B) o J; % 0 A(Q) = A(Q) and thus

o (1= B) o J7? 0 A(Q)) = a(A(Q)).

Now, since I — B is a-y-expansive and A is completely continuous, we have
a(A(Q)) = 0 and then v (a (JI_B oA(Q))) < 0 which implies that

v ( (J7% 0 A(Q))) = 0.

Since ¥ (0) = 0, then « (JI_B OA(Q)) = 0 and thus the mapping (J;% o A)(Q) is
completely continuous. By the Schauder fixed point theorem, A + B has a fixed point
in Q. O

The following nonlinear alternative was recently proved by Garcia-Falset and
Muiiiz-Pérez in [48, Theorem 4.2]. Condition (c) is a substitute to the closedness of
the range Z(I — B).

Theorem 46. Let Q be a closed convex subset of a Banach space X and A : Q —>
X, B : X — X two continuous mappings such that

(a) A is completely continuous.

(b) B is a 1-set contraction.

(¢) (I—B)~': (I — B) — X exists and is uniformly continuous.
(d) If x = Ay 4 Bx for some y € Q, then x € Q.

Then either

(i) the equation x = Ax + Bx has a solution, or
(ii) the set {x € Q| x = AB(x/A) + AA(x), A € (0, 1)} is unbounded.

We close this subsection with some Krasnosels’kii fixed point theorems under the
weak topology. First a nonlinear alternative due to O’Regan (see [88, Theorems 2.4,
2.5]) is presented:

Theorem 47. Let 2 be an open subset of a Banach space X and A : Q — X,
B : X — X two continuous mappings such that

(a) A is completely continuous.

(b) B is nonexpansive.

(c) Either X is uniformly convex and A is strongly continuous, or 2 is weakly
compact and I — F is demi-closed.



1-Set Contractions 93

Then at least one of the following properties holds:

(i) the equation x = Ax + Bx has a solution;
(ii) thereisx € 382 and A € (0, 1) withx = A(A + B)(x).

The following result can be thought of as a weak version of Theorem 43:

Theorem 48. [1, Theorem 2.1] Let Q be a bounded closed convex subset of a
Banach space X and A : Q — X, B : X —> X two mappings such that

(a) A is weakly strongly continuous and A(Q) is relatively weakly compact.
(b) B is nonexpansive and satisfies (<7 2).
(c) If (xn) is a sequence of Q such that (I — B)x, is weakly convergent, then (x,) has
a weakly convergent subsequence.
(d) I — B is demi-closed.
(e) Ax+ By e Qforallx,y e Q.
Then A + B has a fixed point x € Q.

To round off this section, three recent results obtained by Garcia-falset et al.
(2009, 2012) under the weak topology are presented without proofs:

Theorem 49 ([44, Theorem 15]). Let Q be a bounded closed convex subset of a
Banach space X and A, B : Q — X two mappings such that

(a) A is continuous and satisfies (</'1).
(b) B is nonexpansive and I — B is ¢-expansive.
(c) A + B is w-k-set contraction.
(d) A(Q) +B(Q) C Q.
Then A + B has a fixed point x € Q.

Theorem 50 ([47, Theorem 3.2]). Let Q be a bounded closed convex subset of a
Banach space X and A, B : Q —> X two continuous mappings such that

(a) A(Q) is relatively weakly compact.
(b) A satisfies (/'1).
(¢) B is nonexpansive and w-condensing.
(d) A(Q) +B(Q) C Q.
Then A + B has a fixed point x € Q.

Theorem 51 ([47, Theorem 3.4]). Let X be a Banach space X and A,B : X — X
two mappings such that

(a) A maps bounded sets into relatively weakly compact ones.

(b) A satisfies (<7'1).

(¢) B is nonexpansive and w-condensing.

(d) I — B is Wr-expansive, where Vr is either strictly increasing or rl_1>nolo Y(r) = oo.

Then at least one of the following properties holds:

(i) the equation x = Ax + Bx has a solution,
(ii) the set{x € Q : x = AB(x/A) 4+ AA(x), A € (0, 1)} is unbounded.
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Theorem 51 is an extension of [35, Theorem 2.5] where B is an w-contraction.
This theorem will be next applied to solve a nonlinear integral equation which
extends the one considered in [35] (see also [76]).

6 Applications

To illustrate some of the fixed point theory developed in this paper, we have selected
two examples dealing with nonlinear integral equations. Further applications to
nonlinear Volterra and Hammerstein equations can be found, e.g., in [2, 45, 62, 63].

Example 10. Let X = C([0,T],N) be the Banach space of real continuous
functions endowed with the sup-norm. Consider the following integral equation (see
also [48, Theorem 4.4] where the equation is considered in C([0, T], E), E being any
Banach space):

u(t) = f(t, u(r)) +/(; g(s,u(s))ds, t € [0,T]. (16)

The functions f : [0, 7] x X —> X and g : [0, T] x X —> X are continuous. Let the
integral and superposition operators A, B : X —> X be defined by

A (1) = [O g(s.u(s))ds and B(u)(t) = f(t, u(?)).

Assume that the nonlinear functions f and g satisfy the following conditions:

(Hy) f(t,-)is a 1-set contraction and I — f (¢, -) is ¥-expansive, for ¢ € [0, T.
(Hy)  lu|l < llu—f(t, ul|, for all (¢,u) € [0, T] x X.
(H3) A(Q) CO.

To prove existence of solution to Equation (16), Theorem 45 is applied. We

just check the hypotheses. Since f is continuous, it is clear that A is completely
continuous. Assumption (H;) implies that

[ —B@w) — (v —B@) = ¥ (u@®) —v@)|). forallze0,T].
Hence the operator I — B is {-expansive. Moreover, from Assumption (H;), the

operator B is a 1-set contraction. Finally suppose that u = B(u) + A(y) holds for
some y € Q. The fact that u € Q follows from (H;) and (H3); indeed,

lull < llu(@®) = B)®] = IAM O]

Since A(Q) C Q, we conclude that u € Q.
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Example 11. Consider the nonlinear generalized Hammerstein equation (see [47,
Example 4.1]):

1 1
¥ = 1 /0 o(1.5)g((s)) ds + /0 o (1. $)f 5. y(s))ds (17

posed on L!'((0, 1), N), the space of Lebesgue integrable functions on (0, 1). The
function ¢, g, v, f satisfy the following assumptions:

(1) ¢(.,.) is essentially bounded.

2) f:]0,1] x R —> N is of Carathéodory type and there exist p > 0 and y €
L (0,1) such that |f(t,x) < y(t) + plx|.

3) g: N — N is nonexpansive.

@) v :[0,1] x [0,1] — R is strongly measurable, fol v(-,8)y(s)ds € L'(0,1)
whenever y € L!(0, 1), and there exists j : [0, 1] —> % such that v(z, s) < u(t)
for all (¢, s) € [0, 1]°.

®) plvll < 1.

(6) 0 <nlslloo + pllpl < 1.

Define the nonlinear operators A, B : L'(0, 1) —> L'(0, 1) by:

1 1
Ay (D) = [O v(t.$)f (5. y(s))ds. By(t) = 1 /0 o(1.5)g(y(s))ds.

Then, it can be proved that A is continuous, satisfies (</1), and maps bounded
subsets of L' (0, 1) into relatively compact subsets of L' (0, 1). This has already been
proved in [35, Theorem 3.1] and in [77, Theorem 3.1]. However, we point out that
A is not weakly strongly continuous unless f is linear in the second argument (see
[59, Theorem 5.1]). Regarding B, it is a separate contraction and satisfies (272);
this follows from Assumptions (3) and (5). Then B is nonexpansive and / — B is
Y-expansive where v is strictly increasing. Finally Hypothesis (6) provides a priori
estimates so that condition (ii) in Theorem 51 is fulfilled, proving that Equation (17)
has at least one solution in L' ((0, 1), iR)).

7 Conclusion

In this paper, the fixed point theory for nonexpansive mappings and for the
more general class of 1-set contractions was surveyed. The stress was put on
the difficulties encountered when dealing with these mappings as well as on the
methods developed and the techniques that have been used to overcome such
difficulties during the late years. A special attention and emphasis was made on
the historical development of such theories. However, it was not the ambition of
the paper to investigate with very deep details the numerous results obtained by a
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great number of authors since the sixties and especially the great progress recently
achieved on the subject. In particular, and for the sake of limitation of the subject
discussed herein, we have not considered in detail some questions -and even some
extensions- such that those relating to the investigation of the more general classes
of pseudo-contractive mappings -which we discussed briefly- and those concerning
the so-called convex-power mappings. Also, the approximation methods in the spirit
of recursive Halpern type algorithms, which require particular investigation, have
not been covered by this paper (see, e.g., [6, Chapter 8]). Concerning the fixed
point theory for multi-valued mappings, we recommend [6, Chapter 7] and [72,
Chapter 19].

We hope however that this survey article highlights the development of the fixed
point theory for 1-set contractions and also reports in a satisfactory way some recent
advances in this theory. Note finally that some open problems, in connection with
metric fixed point theory can be found in [52] while a recent survey is given in
[6, Chapter 1].
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Spectral results on quantum waveguides

Hatem Najar

Abstract In this document we review some results dealing with the study of the
spectral properties of quantum waveguide. Precisely we are interested in the bound
states of the Hamiltonian describing a quantum particle living on three dimensional
straight strip of width d. We impose the Neumann boundary condition on a disc
window of radius a and Dirichlet boundary conditions on the remained part of the
boundary of the strip (Najar et al., Math Phys Anal Geom 13:19-28, 2010).

We study the case when we destroy the plan symmetry, i.e. we impose the
Neumann boundary condition on the two concentric disc windows of the radii a
and b located on the opposite walls and the Dirichlet boundary condition on the
remaining part of the boundary of the strip (Najar and Olendski, J Phys A Math
Theor 44, 2011).

The effect of a magnetic field of Aharonov-Bohm type when the magnetic field
is turned on this system is considered (Najar and Raissi, On the spectrum of the
Schrodinger Operator with Aharonov-Bohm Magnetic Field in quantum waveguide
with Neumann window, Math. Meth. App. Sci. (2015)).

1 Introduction

The study of quantum waves on quantum waveguide has gained much interest
and has been intensively studied during the last years for their important physical
consequences. The main reason is that they represent an interesting physical effect
with important applications not only in nanophysical devices, but also in flat
electromagnetic waveguide. See the monograph [15] and the references therein.
Exner et al. have done seminal works in this field. They obtained results in
different contexts, we quote [6, 10, 13, 14]. Also in [16, 20, 21] research has been
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conducted in this area; the first is about the discrete case and the two others for deals
with the random quantum waveguide.

It should be noticed that the spectral properties essentially depend on the
geometry of the waveguide, in particular, the existence of a bound states induced
by curvature [9, 10, 12, 13] or by coupling of straight waveguides through windows
[13, 15] was shown. The waveguide with Neumann boundary condition was also
investigated in several papers [22, 24]. A possible next generalization are waveg-
uides with combined Dirichlet and Neumann boundary conditions on different parts
of the boundary. The presence of different boundary conditions also gives rise to
nontrivial properties like the existence of bound states.

2 The model

The system we are going to study is given in Fig. 1. We consider a Schrodinger
particle whose motion is confined to a pair of parallel plans of width d. For
simplicity, we assume that they are placed at z = 0 and z = d. We shall denote
this configuration space by 2.2 = R? x [0,d]. Let y(a) be a disc of radius a,
without loss of generality we assume that the center of y(a) is the point (0, 0, 0);

y(a) = {(x,y,0) € R x> +)* <a’}. (1)

We set I' = 0£2\y(a). We consider Dirichlet boundary condition on I" and
Neumann boundary condition in y (a).

Dirichlet boundary condtion

Neumann boundary condition

Fig. 1 The waveguide with a disc window and two different boundary conditions
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2.1 The Hamiltonian

Let us define the self-adjoint operator on L?(§2) corresponding to the particle
Hamiltonian H. This will be done by the means of quadratic forms. Precisely, let
qo be the quadratic form

q0(f.g) = f Vf - Vgd®x, with domain 2(q¢) = {f € H'(2); f[ =0}, (2
Q

where H'(2) = {f € L*(2)|Vf € L*(2)} is the standard Sobolev space and we
denote by f[I, the trace of the function f on I'. It follows that go is a densely
defined, symmetric, positive, and closed quadratic form. We denote the unique
self-adjoint operator associated with gy by H and its domain by D(£2). It is the
hamiltonian describing our system. From [25] (page 276), we infer that the domain
D($2) of H is

d
D(@) = |f € H'(R): ~Af € 2(R).1T =0, ai;ry(a) = o}

and

Hf = —Af, Yf € D(2).

2.2 Some known facts

Let us start this subsection by recalling that in the particular case when a = 0, we
get H, the Dirichlet Laplacian, and @ = +o00 we get H*, the Dirichlet-Neumann
Laplacian. Since

H=(-Ar) QI &1 ® (—Apaq).on L*(R*) @ L*([0,d)).
(see [25]) we get that the spectrum of H” is [(z”—d)z, +o0l. Consequently, we have
Ty Ty
[(d) ,+oo[ Co(H)C [(Zd) ,+oo[.

Using the property that the essential spectra are preserved under compact perturba-
tion, we deduce that the essential spectrum of H is

O () = [ (5)%. +00]

An immediate consequence is the discrete spectrum lies in [(;—d)z, (%)2].
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2.3 Preliminary: Cylindrical coordinates

Let us notice that the system has a cylindrical symmetry, therefore, it is natural to
consider the cylindrical coordinates system (r, 6, 7). Indeed, we have that

L*(82, dxdydz) = L*(]0, +00[x[0, 277 [x[0, d], rdrdfdz),

We note by -(-,),, the scaler product in L?(£2, dxdydz) = L?*(]0, +o00[x[0, 27 [x[0, d],
rdrdfdz) given by

f.8)r = / ferdrdfdz.
10.400[x[0,27[x[0.d]

We denote the gradient in cylindrical coordinates by V,. The Laplacian operator in
cylindrical coordinates is given by

Avg, = lﬁ(,i).,.l‘i.,.d_z_ (3)
o ror or  r?200%2  dZ?
Therefore, the eigenvalue equation is given by
—Arpof (r.0.2) = Ef(r,0.2). “4)
Since the operator is positive, we set E = k>. The equation (4) is solved by

separating variables and considering f(r, 0,7) = ¢(r) - ¥(0) x(z). We replace f by
its expression in equation (4) and separate y by putting all the z dependence in one

term so that ’(7 can only be constant. The constant is taken as —s? for convenience.
"

Second, we separate the term — which has all the 6 dependence. Using the fact

that the problem has an axial symmetry and the solution has to be 27 periodic and
"

single value in 6, we obtain — should be a constant —n? for n € Z. Finally, we get

the following equation for ¢

" l I 2 2 n2
() + —¢' () + [ —5* = Sp(n) = 0. )

We notice that the equation (5) is the Bessel equation and its solutions could be
expressed in terms of Bessel functions. More explicit solutions could be given by
considering boundary conditions.
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3 Results on discrete spectrum

3.1 One Neumann Window

The first result we give is the following theorem.

Theorem 1 ([17]). The operator H has at least one isolated eigenvalue in
[(2”—[1)2, (%)2]f0r any a > 0.
2

T
Moreover for a big enough, if A(a) is an eigenvalue of H less than ok then we

Aa) = (2”—[1)2 +o (C%) . ©)

Proof. Let us start by proving the first claim of the theorem. To do so, we define the
quadratic form 2y,

have

1 _
20(7.9) = (9.8, = | 00/ + 500/ Fug + AT,

10,4-00[x[0,27[x[0,d]

(N
with domain
P0(R2) = {f € LX(R,rdrd0dz); V,f € L*(2,rdrd0dz); f[I" = 0} .
Consider the functional g defined by
_ 2112
q[@] - °@0[¢] - (E) ||¢||L2(Q,rdrd0dz)' (8)

. . v . . .
Since the essential spectrum of H starts at (3)2, if we construct a trial function

@ € 2y(£2) such that ¢g[®] has a negative value, then the task is achieved. Using the
quadratic form domain, @ must be continuous inside §2 but not necessarily smooth.
Let y be the first transverse mode, i.e.

2() = % \/gsin(%z) it ze(0,d) ©)

0 otherwise.
For &(r, 0,2) = ¢(r) x(z), we compute
®] = (V,01.V 2 loxl?
LI[ ] - ( X r§0X> - (E) ”(pX”LZ(.Q,rdrdedz)’

_ "2
= 279" 7210, + o0, rar)
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Now let us consider an interval J = [0, b] for a positive b > a and a function ¢ €
7 ([0, +00]) such that ¢(r) = 1 for r € J. We also define a family {¢, : T > 0} by

_ o(r) if r € (0,b)
¢e(r) = { o+ t(nr—Inb)) it r>b. (10)

Let us write

10 20 ooy = / (L (P)Prar.
(0,00)

/ 2|¢’ (b + t(Inr — In b)) |*rdr,
(b,+00)

T o' () Pds = T¢I} . (11)
[0.—&-00) L2((0,400))
Let j be a localization function from C§°(0, a) and for 7, & > 0 we define

Dre(r.2) = o (DX @) + 8/()°] = (DA @) + et (1) = Prre(r.2) + Pore(r).
(12)

q[d)] = Q[d)l.r,s + (pZ,r,s]
_ VLY 2
- QO[¢1,‘[.£ + (p2¢‘[.8] (d) ”(pl.‘f,s + ¢2'T‘£||L2(Q,rdrd9dz)'
= D[@1 0] — CN D1 P 2o[® ] — (52| ®s o |I?
0[D17.6] (d) I Lté”LZ(g,rdrdedz) + 20[P2.r.e] (d) [ 2,T~5||L2(Q,rdrd9dz)

b4
+ z(vr¢l,l,é‘v Vr¢2,1:.5)r - (5)2(¢1.r,8, ¢2,I,s)r-

Using the properties of y, noting that the supports of ¢ and j are disjoints and taking
into account equation (11), we get

q1®] = 277 ¢/ 11200 400) — 87113210 400

. T ;
+ 2627 2101 120,009 rary — ()0 12200.00000 (13)

Firstly, we notice that only the first term of the last equation depends on 7. Secondly,
the linear term in & is negative and could be chosen sufficiently small so that it
dominates over the quadratic one. Fixing this ¢ and then choosing t sufficiently
small the right-hand side of (13) is negative. This ends the proof of the first claim.
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The proof of the second claim is based on bracketing argument. Let
us split L*(£2,rdrdfdz) as follows: L*(2,rdrd0dz) = L*(£2;,rdrdfdz) &
LZ(Q;' , rdrd0dz), with

Q7 =1{(r,0,2) €[0,a] x [0,27[x[0,d]},
oF=o\2;,.
Therefore
HYeH™ <H<H "o H .

Here we index by D and N depending on the boundary conditions considered on the
surface r = a. The min-max principle leads to

Gess(H) = O-ess(H;_'N) = O-ess(Hj—'D) = I:(%)z, +OO|:

2
T
Hence if H,_*D exhibits a discrete spectrum below o then H does as well. We

mention that this is not a necessary condition. If we denote by A;(H, ), A;(H, ")
and A;(H), the j-th eigenvalue of H,*?, H,*N and H, respectively, then, again the
minimax principle yields the following

Ai(H,N)Y < A(H) < A(H, ) (14)
and for 2 > j
Aj—1(H, Py < M(H) < A(H,P). (15)

H P has a sequence of eigenvalues [2, 27], given by

_(@k+ Dr 2 Xni\2
Akng = (T + (7> )

where x,,; is the [-th positive zero of Bessel function of order n ( see [2, 27]) . The
condition

2

P
Apnt < 7 (16)

yields that £k = 0, so we get

Ao = (;_d)z + (%)2

2
This yields that the condition (16) to be fulfilled, will depend on the value of (ﬂ) .
a
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We recall that x,,; are the positive zeros of the Bessel function J,. So, for any
A(a), eigenvalue of H, there exists n, [, n’, I € N, such that

2 xﬁ,l n? xﬁ/,z/
+?fk(a)fw+ 2 a7

7T
4d?

The proof of (6) is completed by observing that x,; and x,,y are independent
from a. [

3.2 Two Neumann Windows

We consider a Schrodinger particle whose motion is confined to a pair of parallel
planes separated by the width d. For simplicity, we assume that they are placed at
z = 0 and z = d. We shall denote this configuration space by 2

Let y(a) be a disc of radius a with its center at (0,0,0) and y(b) be a disc of
radius b centered at (0, 0, d); without loss of generality, we assume that 0 < b < a.

(@) = {(x,y,0) € R% & +y* <a’}; y(b) = {(x,y,d) € R »* +)? < b*}.
(18)
We set I' = 02\ (y(a) U y(b)). We consider Dirichlet boundary condition on I
and Neumann boundary condition in y(a) and y(b).

Theorem 2 ([18]). The operator H has at least one isolated eigenvalue in [0, (%)2]

for any a and b such that a + b > 0.
2

Fid
Moreover for a big enough, if A(a) is an eigenvalue of H less than 7 then we

have

1 1
A.(Cl, b) S (a—z, ﬁ) . (19)

Remark 1. 1. The first claim of Theorem 2 is valid for more general shape of
bounded surface ., with Neumann boundary condition, not necessarily a disc;
(see Figure 2) it suffices that the surface contains a disc of radius a > 0.

2. For more general shape .¥ using discs of radius a and @', such that

y(a) C 7 C y(d); (20)

In [1] Assel and Ben Salah considered the case of square window.

2 =R*x[0,d].

When b is big enough, we get the result.
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Dirichlet boundary condition

Neumann boundary condition

Fig. 2 Dirichlet wave guide with two concentric Neumann disc windows on the opposite walls
with (in general) different radii a and b.

Proposition 1 ([18]). When the radius a is equal to a critical value a; at which
a new bound state emerges from the continuum, equation (4) with E = 1 has a
solution fl(o) (r, 0, z2), unique to a multiplicative constant which at infinity behaves
like (valid for both configurations of the boundary conditions)

imb 2 sin —n/3r —n/8r
¢ V2 nz—l—ﬂle sin2nz+ O ¢ . r— 00
27 plml

(0) _
£, (r.6.2) = 7 7

21

with some constants B;. Here the two quantum numbers n and m are compacted into
the single index l: | = (n, m).

A proof of this statement will be given in the next section.

Remark. Compared to the corresponding equation for the quasi-one-dimensional
wave guide [5, 6, 14], this asymptotics has a different form which is explained by
the additional degree of the in-plane motion.

3.3 Effect of Aharonov-Bohm filed

Results on the discrete spectrum of a magnetic Schrodinger operator in waveguide-
type domains are scarce. A planar quantum waveguide with constant magnetic field
and a potential well is studied in [11], where it was proved that if the potential
well is purely attractive, then at least one bound state will appear for any value
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of the magnetic field. Stability of the bottom of the spectrum of a magnetic
Schrodinger operator was also studied in [26]. Magnetic field influence on the
Dirichlet-Neumann structures was analyzed in [7, 23], the first dealing with a
smooth compactly supported field as well as with the Aharonov-Bohm field in a
two dimensional strip and second with perpendicular homogeneous magnetic field
in the quasi-dimensional.

Despite numerous investigations of quantum waveguides during the last few
years, many questions remain to be answered, this concerns, in particular, effects of
external fields. Most attention has been paid to magnetic fields, either perpendicular
to the waveguides plane or threaded through the tube, while the influence of the
Aharonov-Bohm magnetic field alone remained mostly untreated.

In their celebrated 1959 paper [4] Aharonov and Bohm pointed out that while the
fundamental equations of motion in classical mechanics can always be expressed in
terms of field alone, in quantum mechanics the canonical formalism is necessary,
and as a result, the potentials cannot be eliminated from the basic equations.
They proposed several experiments and showed that an electron can be influenced
by the potentials even if no field acts upon it. More precisely, in a field-free
multiply-connected region of space, the physical properties of a system depend on
the potentials through the gauge-invariant quantity ¢ Adl, where A represents the
vector potential. Moreover, the Aharonov-Bohm effect only exists in the multiply
connected region of space. The Aharonov-Bohm experiment allows in principle
to measure the decomposition into homotopy classes of the quantum mechanical
propagator.

A possible next generalization are waveguides with combined Dirichlet and
Neumann boundary conditions on different parts of the boundary with an Aharonov-
Bohm magnetic field with the flux 2ww. The presence of different boundary
conditions and Aharonov-Bohm magnetic field also gives rise to nontrivial prop-
erties like the existence of bound states. This question is the main object of the
paper. The rest of the paper is organized as follows: in Section 2, we define the
model and recall some known results. In section 3, we present the main result of
this note followed by a discussion. Section 4 is devoted to numerical computations.

3.3.1 The model

Let Hyp be the Aharonov-Bohm Schrédinger operator in L?($2), defined initially on
the domain C§°($2), and given by the expression

Haip = (iV + A)%, (22)

where A is a magnetic vector potential for the Aharonov-Bohm magnetic field B,
and given by

y —X

A(x,yvz)z(AlvAZ;AE»):(X(m,m,O), (XGR\Z (23)
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The magnetic field B : R? — R3 is given by
B(x,y,7) = curlA =0 24)

outside the z-axis and
/ A =2na, 25)
1

where o is a properly oriented closed curve which encloses the z-axis. It can be
shown that Hsp has a four-parameter family of self-adjoint extensions which is
constructed by means of von Neumann ’s extension theory [8]. Here we are only
interested in the Friedrichs extension of Hyz on L?(§2) which can be constructed by
means of quadratic forms. We get that the domain D(£2) of H is

D(2) ={ueH(2); (V+A2uecl?(Q),ull’ =0,v.GV + Auly(a) =0},
where v the normal vector and

Hu = (iV 4+ A)%u, VYue D). (26)
Let’s start by recalling that in the particular case when a = 0, we get H°, the

magnetic Dirichlet Laplacian, and when ¢ = +oo we get H*, the magnetic
Dirichlet-Neumann Laplacian.

Proposition 2. The spectrum of H° is [(%)2,4—00[, and the spectrum of H*®
coincides with [(%)2, +ool.

Proof. We have
H=(GV+A?’RISIR® (-Apag), on LR\ {0}) ®L*([0,d]),

where A 1= o ( ) Consider the quadratic form

[ —
x2+y2 ’ x2+y2

Z][u]:/ | iV + A)u |? dxdy
R2
y 2 x
:Az (lax+am)u dxdy+Az‘(la}—am)u

By introducing polar coordinates we get

X
F= /x2+y2; - =cosb, 'X:Sil‘le,
r r

2
dxdy.

@7
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and
a6 —y 0d0 X d y 0 .0 x 0
— =, — ==, 0,= 0——=—, 0,=sinf—+ ——.
ox 27 9y O, T 290 y =SS, + r2 90
Hence (27) becomes
1
Glu] = / (| du |* += | (idgu — au) |2) rdrdf. (28)
r

Expanding u into Fourier series with respect to 6

i k0
u(r,0) = u(r) .
oo V2w
we get
/ | iV + A)u |? dxdy > min | k 4+ « |? / - lux,y) > dxdy. (29)
R2 k X~ +y

Here the form in the right-hand side is considered on the function class H!(R?),
obtained by the completion of the class €° (R*\{0}). Inequality (29) is the Hardy
inequality in two dimensions with Aharonov-Bohm vector potential [3]. This yields
that & ((iV + A)Z) C [0, +00]

Since 6(—A) = 0.5(—A) = [0,+400[, then there exists a Weyl sequences
{h, )22, for the operator —A in L2(R?) at A > 0. Construct the functions

h,ifx>nandy > n,

onlxy) = { 0 if not.

I (GV+A2=2) g Il < I (A=W Il + | A, || + 1| AV, |
Cc
< A=Dgn ||+

where c is positive.
2

I @n |l
thus [0, +00[C Oy ((N + A)z) C i ((iV + A)Z).

Then we get that the spectrum of (iV 4+ A)? is [0, +oo[, we know that the

2j+ 1
spectrum of _A([)O,d] and —A[y, is {(%)2, j€N}and {(%)2, jeN},

Therefore, the functions ¥, = is Weyl sequence for (iV + A)Z atA >0,
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respectively. Therefore we have the spectrum of H° is [(%)2, +o00[. And the
spectrum of H* coincides with [(27[—[1)2 +oo[. H

Consequently, we have
Ty Ty
[(d) ,+oo[ Co(H) C [(2d) ,+oo[.

Using the property that the essential spectra are preserved under compact perturba-
tion, we deduce that the essential spectrum of H is

Oy (H) = [(%)2, +oo.

Theorem 3 ([19]). Let H be the operator defined on (26) and a € R\ Z. There

a
exist ay > 0 such that for any 0 < p < ay, we have
o4(H) = 0.
. a
There exist a; > 0, such that y > aj, we have

oa(H) # 0.

Remark. The presence of magnetic field in three dimensional straight strip of width
d with the Neumann boundary condition on a disc window of radius 0 < 4 ap
and Dirichlet boundary conditions on the remained part of the boundary destroys
the creation of discrete eigenvalues below the essential spectrum. If g > ay, the
effect of the magnetic field is reduced.

Remark. This result is still true for more general Neumann window containing some
disc. To get the optimal result of ay and a;, we need explicit calculation.

Proof. The proof follows the same steps as in the previous two subsections. The

main difference is by introducing the magnetic field we get a new Bessel equation
1 .90

we obtain F(i_ + &)?P should be a constant —(m — a)> = —v? for m € Z.

Finally, we get the new equation for R

2
R'()+ R () + L= K = IR0 = 0. (0)

We notice that the equation (30) is a Bessel equation which by the introduction of
the term « is different from equation (5). The solutions of (30) could be expressed
in terms of Bessel functions. More explicit solutions could be given by considering
boundary conditions.
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The solution of the equation (30) is given by R(r) = cJ,(Br), where ¢ € R*,
Br=Ar— kf and J, is the Bessel function of first kind of order v.
We assume that

R(a) =04 J,(Ba) =0
S af =X (31)

v,n’

where x|, is the n—th positive zero of the Bessel function J;,.
Consequently to equation (31), H, " has a sequence of eigenvalues given by

x/z

v,n 2
Ajon = s +
_ W (@ED7TY
Ca? 2d '
TN\2 /N2
As we are interested in discrete eigenvalues which belong to [(ﬂ) , (E) ) only
Ao,y intervenes.
If
TN\2
- <i v,ns 32
(5) <o =
then there H does not have a discrete spectrum. We recall that v2 = (m — «)?

and it is related to magnetic flux, also recall that x, , are the positive zeros of the
Bessel function J, and Vv > 0, Vn € N*; 0 < x|, < x|, (see [2]). So, for any
eigenvalue of H,*V,

/2 /2

X ( T )2 Ko ( T )2

— —) < — ) = Aowa-

a? + 2d a? + 2d ovn

An immediate consequence of the last inequality is that to satisfy (32) it is sufficient
to have

therefore
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then

We have( see [2, 27])
v+ a3 < ¥

v,n’

where a, = 27'/38, and B, is the n—th positive root of the equation

2 2
J2 (—x3/2) —J= (—x3/2) =0.
3\3 3 3

For n = 1, we have oc,,vl/3 ~ 0.6538 (see [2]), then
co :=0.6538 + @ < 0.6538 +v < x’“. (33)

26‘0

V3n®

a
Then we get that for d and a positives such that 7 <ag:=

O'd(H) =0.
This ends the proof of the first result of the theorem (3).
By the min-max principle and (14), we know that if H,? exhibits a discrete

spectrum below (%)2, then H does as well.
Ha_'D has a sequence of eigenvalues [17, 18, 27], given by

here x,, is the n—th positive zero of Bessel function of order v (see [2]). As we are
b s
interested in discrete eigenvalues which belong to [(ZZ)Z’ (3)2) only for Aoy .

If the following condition

Jown < (%) (34)

is satisfied, then H has a discrete spectrum.
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We recall that 0 < x,,,, < x, ,+ for any v > 0 and any n € N* ( see [2]). So, for
any eigenvalue of H, "2,

2 2
A1 7T \2 X 7T \2
L (Y < (2) = g
a? +(2d) a? +<2d) o,

An immediate consequence of the last inequality is that to satisfy (34) it is sufficient
to set then

2xV,1
<

a
V3r o d
1)\ 2
__ 2 2 <
(n 4) T4V Xvns
For n = 1, we have

37)\° ) 3m\? )
c| = (T) + o < (T) + V7 <Xy 35)

2C1
V3’

We have

Then we get that for d and a positives such that Z >a) =

o4(H) # 9.
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Multi-field Modeling of Nonsmooth Problems
of Continuum Mechanics, Differential Mixed
Variational Inequalities and Their Stability

Joachim Gwinner

Abstract This paper surveys various nonsmooth problems in continuum mechan-
ics, presents multi-field variational models for these problems in the form of mixed
variational inequalities and differential mixed variational inequalities, and exhibits
stability results for differential variational inequalities with respect to perturbations
of the data.

1 Introduction

In this survey paper we consider various nonsmooth problems in continuum
mechanics, present multi-field variational models for these problems in the form of
mixed variational inequalities and differential mixed variational inequalities (DVTIs),
and exhibit stability results for DVIs with respect to perturbations of the data.

Herewith nonsmoothness is not understood as nonsmoothness of domains with
corners and edges what is investigated in the mathematical regularity theory of
partial differential equations. Instead nonsmoothness comes from the nonsmooth
data of the problems itself, in particular from constraints and from functionals that
are classically not differentiable. Thus for such problems the classical approach of
characterization of solutions by variational equations has to be abandoned. Similar
to finite dimensional optimization with implicit set constraints we have to work with
variational inequalities instead. Also similar to finite dimensional optimization with
inequality constraints, Lagrange multipliers and - in their physical interpretations -
dual variables become signed.

Since it is not a priori known where those dual variables are positive or vanish,
respectively where the associated inequality constraint to the Lagrange multiplier
becomes active and where not, the boundary between those regions is unknown too.
So these problems belong to the class of free boundary value problems. Moreover
these problems are nonlinear.
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On the other hand, with a linear regime, e.g. with linear elasticity in solid
mechanics, we arrive at convex variational problems, i.e. the energy becomes a
convex functional. This allows to apply methods of convex analysis. We also can
treat nonlinear material behavior. Then monotonicity methods of nonlinear analysis
come into play. But we do not enter solid mechanic problems with geometric
nonlinearity and large deformations.

To introduce into multiple field modeling in continuum mechanics let us shortly
review the literature. The classical BabuSka-Brezzi theory [5] addresses variational
problems with equality constraints as saddle point problems and establishes unique
solvability by means of inf-sup conditions what are the basis of the mixed finite
element method (mixed FEM) for the numerical treatment of these problems.
A prominent instance of this two-field modeling is incompressible Stokes flow with
the velocity and pressure as coupled unknown fields. This classical saddle point
theory linked with two-field modeling has been extended by Gatica [17, 18] to
some classes of nonlinear variational problems and to three-field variational models
that can be understood as dual-dual mixed variational models or as two-fold saddle
point formulations. Such augmented variational models are well adapted for multi-
physics problems with different coupled unknown quantities and in particular for
engineering problems, where in terms of solid mechanics, strains and stresses are
often of more interest than the displacements.

The present paper extends this novel modeling approach to nonsmooth boundary
value problems with inequality constraints. This has to be distinguished from the
standard duality approach which hinges on the Lagrange duality theory of convex
analysis in calculus of variations (see [13] for a systematic study) and which
is employed in the numerical FEM analysis of various unilateral boundary and
obstacle problems as pioneered by Haslinger and LoviSek [28, 29], see also the
monograph [31]. More recent work in this direction is [10] on error estimates of
mixed FEM applied to Signorini elastic contact and [47] on mixed formulations and
mixed FEM for a class of variational inequalities in a more general framework; see
also the recent exhaustive exposition [48] on variationally consistent discretization
schemes for the frictional contact problem. More related to, but different from the
present paper is [11] that investigates nonconvex unilateral contact problems and
analyzes a three-field augmented Lagrangian formulation in the triple of the bulk
displacement, normal boundary displacement, and normal boundary stress fields.

In addition to steady-state problems we also consider time-dependent problems.
Here we focus on problems that are first order in time neglecting mass effects and
that are thus of parabolic type. Because of the presence of constraints these problems
fit to the frame of differential mixed variational inequalities (DMVIs). For such
nonsmooth evolution problems we present very recent stability results. Herewith
stability is not understood as stability over an infinite time horizon like Liapunov
stability. Instead we are concerned with stability of solutions in a fixed time interval
with respect to perturbations of the data. These stability results can be interpreted as
set convergence results for the solution set and are very much linked to the stability
of numerical schemes that arise from the application of numerical discretization
techniques like boundary element, finite difference, finite element, and finite volume
methods.
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The paper has the following outline. In the subsequent section we introduce to
the multi-field modeling approach and consider a scalar nonlinear boundary problem
from heat conduction and its time-dependent extension what leads to a first example
of a (DMVI). Then in section 3 we extend the multi-field modeling of a boundary
value problem in nonlinear material elasticity given in [4] to a frictionless unilateral
contact problem. Section 4 addresses nonsmooth problems in elastoplasticity. First
we recall from [26, 27] the variational formulation as a multi-field evolutionary
variational inequality, which can be readily rewritten as a (DMVI). Then we expand
further this formulation, using the modeling approach of [4] and of section 3, and
arrive at another (DMVI). The bulk of the more analytic results is in section 5.
There we survey the recent stability results from [25], discuss the nonlinear heat
conduction problem as an example, and provide more applications. In the final
section we delineate some further directions of research.

2 Multiple field modelling of a nonsmooth heat
conduction problem

To demonstrate this novel approach of multiple field modelling, let us consider a
nonlinear boundary value problem with Signorini boundary conditions that arises
from nonlinear heat conduction [8] with semi-permeable walls [12]. We first show
how the steady-state problem can be variationally formulated as a variational
inequality in mixed form. Then we turn to the transient problem and derive the
associated differential mixed variational inequality.

To describe the problem of interest, let £2 be a bounded simply connected domain
in R? with the Lipschitz boundary 32 = I'. Then v the outward normal to I",
exists almost everywhere and v € [L®°(I")]%. Let I'p and Iy be parts of I" such that
[Ip| >0,|Is| >0, =TpUTs,and IpNTs =@ Alsoleta; : 2 x R? —
R,i = 1,2 be nonlinear functions satisfying certain conditions (specified in what
follows) and write

a(x, &) := (al(x, £), ax(x, é;'))T for all (x, &) € 2 x R2.

Then, for a given right-hand side f : £2 — R, given function g : 9§2 — R defining
the boundary conditions, we look for a function u : £2 — R such that

—diva(, Vu()) =f on §2
u=g onlp (D)
u>ga,vVu))-v=>0, (u—g) a(-,Vu(-)) -v=0on /Ty,

where div is the usual divergence operator. As in [19] in the case of the Dirichlet
problem, let us introduce the gradient p := Vu in §2 and the flux o := a(-, p) in £2
as additional unknowns. In this way, the elliptic pde (1;) in (1) writes as the three
equations
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—dive =f
a(" p) =0 (2)
p = Vu

that should hold in the distributional sense in §2. By this reformulation we can relax
the regularity of the unknown u. We require that u € L?(£2),p € L*(£2,R?) and
o € H(div, ) := {0 € L*(£2,R?)|dive € L*(£2)}. Thus testing (1), (2) with
v € L*(£2), q € L*(£2,R?), respectively, gives

—/divavdxz/fvdx:: . v) 2 »
2

2

/a(-,p)-qu = /a ~qdx =: (0. 9) 2o R?) -
Q2 17

For the last equation (2); in (2) we incorporate the boundary conditions and use
Green’s formula (see [20])

(Vo, 1) 2@ r2) + (@, div T)1200) = (Yoo, W T) 12y (3)

for ¢ € H'(£2), T € H(div, £2), where yo¢ and y,7 = 7 - v denote the traces.
Testing (2); with T — o € H(div , §2) results in
(p, T — G)LZ(Q,RZ) + (M, div T — div O')LZ(Q)
= (you, yv(t — ‘7))L2(r)
= {rou—g.rvt) = (vou—g. o) + (g n(r —0)).

By the boundary conditions, the second term above vanishes. The second
inequality in the Signorini boundary condition (1); tells us that we have to require
that & belongs to the closed convex cone

Hy = Hy(div, 2, Is) = {v € H(div,2) : y, 7|5 > 0},

where “> 0 means that (Y00, y,T) > 0 for any smooth function ¢ on £2 with o = 0
on I'p and ¢ > 0 on 5. Thus we obtain for any T € Hy (div, £2, I'y),

(p.T —0)2ore) + (U, div(T —0))12(0)

> (g (T —0))2(ry) -

Altogether we arrive at the following variational problem in mixed form: Find
[u,o,p] € L*(2) x Hy(div, 2, Ts) x L*(£2,R?) such that for all [v,7,q] €
L*(2) x Hy(div , 2, Ts) x L*(22,R?),



Multi-field Modeling 123

—(dive,v) = (f,v),
(p.t—0) +(udiv(r —0)) = (gt —0))ry . “4)
(a(,p).q) —(0.q)=0.

Note that if the functions a; are Caratheodory functions and satisfy the growth
conditions : 3 C > 0, ¢; € L*(£2),i = 1,2 such that

lai(x, £)| < C{1 + E[} + |@:(0)], V § € R?, ae.x € 2,

then we obtain the Nemytskii operator A : q € L?(£2,R?) — a(-,q) € L*(2,R?).
Clearly, this nonlinear operator A inherits monotonicity from the vector field a, see,
e.g., [35]. To reveal the separable structure in (4), (1), introduce the linear operator
B : H(div,2) — L*(£2),Bt := div t and the embedding E : H(div,$) —
L*(2,R?),Et := 1. Then with the zero operator 0 at appropriate places, the left-
hand side of (4), (1) is given by the following operator in block form:

0 -BO
B* OFE* 5)
0 —EA()

Now we turn to the time-dependent case. Let I = (0,7) be the given time

interval. Then instead of the elliptic pde (1); we have the parabolic pde
du—diva(, Vu(-)) =fin 2 x I.

Also the boundary conditions have to hold in £2 x I, where we assume the gap
function g to be time-independent. In addition, we have the initial condition u = u
in £2 x {0} with some given uy.

As the solution space for the unknown u we introduce

W= {ue*(2x1I): 0ueL*(2xI)}.

Then the three-field variational formulation of the considered initial boundary
value problem reads as the following differential mixed variational inequality: Find
[u,0.p] € W x L*(I,Hy(div , 2, I'5)) x L*(22 x I,R?) =: 2 such that for all
[v,T,q] € Z there holds
[ [@u—dive)vdxdt= [ [fvdxdt,
12 12
Ji Joudiv(t —o)dxdi+ [, [op- (t —0)dxdt
> flfrsg(r —0)-vdsdt
— [, Joo-qdxdi+ [, [,a(.p)-qdxdt =0, .

(6)
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3 Multiple field modelling of frictionless unilateral contact
problems in nonlinear elasticity

In this section we extend the two-fold saddle point approach of [4] from the
nonlinear elasticity boundary value problem with Dirichlet/Neumann boundary
conditions to frictionless unilateral contact problems including Signorini type
boundary conditions. We show how the steady-state problem can be variationally
formulated as a variational inequality in mixed form.

Let a hyperelastic body occupy a bounded simply connected domain £2 in R?
with the Lipschitz boundary d§2 = I'. Then the outward normal v to I is in
[L%°(I")]. Let I'p, Iy, and Iy be parts of I" such that |[Ip| > 0,|I¢| > 0,
I =FDU7NUFC.andFDﬁFC=0.

The hyperelastic behavior of the body is assumed to be described by a Hencky-
von Mises stress-strain relation as discussed in [9, 41]. Then the Cauchy stress tensor
o € R>*? depends on the displacement field u € R? via the kinematic relation

1 T
e= 3 [gradu + gradu’| @)

with the linearized strain tensor e and the constitutive equation
o = A(dev(e)) tr(e) I + fi(dev(e))e. (8)

Here A, [t are nonlinear Lamé functions that under appropriate assumptions on
the stored energy function give rise to a monotone stress-strain relation. Moreover,
I is the identity matrix in R?*?, tr(7) = 7;; denotes the trace, dev : R?*? — R™ is
defined by dev(t) = (t — %tr(r) D:(zr— %tr(r)l), where 7 : ¢ = 10 is the
scalar product for matrices in R?*2,

Then, for given right-hand sides f € [L22)]%. g € [H2(I'p)]>.h € H2(I¢) our
nonlinear boundary value problem reads as follows: Find a tensor field o and a
vector field u that satisfy (7), (8), the equilibrium equation

—dive =f in 2 ©))
and the boundary conditions

u=g onlp
ov=0 only
u, < h,o, <0,

(uy —h)o, =0,06,=0 on I,

(10)



Multi-field Modeling 125

where u, :==u-v,0, :=v-0v,0,:=0v —0,v,and forany T = (r;) € R¥>?,

. . div (t11712)
dive :=| . .
div (721 722)
To derive a multi-field variational formulation of the above boundary value

problem, introduce the tensor spaces

H(div , 2) := {r € [*(2,R¥?) : divt € L*(2,R*)}

Ho(div, 2) :={r €e Hdiv,2): tv=0onIly,t,=00n ¢}
with scalar product
(t.0)naiv.2) = (T,0) 120 r2x2) + (div 7, diV 0) 20 R2)

where

(T.0) 2R = / t:0dx Vt,0 € [*(2,R¥?)
Q

(V. W) 122 R2) ::/ v-wdx Vv,wel*2,R%.
Q

Moreover we need the convex closed cone
Hy (div, £2) :={r € Hy(div,£2): 7, <0on ¢}

As in [4] in the case of a mixed boundary value problem, the strain field e will
be an extra unknown. Here (7) will be rewritten to

e=gradu—p (11)
where the further unknown
1 T
p = E(gradu — (gradu)’),

is the skew-symmetric part of the deformation tensor grad u, represents rotations,
and lies in the space

RH:=1{pecl*>(2,R¥): p+pl =0}.
Then in view of the boundary condition (10); we impose o € Hj (div, £2),

multiply (11) by 7 — ¢ with a test function T € H{ (div, £2), integrate by part
on £2, use the boundary conditions (10);, (10); to get
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/Qe:(r—a)dx—i—/gu-div(r—a)dx+/gp:(r—o)dx

=/ g-(r—or)vdx~|—/ u-(r—o)vdx
I'p

I'c

and by the boundary conditions (10);, (10), estimate the latter boundary integral,

/ u-(t—o)vdx
I'c

=/ hv-(t —owdx+ | (u, —h)yv-tvdx
I'c I'c

> / hv-(t —o)vdx
I'c
Altogether we obtain the following variational inequality for o € H (div , £2):
/e:(r—a)dx+/u-div(r—a)dx+/p:(r—or)dx (12)
Q Q Q

>/ g-(t—a)vdx+/ hv-(t —o)vdx, VT € Hy (div, £2).
I'p

> e
Further with the shorthands
Me) = A(dev(e)).  A(e) := fu(dev(e))
the constitutive equation (8) and the equilibrium equation (9), respectively, yield
[ A@)tr(e)tr(d) + fi(e)e : ddx — [, 0 :ddx=0,vd € [2(£2,R>*?) (13)
—[ov-divedy= [, f-vdx,VveL*(£2,R?) (14)

Finally, the symmetry of o is weakly required by
/a:pdx:O,Vpe%. (15)
2

Consequently, collecting (12), (13), (14), and (15) we arrive at the following
multi-field variational problem: Find [e, o, u, p] € L*(2,R¥?) x Hy (div , 2) x
L*(2,R?) x Z# such that for all [d,z,v, 7] € L*(£2,R*?) x Hy (div, £2) x
(2, R x %,
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(A(e)tr(e), tr(d) 2(o) + (/i(e)e), d) 2 (o rox2) — (0, d) 2@ rox2) = 0,
(.7 —0) o rex2) + (W div (T —0)) 20 r2) + (0. T —0) 20 r2%2)
> (g (t—o)) ey .+ (v (T —0)V) 2,

(V, div G)LZ(Q’RZ) + (U, ]T)LZ(_Q,RDQ) = —(f, V)LZ(Q.RZ) .

4 Multiple field modelling in quasistatic elastoplasticity
and differential mixed variational inequalities

In this section we first recall from [26, 27] the variational formulation of quasistatic
problems in elastoplasticity as an evolutionary variational inequality. This evolution-
ary variational inequality can be readily cast as a (DMVI). Moreover, by a procedure
similar to [4] exploited in the previous section, we expand this multi-field model by
adding the elastic stress and elastic strain fields as further unknown variable. This
involves the H(div, §2) space and is more related to the classical mixed approach of
the Babuska-Brezzi theory. Also this new expanded formulation fits into the (DM VI)
setting, which is investigated in a more formal way in the subsequent section.

4.1 Primal formulation

Let the elastoplastic body occupy a bounded simply connected domain £2 in R?
with the Lipschitz boundary 0§2 = I". Following [26, 27], the unknowns are the
displacement u, the plastic strain p, and the internal hardening variable & that are
required to satisfy in £2 the equilibrium equation

—dive =f (16)

for some given volume load vector f, the kinematic relation
1 T
e= E[gradu—i—gradu ] a7

with the linearized strain tensor e and the constitutive equation
o =C(e—p) (18)

with the fourth order elasticity tensor C and the plastic strain p, and moreover, the
flow law,

[PE] € K,

: . 19
D(q.n) = D(p.&) + 0 :(q—p) — (HE) - (n—§).V[qg. 7] € K, 4
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with the hardening modulus H € R”” and with K, = dom D. There the dissipation
function D is assumed to be nonnegative, convex, positively homogeneous with
D(0) = 0 and K, closed.

The initial condition is u(-,0) = 0 and for simplicity zero Dirichlet boundary
conditions are prescribed, i.e. u = 0 on I" and in the time interval [0, 7.

For the variational formulation introduce the following function spaces. The
displacement, plastic strain, internal variable live in

V=[H ) Q:={qel’ (2.R):trq=0}M=[L*(2)]".

symm

respectively. This gives the product space Y := V x Qg x M. Corresponding to the
set K, = dom D is the closed, convex cone

Y={y=[.q.n €Y : [qn] €K,ae in2].

With [26, 27], (17) is understood as a function e = e(u). Integrating (19) and
using (17), (18) gives for [p, €] € K,,,

JoD(@.n) dx— [, D(p. &) dx

, (20)
> [ (Cle) —p) : (q—p) — (HE) - (n — §)) dx. ¥[q.n] € K, .

Testing (16) with v — u for arbitrary v € V, integrating by parts, and using (18)
yield

[ C(e(u) —p) : (e(v) —e(m)) dx = / f-(v—uw)dx,VveV. 2D
2 2

Adding (20) and (21) we arrive at the differential mixed variational inequality:
Find y = [u, p, £] such that y(0) = 0, for almost all ¢t € (0, T), y(¢t) € Y and

y() =w() €y,

22
(). 2 — w(D)) + (@) —jOv(@)) = (D). 2 — w(D) . Yz € ¥, | @2)

where as in [27] the bilinear form a : ¥ x Y — R, the linear form I(¢) : ¥ — R, the
functional j : ¥, — R are defined, respectively, by

ay.2) = [_Q (Cle(@) — p) : (e(v) — q) + & : Hy) d.
(l(¥), z) =/;2f(t)-vdx,
j@) = /9 D(q, n) dx

fory = [u,p,&].z = [v.q.n].
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4.2 A mixed formulation

Similar to [4] in the case of a mixed boundary value problem of nonlinear elasticity
and similar to the previous section, both the stress field o and the strain field e
can be considered as extra unknowns. This will lead to a new mixed formulation in
elastoplasticity.

Again (17) is rewritten to

e=gradu—p (23)
with the further unknown p := %(gradu — (gradu)”) in Z as defined in the

previous section. Then multiply (23) by T € H(div, £2) and integrate by part on
£2, to get

/e:tdx—i—/u-div(t)dx+/p:rdx=0. (24)
Q Q Q

Further the constitutive equation (18) and the equilibrium equation (16), respec-
tively, yield

/C(e—p):ddx—/a:ddsz,VdeLz(.Q,szz); (25)
2 Q
—/V-divadx:/f-vdx, Vv e L*(2,R?). (26)
2 2

Again, the symmetry of o is weakly required by
/o:pdsz,Vpe%’. 27)
2

Observe that é is in [L2(£2)]?*? := L?(£2,R?*?). Hence, (25) writes for all d €
[L?(2)]>? as

/C(e—p):(d—é)dx—/a:(d—é)dx=0. (28)
7} 7}
Add (28) and (20) to obtain

JoD(q,n) dx— [, D(p, €) dx
+ Jo Cle(w) —p) : (d—q) — (€—p)) > (29)
Jo(o:(@—&) —(HE) - (- £)) dx, Vg, n] € K, .
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Consequently, collecting the variational equalities (24), (26) and (27), and the
variational inequality (29) we arrive at another DMVI: Find y = [e,p,£], z =
[0, u, p] such that y(0) = 0, for almost all t € (0, T), y(z) € [L*>(£2)]?** x Qo x M,
z(t) € H(div, £2) x V x Qy satisfies (24), (26), and (27), and moreover

(1) = w(t) € Z,,
Ay wl(®), £ —w(D) + () — J(w(1)) (30)
> (L(1). —w(0)) . Ve =[v.q.9] € Z,,

where the closed convex cone Z,, the bilinear form A, the linear form L(), and the
convex positively homogeneous functional J are appropriately defined. Since these
definitions are obvious, details are omitted.

5 Differential mixed variational inequalities
and their stability

Motivated by the nonsmooth boundary value problems and their variational for-
mulation in the previous sections, we deal in this section with a general class of
differential mixed variational inequalities. Indeed, with some change of notation, all
the concrete time-dependent variational inequalities of the previous sections can be
subsumed in this class, when introducing some appropriate product spaces. This will
be elaborated with the nonsmooth transient heat conduction problem of section 2.

Since in our stability analysis, we permit perturbations in the nonsmooth convex
functionals and in the convex constraint set, we provide auxiliary results on
epiconvergence and Mosco convergence. We sketch how the monotonicity method
of Browder and Minty can be used to establish a general stability result under weak
convergence assumptions.

5.1 The general setting of differential mixed variational
inequalities

Let X, V be two real, separable Hilbert spaces that are endowed with norms | - ||x,
|| - |lv, respectively and with scalar products denoted by (-,-), (,-) respectively.
Further let there be given T > 0, a convex closed subset K C V, a convex, lower
semicontinuous (Isc) proper functional ¢ : V — RU+o00, maps F : [0, T|xXxV —
X,and G : [0,T] x X x V — V, and some fixed xo € X. Then we consider the
following problem: Find an X - valued function y and a V - valued function w both
defined on [0, T that satisfy for a.a. (almost all) ¢ € [0, T]
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y(@) = F(t.y(n).w())

(DMVI)(F, G, K, ¢; xp)
W(l) € E(K’ ¢’ G(t’ y(t)» ))

complemented by the initial condition y(0) = yy. Here y(r) denotes the time
derivative of y(f). X (K, ¢, G(¢,y(t),-)) stands for the solution set of the mixed
variational inequality defined by K, ¢ and G(¢, y(¢), -), that is, w(¢) has to satisfy

w(t) €K, (G(t,y(1), w(1)), z— w(®)) + ¢(z) —p(w() >0, Vz€K.

To give a precise meaning to a DM VI we have to introduce appropriate function
spaces and impose some hypotheses on the data.

The fixed finite time interval [0, T] gives rise to the Hilbert space L?(0,T;V)
endowed with the scalar product

T

[v, W] := / (v(t),w(t)) d.

0

We consider weak solutions of the differential equation in a DMVI in the
sense of Caratheodory. In particular, the X-valued function y has to be absolutely
continuous with derivative y(f) defined almost everywhere. Moreover to define the
initial condition, the “trace” y(0) is needed. Therefore we are led to the function
space

(0,T:X) :={y|yeL*0,T;X), y(t) € L*(0,T;X)},
a Hilbert space endowed with the scalar product [x, y] + [x, J].
We assume that the map G satisfies the following growth condition: There exist

g0 € L%(0,7T) and g° € L?(0, T) such that V¢ € (0,T), V(y,w) € X x V there holds

IGE y. w)llv < go(® (Iyllx + lIwllv) + &°@) 31)

Hence the Nemytskii operator ¢ that acts from L*(0,T;X) x L*(0,T;V) to
L?(0, T: V) derives from G by

G, w)(0) =Gt y(0),w(), te€(0,7T).
We introduce the closed convex subset
H = L*0,T;K) := {w e L*0,T;V) | w(t) € K,Va.a.t € (0,T)} (32)

For the time-independent functional ¢, we simply require that the functional @
given by
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D(w) := /0 ' dw()dt, welL*0,T;V) (33)

is real-valued on L*(0, T; K).
Then it makes sense to replace the above pointwise formulation of the mixed
variational inequality in a DMVI by its integrated counterpart,

we ., [g(y,w),v—w]Jr@(v)—qs(w) >0, Voe X .

Concerning the map F, we assume the following growth condition similar to (31):
There exist f € L*(0, T) and f° € L?(0, T) such that V¢ € (0, T), Y(y,w) € X x V
there holds

IEEy, w)lix < fo@) (lyllx + Iwllv) + £°@). (34

Hence the Nemitskii operator .% derived from F by

Fy.w) (@) = F.y@®).w@), t€(0.7)

acts from L2(0, 7; X) x L*(0, T; V) to L*(0, T; X).
Using a standard device in dynamical systems (see, e.g., [36]), we can introduce
the unknown y := (y, t) and write the above DMVI as

dy d(y\ _ - . . [FG®),w@)
i) o)
w(t) € X(K,¢,G((1),),

complemented by the initial condition y(0) = (yo,0). Therefore in the following
we can consider the autonomous problem without any loss of generality and drop in
DMVI the dependence on ¢.

Example 1. To subsume the nonsmooth transient heat conduction problem of
section 2 in the framework of a DMVI define the Hilbert spaces X := L?(£2),
V = H(div, 2) x L*(2,R?), hence % = W. Further K := H, (div, 2, I's) x
L*(£2,R?) is a convex cone such that the variational inequality (6), and
the nonlinear variational equation (6); can be written as a single variational
inequality. Here for z = [o,p], simply ¢(z) := (g, y»0)2) is a linear
form. Then for y = u, w = J[o,p] we let F(y,w) := dive + f. To
define the operator G we use the Riesz representation theorem as follows.
For any u € L*(2),p € L*(2.R?), 6 — (p.o)per) + (u.divo)pg,
is a continuous linear form on H(div, §2), hence can be represented by some
p € H(div, £2). This leads to the continuous linear operator R : [u, p] — p. Thus
finally we define G(y,w) = G(u.0,p) := (R(u,p),a(-,p) — o) and arrive at a
concrete example of a DMVL
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In what follows we study stability of differential mixed variational inequalities
formulated as DMVI and admit perturbations y,, of yy in the initial condition
y(0) = yo, F",G" of themaps F : X xV — X,G : X x V — V, K, of the convex
closed subset K C V. and ¢" of the convex, lower semicontinuous proper functional
¢ : V. — R U +oo. Suppose that (y",w") solves (DMVID)(F", G", K, ¢"; Yo..)
and assume that (y*,w") — (y,w) with respect to an appropriate convergence
for X-valued, respectively V-valued functions on [0, T]. Then we are interested in
conditions on F" — F,G" — G, K, — K,¢" — ¢,yo, — yo that guarantee
that (y, w) solves the limit problem (DMVI)(F, G, K, ¢; yo). Such a stability result
can be understood as a result of upper set convergence for the solution set of
(DMVI)(F, G, K, ¢; o).

5.2 Preliminaries; Mosco convergence of sets; epiconvergence
of functions

As the convergence of choice in variational analysis we employ Mosco set conver-
gence for a sequence {K,,} of closed convex subsets which is defined as follows. A
sequence {K,} of closed convex nonvoid subsets of the Hilbert space V is called

. . M .
Mosco convergent to a closed convex nonvoid subset K of V, written K, — K, if
and only if

o —limsupK,, C K C s —liminfK,,.

n—00 n—>00

a . .
Here the prefix o and — mean sequentially weak convergence in contrast to strong

convergence denoted by the prefix s and by 5. Further, lim sup, respectively lim inf
are in the sense of Kuratowski upper, resp. lower limits of sequences of sets (see [2]
for more information on Mosco convergence). Here we note that for the nonempty
set K the second inclusion provides the existence of g, € K, such that g, 2 g for
some given g € K. Clearly, K, M, K,ifandonlyif C, := K,, — gy LN C:=K-g,
This simple translation argument shows there is no loss of generality to assume later
that 0 € K,,, K.

As a preliminary result we need that Mosco convergence of convex closed sets
K, inherits to Mosco convergence of the associated sets .7, = L*(0, T; K,,), derived
from K, similar to (32). To prove this convergence we first show Mosco convergence
of the polars K to K° := {¢ € V* : ({|z) < 1,Vz € K} using the duality (-|-) on
V*x V.

M M M
Lemma 1. Let K, —> K. Then (a) K® — K°; (b) %, — # in L*(0,T; V).
Let us sketch the proof. To verify o — limsup,_, o K) C K’ let{ = 0 — lim ¢,
n—>o0

with £, € K°. Choose z € K arbitrarily. Then by assumption, there exist (eventually
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for a subsequence) z,, € K, with z = s — lim,—, 2,. By definition of the polar K,?,
(Lulza) < 1, Vn, hence in the limit ({|z) < 1, Vz € K what gives ¢ € K°. To show
K° C s—liminf,— o K, we use a result in [2] on the convergence of s(K,) to s(K),
where s(K)(¢) := sup{(¢|z) : z € K}, € V is the support function of K.

To verify o — limsup,_, ., L*(0, T; K,,) C L*(0,T;K) letw = o — lim w,, with

w, € L*(0,T;K,). By the bipolar theorem (K% = K) it is enough to show that
V¢ € K°, for a.a. t € (0, T) there holds (¢|w(¢)) < 1. This follows from an indirect
argument. To show £~ C s — liminf,—.« %, it is enough to verify the claim for the
subset of K - valued simple functions on (0, T) that is dense in .Z". For more details,
see [25].

As a further preliminary result we next need that epiconvergence [2] of convex
Isc functions ¢, inherits to epiconvergence of the associated functionals @, derived
from ¢, similar to (33).

Lemma 2. Let the convex Isc proper functionals ¢, epiconverge to a convex lsc
proper functional ¢ on V. Suppose, the functionals ¢, are equi-lower bounded in the
sense that there exist ¢, € R,wy € V such that

¢n(w) > co + (wo,w), VYneNweV.

Then the associated functionals ®, epiconverge to @ on L>(0,T; V).

For the proof of the claimed convergence properties of the integral functions we
use the Lemma of Fatou; for details, see [25].
By combination of the previous lemmas we obtain the following auxiliary result.

M
Lemma 3. Let K, —> K in V. Let the convex Isc proper functionals ¢, : K, — R
epiconvergeto ¢ : K — R on V. Suppose, the functionals ¢, are equi-lower bounded
in the sense that there exist ¢, € R, wg € V such that

¢n(wn) > co + (WOa Wn)» VneN,w, €K,. (35)

Then the associated functionals @, : L*(0,T;K,) — R epiconverge to @ : L*
(0,T;K) — R in L*(0, T; V).

5.3 The stability result

Before stating the result, some remarks are in order. In view of the existence theory
of variational inequalities in infinite dimensional spaces (see, e.g., [35]) the best
one can hope for is weak convergence of the perturbations " in the general case
of nonunique solutions of the underlying variational inequalities in (DMVI). Weak
convergence can namely be readily derived from a posteriori estimates. However,
continuity of a nonlinear map (here G, F) with respect to weak convergence is a
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hard requirement. To circumvent these weak convergence difficulties we apply the
monotonicity method of Browder and Minty. Then as we shall see below, a stability
condition on the maps G" with respect to the basic Hilbert space norm suffices.

These weak convergence difficulties also affect F. Therefore we have to impose
a generally strong stability condition on the nonlinear maps F". In the situation of
linear operators this condition can be drastically simplified to a stability condition
with respect to convergence in the operator norm, see [24, Theorem 4.1] in the case
¢=9¢"=0.

On the other hand, stronger assumptions on G", like uniform monotonicity, imply
that the solution sets X' (K, ¢",¥(y",-)) are single-valued. Uniform monotonicity
with respect to n moreover entails that the sequence w" strongly converges. Then
the stability assumption for F" can be relaxed.

Since our stability assumptions pertain the given maps G", G, not the derived
maps 4", %9, we have a delicate interplay between the pointwise almost everywhere
formulation and the integrated formulation of the variational inequality in the
perturbed DM VI and in the limit DMVI.

We need the following hypotheses on the convergence of (F", G") to (F, G):

(H1) Let z, 2 zin X and v, S vinV. Moreover, let F"(z,, v,) 2 pin X. Then
p=F(z,v).

(H2) All maps G"(z,-) for any z € X are monotone. If z, N Z, Uy 5 vin X,
respectively in V, then G"(z,, v,) > G(z,v) in V. G is hemicontinuous in
the sense that for any z € X;v,w € V the real-valued function » € R
(g(z, v 4+ rw), rw) is lower semicontinuous.

Now we can state the following stability result.

Theorem 1. Let (y',w") solve (DMVI)(F",G",K,,$";yon). Suppose, F",F,
respectively G, G satisfy (HI), (H2) respectively. Let yy, N yo. Let the convex
closed nonvoid sets K, Mosco-converge to K in V and let the convex lsc proper
functions ¢" : K, — R epiconverge to ¢ : K — R on V. Suppose, the functions ¢"
are equi-lower bounded in the sense of (35). Assume that y" > yin % (0,T;X) and
that w" € L*(0,T; V) converges weakly to w pointwise in'V for a.a. t € (0,T) with
W @) |lv < m(t), ¥ a.a.t € (0,T) for some m € L*(0, T). Then (y,w) is a solution
to (DMVI)(F, G, K, ¢; yo).

For the proof, we refer to [25].

When the DMVI has a separable structure, the hypotheses (H1) and (H2)
can be expressed more explicitly and thus simplified. An instance are dynamical
systems (31); that are affine in w. More precisely let as in the paper [38] on
differential mixed variational inequalities in finite dimensions,

F(z,w) = Fi1(2) + B@@Qw, F,(z,w) = F1,(2) + B,(2) w.
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Then obviously (H1) splits in conditions on F;, — F; and B, — B, separately.
In the important case of bilinear dynamical systems, B and B, become linear
operators in £ (X, Z(V,X)). Then B, — B in the operator norm along with
Fi(z) — Fy(z) for z, —> z implies (H1).

Also similarly to [38], let

G(z.w) = G1(2) + G2 (W), Gu(z. W) = G1a(2) + Gan(W) .

Then (H2) is satisfied, if the G, , are monotone, G, is hemicontinuous, G| ,(z,) 5
G (z) for z, > z, and Gy, (wy,) N G, (w) for w, Sow.

Another instance of a separable structure are linear differential variational
inequalities (see [24] and the references given there) which are of the form

5(0) o\ | (£
=
(g(r)) (w(r)) * (g(r))
w(t) € K, (q(t),z—w(t)) >0, Vze K

and where o7 : X x V — X x V is a given linear continuous operator defined by

o = (A B)
CD

with appropriate linear operators A, B, C, D. Then the hypotheses (H1) and (H2) are
satisfied and a stability result with respect to perturbations 7, f,,, g, can be proved,
provided the operators D,, = proj,<%,(0, -) are monotone, %7, — </ in the operator
norm, and f, — f.g, — g in L*(0, T; X), respectively in L(0, T; V); see [24] for
details.

In the multi-field formulation of the nonsmooth problems considered we find

this separable structure, too. Here in particular for the nonsmooth heat conduction
problem of section 2, see in particular (5) and Example 1, we have for w = [o, p],

am=(25)() ()

Then G, inherits monotonicity from the nonlinear operator A.

We refrain from deriving a stability result for stationary problems from the
present Theorem 1. Instead we can refer to [23, Theorem 3] for a much stronger
result.
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6 Some concluding remarks: An outlook

Finally let us shortly outline some main streams of potential applications of multiple
field modelling to nonsmooth multiphysics problems and nonsmooth nonconvex
variational problems.

Let us first note that the present paper confines in section 3 to frictionless contact
of a deformable body with a rigid foundation. Unilateral contact [14] or bilateral
multi-body contact [33] with friction can be similarly described by a multi-field
variational formulation. There in the model of Tresca friction (given friction model),
anonsmooth convex integral functional on the boundary part I'c appears in addition;
see [25] for a multi-field variational formulation of a simplified scalar frictional
unilateral contact problem. Similar boundary value problems involving a nonsmooth
functional appear in micropolar hemitropic contact [16], moreover in Stokes flow
and non-Newtonian flow with friction or with leak boundary conditions; see [3, 34,
45, 46]. For quasistatic contact with friction, we refer to the monograph [44].

In section 4 we focused on the multi-field modeling approach to the simplest
quasi-static elastoplasticity problem. More involved problems arise in multi-surface
elastoplasticity [6], elastoplasticity with hysteresis, see, e.g., [7], and in viscoplas-
ticity [21].

Nowadays nonsmooth multiphysics problems where differential equations of
different type are coupled receive much attention. A prominent example are
thermoelastic contact problems with frictional heating (see, e.g., [1]) or even
thermoelectroconductive problems with Signorini contact [32]. Intelligent “smart”
devices use piezoceramic material, here the coupling of the electricity field with
solid mechanics is of interest (see, e.g., [15, 37]).

Another line of research are nonsmooth nonconvex variational problems that use
the theory of nonconvex hemivariational inequalities as coined by Panagiotopoulos
[43]. Here instead of convex analysis, the Clarke generalized differential calculus
comes into play. This theory [22, 39, 40] and also their recent numerical treatment
[30, 42] by regularization techniques and finite element methods allow to tackle
nonconvex contact problems, like adhesion and delamination problems.
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Yy -statistical convergence of order
a in topological groups

Ekrem Savas and Rahmet Savas Eren

Abstract In this paper, we introduce and study .#-lacunary statistical convergence
of order « in topological groups and we shall also present some inclusion theorems.

1 Introduction

Before continuing with this paper we present some definitions and preliminaries:

The notion of statistical convergence, which is an extension of the idea of usual
convergence, was introduced by Fast [9] and Schoenberg [28] and its topological
consequences were studied first by Fridy [10] and Salat [19]. Di Maio and Koginac
[17] introduced the concept of statistical convergence in topological spaces and
statistical Cauchy condition in uniform spaces and established the topological nature
of this convergence. The notion has also been defined and studied in different
steps, for example, in the locally convex space [16]; in intuitionistic fuzzy normed
spaces[18]. In [1] Albayrak and Pehlivan studied this notion in locally solid Riesz
spaces. Quite recently, Das and Savas [6] introduced the ideas of .#,-convergence,
#.-boundedness, and .#;-Cauchy condition of nets in a locally solid Riesz space
and also .7 -statistical convergence in a locally solid Riesz space was introduced by
Das and Savas [8]. Savas [26] introduced and studied .# - double lacunary statistical
convergence in a locally solid Riesz space.

If N denotes the set of natural numbers and K C N, then K(m, n) denotes the
cardinality of the set K N [m, n]. The upper and lower natural density of the subset
K is defined by

K(1,n) K(1,n)

lim inf .
n—o00 n

and d(K) =

d(K) = lim sup
n—o0
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If d(K) = d(K), then we say that the natural density of K exists and it is denoted
simply by d(K). Clearly d(K) = nll)lgo Kd.n)

is said to be statistically convergent to L if for arbitrary € > 0, the set K(¢) = {n €
N : |xx — L| > €} has natural density zero. In this case, we write st — limgx; = L
and we denote the set of all statistical convergent sequences by st.

By a lacunary sequence, we mean an increasing sequence 6 = (k,) of positive
integers such that kp = 0 and h, : k, — k,—; — 00 as r — oo. Throughout this
paper, the intervals determined by 6 will be denoted by I, = (k,—1, k,], and the ratio
(k) (k.—1)~" will be abbreviated by g,

In another direction in [11], a new type of convergence called lacunary statistical
convergence was introduced as follows: A sequence (x;) of real numbers is said to
be lacunary statistically convergent to L (or, Sy-convergent to L ) if for any € > 0,

. A sequence x = (x;) of real numbers

1
lim —|{kel, :|xx—L| =€} =0
r—>00 hr

where |A| denotes the cardinality of A C N. In [11] the relation between lacunary
statistical convergence and statistical convergence was established among other
things.

The order of statistical convergence of a sequence of numbers was given by
Gadjiev and Orhan in [12] and later on statistical convergence of order « and
strongly p- Cesaro summability of order « studied by Colak [4].

In [13], P. Kostyrko et al. introduced the concept of .# -convergence of sequences
in a metric space and studied some properties of such convergence. Note that
#-convergence is an interesting generalization of statistical convergence. More
investigations in this direction and more applications of ideals can be found in
[5, 14, 15, 20-25].

Recently in [5] we used ideals to introduce the concepts of .#-statistical con-
vergence and .#-lacunary statistical convergence. Also Das and Savas[7] extended
the concepts of .7 -statistical convergence and .# -lacunary statistical convergence to
the concepts of .7 -statistical convergence and .# -lacunary statistical convergence of
ordero, 0 < a < 1.

The purpose of this paper is to study .#-lacunary statistical convergence of order
o, 0 < o <1 in topological groups and to give some important inclusion theorems.

2 Definitions and Notations

The following definitions and notions will be needed.

Definition 1. A family .# C 2V is said to be an ideal of N if the following
conditions hold:

(a) A,B e . impliessAUB € .7,
(b) Ae ¥, BC Aimplies B € .Z,
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Definition 2. A non-empty family F C 2" is said to be a filter of N if the following
conditions hold:

(@) ¢ £ F,

(b) A,Bec FimpliesANBeF,

(c) Ae F, ACBimpliesB € F,

If . is a proper ideal of N (i.e., N ¢ .# ), then the family of sets F(.¥) = {M C
N: JA e .#: M =N\ A} isafilter of N. It is called the filter associated with the
ideal.

Definition 3. A proper ideal .# is said to be admissible if {n} € .# for eachn € N.
Throughout .# will stand for a proper admissible ideal of N.

Definition 4 (see [13]). Let .# < 2N be a proper admissible ideal in N. The
sequence x = (x;) of elements of R is said to be .#-convergent to L € R if for
eache > OthesetA(e) ={neN: |y —L|>¢€} e S

In [7], Das and Savas defined .#- statistical convergence and .#- lacunary
statistical convergence of order « as follows:

Definition 5. A sequence x = (xy) is said to be . -statistically convergent of order
a to L or S(#)%-convergent to L, where 0 < o < 1, if foreache > 0and § > 0

1
neN: —|{k<n:|xx—L|l>¢€}| =8} e S
na

In this case we write x; — L(S(-#)%). The class of all .# -statistically convergent of
order « sequences will be denoted by simply S(.#)“.

Definition 6. Let 6 be a lacunary sequence. A sequence x = (x;) is said to be
#-lacunary statistically convergent of order « to L or Sg(.#)%-convergent to L if for
anye >0and§ > 0

1
reN:Clkel:lu—Lizel=8cs.

In this case we write x; — L(Sp(-#)%). The class of all .#-lacunary statistically
convergent sequences of order o will be denoted by Sy (.#)%.

By X, we will denote an abelian topological Hausdorff group, written additively,
which satisfies the first axiom of countability. In [2], a sequence (x;) in X is called
to be statistically convergent to an element L of X if for each neighborhood U of 0,

1
lim —{k<n:xx—L¢ U} =0,

n—00 1

where the vertical bars indicate the number of elements in the enclosed set. The set
of all statistically convergent sequences in X is denoted by s#(X).
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Also, Cakalli [3] defined lacunary statistical convergence in topological
groups as follows: A sequence (x;) is said to be Sp-convergent to L (or
lacunary statistically convergent to L) if for each neighborhood U of 0,
lim,—oo(hy) "V |k € 1, : x;p — L ¢ U}| = 0. In this case, we define

Sp(X) = ¢ (xx) : forsome L, Sy — lim x, = L
k—00

Now we are ready to give the main definitions of .#-statistical convergence and
#- lacunary statistical convergence of order « in topological groups as follows:

Definition 7. A sequence x = (x;) in X is said to be statistically convergent of
order « to L or S(.#)%-convergent of order « to L if for each § > 0 and for each
neighborhood U of 0,

1
meN: —|[tk<n:xi—L¢ Ul >8 e
nO{

In this case, we write x; — L(S(#)%). The class of all S(.#)*-statically convergent
sequences will be denoted by simply S(.#)*(X).

Remark 1. For o = 1 the definition coincides with .#-statistical convergence in
topological groups [27]. For .% = %, = {A € N : Ais afinite subset}, and ¢ = 1,
#- statistical convergence becomes statistical convergence in topological groups
which is studied by Cakalli [2].

Definition 8. Let 6 be a lacunary sequence. A sequence x = (x;) in X is said to be
#-lacunary statistically convergent of order « to L or Sg(.#)*-convergent to L if for
any § > 0 and for each neighborhood U of 0,

1
{reN: W{kel,:xk—m U} =8} e s
In this case, we write
Se(A)* — lim x, =L or x; — L(Sg(H)%)
k—o00
and define
So(A)*(X) = {(xk) : for some L, Sg(.#)* — lim x; = L%
k—o00

and in particular,

S0(2)*(X)0 = {(xk) Sy(#)"  lim x, = o} |
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Remark 2. For « = 1, the definition coincides with .#-lacunary statistical con-
vergence in topological groups [27]. Further it must be noted in this context
that lacunary statistical convergence of order o in topological groups has not
been studied till now. Obviously lacunary statistical convergence of order o in
topological groups is a special case of .#-lacunary statistical convergence of order
o in topological groups when we take % = .%;,. Also, for & = %, and
a = 1, #-lacunary statistical convergence of order & becomes lacunary statistical
convergence in topological groups which is studied by Cakalli [3].

It is obvious that every .#-lacunary statistically convergent of order « has only
one limit, that is, if a sequence is .#-lacunary statistically convergent of order « to
Ly and L,, then L| = L,.

3 Inclusion Theorems

In this section, we prove the following theorems.
Theorem 1. Let0 < o < B < 1. Then S¢(#)*(X) C Sp(#)P (X).
Proof. Let0 <a < B < 1. Then

kel ix—LgU| kel :x—L¢Uj
h’ - he

r

and so for any § > 0 and for each neighborhood U of 0,

kel :xx—L¢U kel :xx—L¢U
Meelin LR gy e lin LRV
h o

r r

{neN

5.

Hence, if the set on the right-hand side belongs to the ideal .#, then obviously the set
on the left-hand side also belongs to .#. This shows that Sg(.%)%(X) C Sp(#2)P(X).

Corollary 1. If a sequence is .#-lacunary statistically convergent of order a to

L for some 0 < o < 1, then it is & -lacunary statistically convergent to L, i.e.
Se(F)*(X) C Sp(H)(X).

Similarly we can show that
Theorem 2. Let0 <o < f < 1. Then

(i) S(F)*(X) € S(HF(X).
(it) In particular S(Z)*(X) C S(Z)(X).
Theorem 3. For any lacunary sequence 0, .7 -statistical convergence of order

« implies ¥ -lacunary statistical convergence of order «, that is S(#)*(X) C
So(A£)*(X) if liminfg? > 1.
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Proof. Suppose first that liminfg? > 1. Then there exists ¢ > 0 such that ¢* >
1 4 o for sufficiently large r which implies that

o
1+o0°

z

E|%

Since x; — L(S(I)* (X)), then for any neighborhood U of 0 and for sufficiently large
r, we have

1 1
k_a|{k§kr:xk_L¢U}|zk_al{kelr:xk_L¢U}|

r

o
>

1
.EHk €el,:xx—L ¢ U}
Then for any § > 0, we get

1
{reN:h—a|{k61,:xk—L¢U}|Z5}

r

1 so
C{reN: —|{k<k :xx—L¢&U} > e 7.
SireN: likshin—LE Uz )
This proves the result.
Remark 3. The converse of this result is true for « = 1 (see Theorem 1 [27]).

However for o < 1 it is not clear and we leave it as an open problem.

For the next result we assume that the lacunary sequence 6 satisfies the condition
that for any set C € F(.9), | J{n: k,—) <n <k,,r € C} € F(.¥).

Theorem 4. For a lacunary sequence 9 satisfying the above condition, .% -lacunary

statistical convergence of order o implies ¥ -statistical convergence of order «,
r—1

0 <o <1, that is, Sg(F)*(X) C S(F)*(X) lfsupz (kh’“)a = B(say) < .

Proof. Suppose that x; — L(Sp(#)*(X)). Take any neighborhood U of 0. For
8,681 > 0 define the sets

1
:{reN:h—a|{kelr:xk—L¢U}|<8}
and

1
={neN: _|k<nix—Lg U} <8},
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It is obvious from our assumption that C € F(.%), the filter associated with the
ideal .#. Further observe that

1
Aj = h7|{k€1jka—L¢ Ul <$§
j
forallj € C.Letn € N be such that k,_; < n < k, for some r € C. Now

1 1
Slk=nixn—Le Ul = o—lk=k:nu-L¢U
nD{

r—1

1 1
:ka |{k€]1xk—L¢U}|++ka |{k€I,:xk—L§éU}|
r—1 r—1
kY1 ky —kp))* 1
= ka] h_al{kell ixx—L ¢ U}|+(2ka—l)h—a|{k612 cxy—LEUY+---+
r—1""1 r—1 2
(kr_kr—l)a 1
+TE|{k€Ir:Xk_L¢U}|
kY (ky — kp)* (ky — k1)
= DA+ A b A,

K K K,
i+1 — ki)”

Kivt = k)™ _ e

kOl

r—1 (k
< suij.supZ
Jjec T =0 r—1
Choosing §; = % and in view of the fact that | J{n : k—y <n < k,re C} C T
where C € F(.¥) it follows from our assumption on 6 that the set T also belongs to
F(.#) and this completes the proof of the theorem.

Corollary 2. Let 6 = {(k,)} be a lacunary sequence, then S(Z)*(X) = Sy
(X)) iff

1 < liminfg, < limsupg, < oo.
r r
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Periodic Solutions of Cohen-Grossberg type
model of Neural Networks with Delay
and Impulses

Zehour Nedjraoui Benbouziane and Nadira Boukli-Hacene

Abstract An iterative method and some analysis techniques are applied to study the
existence of periodic solutions of Cohen-Grossberg type model of neural networks
with delay and impulses. Our result extends those existing ones.

Keywords Cohen-Grossberg type neural networks (CGNN) e Periodic solution ¢
Impulses * upper and lower solutions

1 Introduction

We consider the differential system from CGNN model

dxl m m
— = —d; (x;(t)) |:a[ xi(t) — Z b,:/f_,-(x,'(t)) — Z (,‘,:,'j_cj(xj'(l— ‘L’,_'/')) +J[(l)] t>19, t # 17

dt i=1 j=1

Axi) = 65 —x0) = —yu (a@); i =1,--.m, ke N*
1)

where m > 2 is the number of neurons in the networks; Ax;(#;) are the impulses at
moments 7, and #; < £, < --- is a strictly increasing sequence such that #; — 400
when k — +o0, x;(¢) denote the potential (or voltage ) of cell i at time f; d;(¢)
represents an amplification function; a;(z) is the rate with which the unit self-
regulates or rests its potential when isolated from others and inputs; bj(f), c;;()
denote the strengths of connectivity between cell i and j time ¢, respectively. The
activation function f;(-) shows how the i neuron reacts to the inputs time delay
7;; is nonnegative constant, which corresponds to the finite speed of the axonal
signal transmission; J;(7) is the external bias of cell i at time ¢. The system (1) is
supplemented with initial values given by:

xi(s) = ¢i(s) s € [~7,0] (2)
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T = max{ty 1 <i, j<m}

g€ C([-,0,R) i = 1, --- ,m.

In this communication, we consider the system (1), (2) and apply a different
method from the ones in the literature; our method is based on upper and lower
solutions and an iterative technique; our assumptions on the activation function and
a;(1), b;(t), c;i(t), J;(¢) are less restrictive, we note that we don’t need the periodicity
for all the functions.

2 Notations and Definitions

We suppose that there exists 7 > 0O and ¢ € N* : iy =t + T Vk=1,2,--- Set

that :

o Ai(xi(t)) = d,' (x,-(t)) [ a; x,-(t) — er»n=1 bij(t) f}'(.Xj(l‘)) + }n=1 Cjj fj‘
(3t = ) = Ji(0)]

e D={1,---,t,} and the Banach space PCD([—‘L', T]) of piece-wise continuous
functions on [—t, 7]

And we study the auxiliary system

] = —Ai(xi(1)) t# 1, t€]0,T]
dt
Axi(t) =—ya (u@): k= 1,2, .q 3

xi(s) = @i(s) s € [-7,0], x:(0) = x;(T)
The lower solution of CGNN model satisfies differential system

% < —Ai(wi()) t# i, 1€0,7]

Aai(t) <— vy (@) k=12, .q
ai(s) = ¢i(s) s € [-7,0], @i(0) = oi(T)

The upper solution §; is defined by:

dp;

= —ABD) 1t 1€10,7]

ABiw) ==y (Biw)): k =1,2,--- .¢q

Bi(s) = ¢i(s) s € [=7,01. Bi(0) = Bi(T)
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Proposition 1. If x = (x;)i=1.....m, is a solution for the system (3), then the piece-
wise continuous functions defined on [—t, +oo[ by :

Z XinT.(+nyry X(t —nT) if t>0
() ="=0

(1) if tel-.0]

where

1 if tel[nT,(n+ 1)T]
x(0) =
0 if not.

is a periodic solution for the system (1), (2).

3 The Main Result

Through this paper we assume that:

Hy) a;, b, c;j € CR,RY), di,J; e CR,R) V i,j=1,---,m.

(H,) di(-) Ji(-) isdecreasingV i =1,--- ,m.

(H3) Yui, up, vy, v € R, 3l > 0 : di(u)fj(vi) — di(ua)fi(v2) < (g —
w)(,—vy) Vi, j=1,---,m

(Hy) yix(u)—yu(v) < 8p(u—v) with (1=8x) > 0; i=1,--- ,m; k=1,--+ ,q.
(Hg) Vu, v € R,u>v, di(wu—d;(v)v <v—u.

Theorem 1. Let (¢)i=1.-m» (Bi)i=1..m be the lower and the upper solutions
of the system (3), such that ; < B;, i = 1,---,m. Under conditions (H1)-(HS5)
the system (3) admits at last one solution x = (X;)i=1... m, Such that : a; < x; <
Bii=1,---,m.

Proof. The proof is based on an iterative method and Ascoli-Arzela Theorem. We
construct a recurrent suite of functions (y,;); in PCp(I) such that yo; = «; and
verifies the system:

i) = Aiymri(®) 1 # i, 1 €]0,T]
yn,i(tlj_) = yn—l,i(tk_) - )/ik(yn_l(lk)) k=1,---,q.

Yn,i(o) = yn—l,i(T) > yn.i(T) = yn—l,i(o)‘

We show that there exists a subsequence which converges to the solution of the

system (3).



Some Fixed Point Theorems
for Orbitally-(p, g)-Quasi-contraction Mappings

Wajdi Chaker, Abdelaziz Ghribi, Aref Jeribi, and Bilel Krichen

Abstract In this paper, we provide some existence and uniqueness results for a
(p, g)-quasi-contraction mapping acting on an orbitally-complete cone metric space.
These results generalize several fixed point theorems, in particular those due to Ili¢
and Rakocevié¢’s for quasi-contraction mappings (Ili¢ and Rakocevié, Appl Math
Lett 22(5):728-731, 2009), convex contraction mapping, and two-sided convex
contraction of order 2.

1 Introduction

The Banach contraction principle is the simplest and one of the most versatile
elementary results in fixed point theory [3, 11]. It was introduced by Banach in
[2] and remained a fundamental tool in nonlinear analysis. Especially for nonlinear
mappings, this principle has incited several authors to extend it. At this level, we
can mention the contraction type of Kannan [14], Chatterjea [5], Zamfirescu [19],
Reich [16], and Ciri¢ [6] who gave one of the most general contraction conditions
called Quasi-contraction.

W. Chaker (2<)

Higher institute of informatics and multimedia of Gabes., BP 122, 6033 Cité El Amel 4,
Gabes, Tunisie

e-mail: wajdi_chaker@yahoo.fr

A. Ghribi

Higher Institute of Business Administration of Sfax, Airport Road Km 4 B.P. 1013, 3018
B.P. 1013, Sfax, Tunisia

e-mail: ghribi_ abdelaziz@yahoo.fr

A. Jeribi

Faculty of Science of Sfax, University of Sfax, Soukra Road Km 3.5, B.P. 1171,
3000, Sfax, Tunisia

e-mail: Aref.Jeribi @fss.rnu.tn

B. Krichen
Preparatory Engineering Institute, Menzel Chaker Road Km 0.5, B.P. 1172 - 3018, Sfax, Tunisia
e-mail: krichen.bilel.ipeis @ gmail.com

© Springer International Publishing Switzerland 2015 153
A. Jeribi et al. (eds.), Applied Mathematics in Tunisia, Springer Proceedings
in Mathematics & Statistics 131, DOI 10.1007/978-3-319-18041-0_8


mailto:wajdi_chaker@yahoo.fr
mailto:ghribi_ abdelaziz@yahoo.fr
mailto:Aref.Jeribi@fss.rnu.tn
mailto:krichen.bilel.ipeis@gmail.com

154 W. Chaker et al.

Inspired by the paper of Huang and Zhang [8], Ili¢ and Rakocevi¢ [9] have
extended the concept of quasi-contraction mappings to the cone metric spaces and
have also generalized Theorem 1 in [8] to quasi-contraction mappings in complete
cone metric spaces.

Recently, many authors have studied some variants of contraction conditions and
proved some fixed point theorems in cone metric space whether the underlying cone
is normal or not normal. We mention for examples [4, 12, 13, 15, 17, 18, 20].

This paper is organized as follows. In Section 2, we give some definitions and
preliminary results needed in the sequel. In Section 3, we extend the concept of
(p, g)-quasi-contraction mappings [7] in cone metric space. This mapping type
extends the Ili¢ and Rakocevié’s quasi-contraction mappings, convex contraction
mappings of order n (see, for instance, [1, 10]) and the two-sided convex contraction
mappings [10]. The main result of this section is that every continuous (p,q)-
quasi-contraction mapping in complete cone metric space has a unique fixed point
and the Piccard iteration converges to this point. Moreover, we obtain fixed point
theorems for certain classes of not continuous mappings which generalize many
known results.

2 Preliminaries

Let E be a real Banach space. A nonempty subset P of E is called a cone if, and only
if, we have

(i) Pisclosed and P # {0}.
(i) For every positive real a, aP C P.
(iii) P4+ P C Pand PN (—P) = {0}.

Given a cone P C E, we can define a partial ordering < on E with respect to P
by x < yif, and only if, y — x € P. We will indicate by x < y that x < y but x # y,
and by x < y that y — x € intP, where intP denotes the interior of P. The cone P is
called normal, if there is a number K > 0 such that, for all x,y € E, we have

0 <x =<y implies ||x]| < K|y| - (1)

The least positive number satisfying the above inequality is called the normal
constant of P. In [8], Huang and Zhang introduce the notion of cone metric space
which generalizes the metric space.

Definition 1 ([8]). Let P be a cone in a Banach space such that intP # @ and <
is a partial ordering in E with respect to P. A cone metric on a nonempty set X is a
function d : X x X — E such that, for all x, y, z € X, we have

(a) x =y if, and only if, d(x,y) = 0,
() 0=d(x,y) =d(y,x),
(©) dx,y) <d(x.2) +d(z.y).
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A cone metric space is a pair (X, d) such that X is a nonempty set and d is a cone
metric on X. We recall some definitions:

Definition 2 ([8]). Let (X, d) be a cone metric space. Let {x,} be a sequence in X.
Then,

(1) {x,} converges to x € X if, for every ¢ € E with 0 < c, there exists a natural
number N such that, for all n > N, we have d(x,,x) < c. We denote this by
X, = x(n — o0) or lim x, = x.
n—oo
(i1) {x,}is a Cauchy sequence if, for every ¢ € E with 0 < c, there exists a natural
number N such that, for all n, m > N, we have d(x,, x,) < c.
(iii) (X, d) is a complete cone metric space, if every Cauchy sequence is convergent.

In the case where P is a normal cone, we have the following lemmas.

Lemma 1 ([8]). Let (X,d) be a cone metric space, let P be a normal cone with a
normal constant K, and let {x,,} be a sequence in X.

(i) If the limit of {x,} exists, then it is unique.
(ii) Every convergent sequence in X is a Cauchy sequence.
(iii) {x,} is a Cauchy sequence if, and only if, d(x,, x,,) = 0 (n,m — 00).

Lemma 2 ([8]). Let (X, d) be a cone metric space and let P be a normal cone with
a normal constant K. If {x,,} and {y,} are two sequences in X such that x,, — x and
Yp — Y, then

d(xp,y,) — d(x,y) (n — 00). ()

3 Main results

In the sequel, we suppose that E is a Banach space, P is a normal cone in E with
intP # @, K is the normal constant of P, and < is a partial ordering in E with
respect to P. We generalize the (p, g)-quasi-contraction mapping on a cone metric
space as follows. Such a mapping is a generalization of Ili¢ and Rakocevi¢’s quasi-
contraction mapping on a cone metric space [9].

Definition 3. Let (X, d) be a cone metric space and let p, g be two natural numbers
such that 0 < p < ¢g. The mapping T : X —> X is said a (p, g)-quasi-contraction, if
there exists a number ¢ € [0, 1) such that, for every x,y € X, there is u € C,, 4(x,y),
such that

d(TPx, T?y) < c.u, 3)

where Cp, 4(x,y) = {d(T"x,T%y),d(T"x, T"%),d(T*y,T"y) : 0 < r,F < p and
0<s,5 <gqg}
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Letn € N,x € Xand O(x : n) = {x,Tx,T?x,...,T"x}, the set O(x : o0) =
{x, Tx, T%x, ...} is called the orbit of T at x. The partial cone metric space (X, d) is
said to be T-orbitally complete, if every Cauchy sequence contained in an orbit of
T converges in X. It is obvious that each complete cone metric space is T-orbitally
complete, but the converse does not hold [Example 3.1, [15]].

Let (X, d) be a cone metric space. The mapping T : X — X is called orbitally
(p, g)-quasi-contraction if it is (p, g)-quasi-contraction on any orbit of X.

Example 1. E = R?,

P ={(x,y) € E:x,y> 0},
X =Randd: X x X — E is defined by

d(x,y) = (ly — x|, ely — x|),

where @ > 0 is a constant. (X, d) is a cone metric space.

The mapping T, which is defined in the cone metric space (X, d) by Tx = x, is
an orbitally (p, g)-quasi-contraction, but it is not a (p, ¢)-quasi-contraction.

Let A(x,p,n) = {d(a,b) : a,b € {T'x,p < i < n}}. For more simplicity, we
denote A(x,n) = A(x,0,n) and A(x : o0) = {d(a,b) : a,b € O(x : o0)}. For
F C E, we define 6(F) = sup{||x|| ,x € F}. We will need the following result.

Lemma 3. Let (X,d) be a cone metric space. Let T : X —> X be an orbitally
(p, 9)-quasi-contraction mapping. Then, A(x : 00) is bounded.

Proof. Let x € X. If Tx = x, it is obvious that A(x : co) is bounded. We suppose
that Tx # x, and let ny € N such that max{c™K,c™K?} < 1 and Tx # x. Let’s
choose i,j,n € N such that nyg.g < i < j < n. Since T is a (p, g)-quasi-contraction,
we deduce that

d(Tix, zj) < c.uy,

where u; € A(x,i — g, n). By using the same argument, we infer that there exists
uy € A(x,i —2q,n), such that u; < c.u,. Hence,

d(T'x, T'x) < *.us.
After ny iterations, we conclude that there exists u,, € A(x, n), such that

d(T'x, T'x) < " .uy,. 4
Since P is normal and ¢ K < 1, we have

||d(Tix, T'x) || < 8(A(x,n)). (5)
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We conclude that

8(A(x,n)) = max{ || d(T'x, T'x)

I

In the first case, we suppose that §(A(x,n)) = ||d(Tix, T'x) H for some 0 < i <
no.q <1 < n. Since d is a cone metric, we deduce that

d(T'x, Tx)|:0<ij<npg<l<n}. (6)

d(T'x, T'x) < d(T'x, T"%) + d(T™x, T'x)),
which implies that

|d(T'x, T'x) | < K [|d(T'x, T %) || 4 " K*8(A(x. n)).

Hence,
8(A(x,n)) < W.S(A(x, n9.q)). (7N
In the second case, we assume that §(A(x,n)) = ||d(Tix, Tix) || for somel < i,
j < ng. Since d(T'x, T'x) € A(x, ny), we have
8(A(x,n)) < 8(A(x,no.q)). ®)
The Inequalities (7) and (8) imply
8(A(x,n)) < max{l, ———}8(A(x, nyp.q)). ©)
1 —cnK

Since §(A(x,00)) = sup{8(A(x,n)) : n € N}, we conclude that A(x, c0) is
bounded.

Theorem 1. Let (X, d) be a cone metric space and let T : X —> X be a continuous
and a T-orbitally (p, q)-quasi-contraction mapping. If X is T-orbitally complete,
then the sequence {T"x} converges to a fixed point, for every x € X. Further, if T is
a (p, q)-quasi-contraction, then for any x € X, the fixed point is unique.

Proof. If Tx = x, the result holds. In the sequel, we assume that Tx # x, and we
prove that {7"x} is a Cauchy sequence.

Let € > 0 and let’s choose N so that K.cV.§(A(x, 00)) < €. For every two natural
numbers, namely n and m, such that m > n > N.g, there exists u; € A{x,n — q, m},
such that

d(T"x, T"x) <X c.uy.
Since T represents a T-orbitally (p, g)-quasi-contraction mapping, every v; €
A(x,n — g, m) satisfies v; < cv, where v, € A(x,n — 2¢g,m), and after N steps,

we deduce that there exists uy € A(x, m), such that

d(T"x, T"x) < " .uy.



158 W. Chaker et al.

By applying Lemma 3, we get
|d(T"x, T"x)|| < k.cV8(A(x : 00)) < €,

and {T"x} is a Cauchy sequence in (X, d). Since (X,d) is orbitally complete, there
exists y € X, such that {T"x} converges to y. By using the continuity of T, we
conclude that y is a fixed point of 7.

Further, if T is a (p, g)-quasi-contraction on X, suppose that there exists another
z € X such that Tz = z, then we get

d(z,y) = d(T?z, Ty) <X c.d(z,y). (10)

Since ¢ < 1, we deduce that d(z,y) = 0. Hence, the fixed point of 7T is unique.

As a corollary, when X is a metric space, we obtain Fisher’s main result
[Theorem 2, [7]].

Corollary 1. Let T be a (p, q)-quasi-contraction on the complete metric space X
into itself, and let T be continuous. Then, T has a unique fixed point in X.

In Theorem 2, we didn’t need the continuity of 7 when p = 1. In this case, we
mention the following theorem.

Theorem 2. Let (X, d) be a cone metric space and let T : X —> X be a continuous
and T-orbitally (1, q)-quasi-contraction mapping. If X is T-orbitally complete, then
the sequence {T"x} converges to a fixed point, for every x € X. Further, if T is
a (1, g)-quasi-contraction, then for any x € X, the fixed point is unique and T is
continuous in such a point.

Proof. According to Theorem 2, the sequence {7"x} converges to an element y € X.
Let n € N be big enough. Then, we have

dy, Ty) <dy, T"y) +d(T"y, Ty)
<d(y,T"y) + c.u,

where u € {d(T""y, T"7y),d(Ty, T"7y),d(y, T"7y),d(y,Ty) : 0 < i,j < q}. By
using the fact that P is a normal cone with a constant K, we deduce that

ld(, Tl < K. |y, T*Y)|| 4+ K.c. [|u] . (11)

Since the sequence {7T"x} converges to y, we infer that d(y, 7y) = 0. Hence, y is
a fixed point of T. Further, if T is a (1, g)-quasi-contraction, then the uniqueness
of the fixed point is similar to that of Theorem 2. We will have to prove that T is
continuous in the fixed point y. For this purpose, let {y,} be a sequence of points
in the cone metric space X which converges to y. Then there exists u € Cy 4(yn,y),
such that

d(Ty,.y) = d(Ty,, T?y) < c.u
< C[d(yn»y) + d(_y’ Tyn)]'
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It follows that

C
d(Tyn’y) < ﬁd(yn»y)'

Hence,

K
Id(T3 9 < 7= 4G (12)

We conclude that lim |d(7y,,y)|| = 0, which completes the proof.
n—>oo

As a corollary, when p = g = 1, we get the main result of Ili¢ and Rakocevié [9].

Corollary 2. Let (X,d) be a complete cone metric space and let T : X — X
satisfy the inequality

d(Tx,Ty) <X c.u (13)

for some u € {d(x,y),d(x,Tx),d(y,Ty),d(x, Ty),d(y, Tx)}. Then, T has a unique
fixed point in X, and for every x € X, the sequence {T"x} converges to this fixed
point.

When X is a metric space and p = 1, we obtain Theorem 3 in [7].

Corollary 3. Let T be a (1, q)-quasi-contraction on the complete metric space X
into itself. Then, T has a unique fixed point in X.

Remark 1. 1f P is minihedral, i.e. sup{x, y} exists for all x,y € E,and p = g = 2,
then we obtain, as particular cases, the Istratescu’s fixed point theorem for convex
contraction mappings of order 2 [Theorem 1.2., [10]], the Istratescu’s fixed point
theorem for a two-sided convex contraction of order 2 [Theorem 2.3., [10]] in
complete metric spaces, and their generalizations to the cone metric spaces obtained
by Alghamdi et al. in [1].
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Third order rational ordinary differential
equations with integer indices of Fuchs

Yassine Adjabi and Arezki Kessi

Abstract A series of papers was devoted to the investigation of third order ordinary
differential equations of P-type. The interest in such problems is due to their
applications in physics, chemistry, etc.

In the year 2007, Conte et al. in the paper entitled “Painlevé structure of a multi-
ion electrodiffusion system” showed that the coupled nonlinear system descriptive
of multi-ion electrodiffusion of the first order corresponds to a nonlinear ordinary
differential equation of P-type (solutions of such equations have no movable critical
singular points). We understand that the solutions of this problem are not completely
known; a topic addressed in the present paper.

Some new third order rational ordinary differential equations with integer indices
of Fuchs as well as recent ones are found.

Keywords Nonlinear differential equation ¢ Painlevé property ¢ fixed singular
points * Painlevé test * Fuchs indices (resonances) ¢ homographic transformations

Mathematics Subject Classification 34M55, 34A34, 34E20, 33E30

1 Introduction

The current interest in the “Painleve property (PP)” stems from the observation
by Ablowitz and Segur [1] that reductions of partial differential equations of
soliton type gave rise to ODEs whose movable singularities were only poles. The
Painleve property and test are concerned with the singularity structure of the general
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solution of a nonlinear differential equation, which can “spontaneously evolve”
with positions depending upon constants of integration and, therefore, upon initial
conditions. Such singularities are said to be movable. The Painlevé test has been a
very successful tool for isolating integrable differential equations (both ODEs and
PDEs). The test could be any algorithm designed to determine necessary conditions
for a differential equation to have the PP.

The undergone work is motivated by the recent appearance of Painlevé equations
type in the following coupled nonlinear system describing a multi-ion electrodiffu-
sion (see [5])

dn; .
o = Vinip — ci, vin; 70, i=0,1,...,m,

m 1)
dp __ (
i Zl vin;,

=

where x is the coordinate normal to the planar boundaries, p is the electric field,
and n; is the number of ions. On the basis of the established connection between
solutions of the system (1) and solutions of nonlinear P-type equations, a particular
solution of the equation for the case m = 3 is given by

p*p" = aipp”p’ + a>p” + subdominant terms = 0. 2)

In section 5 of [5, page 6], the authors reported that the coupled system (1)
contains numerous other interesting questions. It should be noted that the details
of (1) and (2) were not given in [5]. For this reason, we study in this article the latter
equation.

Equation (2) is a differential equation of Chazy type [4]. This class has been
investigated in [2, 5, 10-12], but the results therein are insufficient.

The present paper deals with investigating the nonlinear third order rational dif-
ferential equations possessing the Painlevé property. This is achieved by considering
the differential equations of the form

/v /3

" Yoy azi—2 +B@YY +C@) () +D@yy +E@y), )

y =a

where B(z,y), C(z,y), D(z,y), and E(z,y) are rational functions of y with
coefficients analytic in z.

Using the small parameter method [9], we find that if equation (3) belongs to the
Painlevé type, then

1 0 2 4
Bzy)= ) by, Cay)= Y D@y =) dy,E@y) =) e,

i=—1 i=—2 i=—2 i=—2
“)

where the coefficients b;, c¢;, d;, and e; are analytic functions of z.

A number of papers, in particular [2, 5, 8, 11, 12] deal with movable singularities
of solutions of third order rational differential equations of the form (3) but
fails to provide complete classification. In contrast, a complete classification was
constructed for third order ordinary equations of polynomial class in [7].
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As a continuation to [2], our main task is to find all the canonical (distinct)
reduced equations of the form (3) that have the Painlevé property and hence all full
equations that are built upon these reduced equations. The full equations necessarily
take the form (3) with (4) above. We are looking for such values of constants a;, a,
and the expressions b;, ¢;, d;, and e; so that equation (3) passes the Conte-Fordy-
Pickering test.

Using the compatibility condition for the Painlevé type equations (see [6, 7]),
several new third order ordinary differential equations (ODEs) were found.

2 Corresponding simplified equations

The method of small parameter [3, 8] plays an important role in Painlevé analysis.
It permits one to justify the Painlevé property by studying a simplified equation
obtained by a special procedure. For the simplified equation, the properties of
movable singularities of solutions can often be established directly (either by
integrating the simplified equation or by finding a family of solutions with a movable
singularity).

The simplified equation corresponding to (3) is easily determined by setting
(z > zo + €7), where ¢ # 0 is a parameter, then we put ¢ = 0, if the equation (3) is
to be free of mobile critical points, it is necessary that y be uniform, so that it must
be given by an equation of the form

"2

Y'Y = ayy'y + any”. (5)
By making the change of variable
Y =y, (6)
in the equation (5), the following equation is produced
v = (a1 —3) vV + (a1 + ar — 1) v°. @)

Equation (7) is referred to in [3]. It is known that, for solutions of (5) to have only
single-valued nonstationary polar singularities, it is necessary and sufficient that all
nonstationary singularities of solutions of (7) are simple poles with integer residues.

The expansion of general solution for equation (7) in the formal Laurent series
takes the form

v=20(z—20)7+v1 (=209 +v2 G —20)P + ..., (8)

with vg nonzero and r is the leading power that needs to be found. When we
substitute this series into (7), we see that ¢ = —1 and the residue vy of any moving
pole must be an integer root of the equation

(a1 +ay — 1) v3 — (a1 —3)vg—2 = 0. 9)
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Moreover, the roots of the indicial equation corresponding to

(r+ 1) (= + (@1 —3)vo+3)r+3(a +a—1)vg—2(a; —3)vg—2) =0
(10)
must be distinct integers.
Firstly, by taking into account these requirements, we find that the equation (5)
is with fixed critical points only if the couple (a;, a;) takes one of the following
values

<3n; _(nfl)(2n71)> (ﬂ _(nfl)(2n+l)>
£ 2 E) E) 2 E)
(@, am)ed " " ’ ) , (1)

(22, —221) 3, -2), (3, —223)

where n is an integer number different from 0.

Remark 1. In ref. [2], it was shown that the corresponding list of reduced equa-
tions (3) that associate the coefficients a;, k = 1, 2 in equation (11) with n is an
integer number different from 0 has passed the Painlevé test.

Secondly, two equations will be regarded as equivalent if they are related by a
gauge transformation of the form

V@) =AQ@QVO+u@.t=9@1, (12)

we observe also that to obtain canonical forms for the Painlevé-type equations, it is
often most convenient to use a transformation (12), where A, u and ¢ are analytic
functions of the complex variables z, does not alter the form of equation (7) which
becomes

V =AVV + BV? + CV+ EV?>+ FV + G, (13)

According to [3], the necessary condition for equation (13) satisfies the Painlevé
property
(A’ B) € {(_3’ _l)v (_2’ 0)’ (_1’ +1)’ (0» 2)» (07 0)}7
we assume that this condition is satisfied; one has only to determine A, w, ¢ by
©'A= (a1 —3)A,
/2B (a1 +a—1) A2,
A,/ "
¢'C = ((a1—3)u—21—‘;—/),
¢PE = (a1 =3V +3 (@ +a—Dpu,
A
0 = (@ =3 (Gt ) + 3@ a1 -
Ap”G = (a1 =3) pp/ + (@ +ay — )’ — p”,

(14)

2\

where C, E, F, and G are given by system (14).
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Consequently one can see that one of the roots of (9) may be taken equal to 1
(i.e., n = 1), then it is necessary that the couple (a;, a;) takes one of the following
values in order to obtain solutions of (5) with no movable critical points

(alv a2) € {(Ov O)v (17 0)7 (27 0)7 (3’ O)s (39 _2)}

The Painleve analysis of third order polynomial equation (3) was carried out in
Chazy [4], Bureau [3], and Cosgrove [7] fora; = 0 and a, = 0.

3 Corresponding reduced equations

In this section, we need to find all reduced equations of the form (3) having the
Painlevé property.

Now consider the dominant behavior in the neighborhood of a critical point
Z =20,

y=y0(Z_Z0)q? as Z — 2o, qu, (15)

where ¢ is the singularity order, and substitute equation (15) in equation (3). For
certain values of the exponent g, two or more terms may balance and the remainder
of the terms can be ignored as z — zp. The terms which balance for each choice of
the exponent ¢ are called the dominant terms.

In the following subsections, the reduced equations that retain only leading terms
as z — zo will be considered for ¢ = —1, —2, —3 with distinct Fuchs indices or ¢ is
negative integer.

3.1 Leading order ¢ = —1
3.1.1 Determination of the values of b, ¢y, d; and e4

Here, we have used the result obtained in [2]. If by, cg, da, or e4 is nonzero, then
it may be possible to construct analogous solutions of (3) which feature a leading
term containing a pole of order ¢ = —1, then the Painlevé e— test,

7z —> 20 + €z, y—>8_ly, e — 0,

reduces equation (3) to

/v /3

+ az);—z + by +co (y/)2 + doy?y + esy*. (16)

n
y =a

The last equation is investigated in [8, 11] and [12], but the results obtained
are not complete. Here we investigated also the situation in which a; = 3 and
a, = 0 this case is not examined in [8, 11, 12]. For more details the reader is
referred to [2].
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Case 1. whena; =1landa, =0

% I : yy/// — y/y//;
Yo1 = arbitrary (r11,r12) = (0, 2),
% II : yy/// — y/y// + y3y/;
yor =—Lyo=1 (ri1,r2) = (2,4), (r21,r2) = (2,4).
% Vil yy/// — y/y// + yzy// _ %y3y/;
yor = =3,y00 = —6 (r11,712) = (2,-3), (r21,722) = (=2,2).
% 1V - yy/// — y/y// + yzy// + 2)73)/;
yor = —Lyoo =2 (r11,712) = (2,3), (r21,722) = (2,6).
V. yy/// — y/y// _I_yzy// + %y3yl _ %ys;
{ Yor = 4,y02 = —4,y03 = =2, (r11,r12) = (4,6),
(ra1,r2) = (=2,4), (r31,r32) = (1,3),
VI - yy/// — y/y// + yzy// + 4}73}/ _ 2)75;
yor = —1Lyoo = Lyps = =2, (ri1,r2) = (1,4),
(ra1,722) = (3,4), (r31,732) = (=2,6).

Case 2. whena; =2anda, =0

{ VI[ : yy/// — 2y/y//;
yo1 = arbitrary (ri1,r12) = (0, 3),
{ VIII - yy/// — 2y/y// + ySy/;
yor =—Lyoo =1 (ri1,712) = (1,4), (ra1,722) = (1,4).
{ IX : yy/// — zy/y// + 2y2y// _ znyZ;
yor =—2 (ri,r2) = (1, 2),
{ X: yy/// — 2y/y// + yzy// _ yy/z + y3y/;
yor ==L,y =2 (r11,r12) = (1,3), (r21,22) = (1,6).
. _ 2 3.0 3 1.5.
XLy =20y + 3y =30y + 27 = 5y
Yor = —4,y02 = 1,y03 = —1, (r11, r12) = (=5, 6),
(21, r2) = (1,5), (r31,r2) = (1,3),
XII : yy/// — zy/y// + 2}’5;
Yor = —1,y02 = #,)’03 = #’(”117”12) =(2,3),
(21, 722) = (2,3), (r31,132) = (2,3),
X1 - yy/// — 2y/y// + zyzy// _ 3yy/2 + 2y3yl _yS;
Yor = —Lyoo = 1,y03 = =2, (r11, r12) = (1,2),
(r21,722) = (1,6) , (r31,r32) = (=2,3).

Case 3. whena; =3 anda, =0

XIV . yyl// — 3yly//;
yor = arb., (r1,r2) = (0,4),
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{ XV : yy/// — 3y/y// + (2 _ n) yzy// _ 4yy/2 + 2ny3y/;
yor = —1,(r,r2) = (2,n),

XVI:yy" = 3y'y" + (4 —n)y*y" —2(4 —n)yy;
Yor = arb., (r1,r) = (0,4 + (4 —n) yo),

Yo = =1L,y =2, (rn,r2) =@B,n), (rn,rm) =(6,-2n),

xviil - yy/// — 3)/)// + (3 _ I’l) yzy// _ 6yy/2 + 3ny3y/ _ nyS;

{ XVII : yy/// — 3y/y// + (1 _ n) yzy// _ 2yy/2 + ny3y/ + nys;
{ yor = =L, y020 = =2, (ri1,r12) = (I,n), (ra1,722) = (=2,2n),

{ XIX : yy/// — 3y/y// _ nyzy// + 2ny5;
yoo=—1,y00 =1, (ri1,r12) = (4,n), (r1,rn) = (4,—n).

where 7 is an integer number .

Case4. whena; =3 and a, = —2
XIX : yZy/// — 3yy/y// _ 2y/3;
XX : yzy/// — 3yy/y// _ 2y/3 + y3y//‘

3.1.2 Study of obtained equations

Now, we rewrite (16) as a system

y/ — vy27
v =1y, (17
1y =HW)t+R(v), (* denotes %) ,

the last equation of the (17) is formally satisfied by the series

+o00o .
1= Y Ev, (18)

Jj=0

where E; are constants (see [8]).
From the first and second equation in (17) yields

Y'y =207+t (19)

According to [3], the first necessary condition for equation (17) satisfies the
Painlevé property. That is the right-hand side of (19), with respect to yp; is a
polynomial of the second degree, takes the form

Y’y = (B2 +2)y* + Ey'y* + Eoy*, (20)
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where E,, Ej, and E are unknown coefficients that should be found. Substituting
(18) into the third equation of the (17) and solving the system of the linear algebraic
equations for coefficients E,; E| and Ej, we conclude that all the equations (16)
have the particular integrals with the Painlevé property in the form (20).

Case (a) : Study of equations (I — VI)

— We can see that equations (1, I1, IIl, IV) can be presented in the form:

I: " = ky;

I : Y =1y + ky;
oy =y =gy +ky;
vy =y Ayt hy,

<

after integration over z, where k is an arbitrary complex constant. According to [3],
all equations (Z, I1, IIT) possess the Painlevé property, but (V) is an equation with
critical mobile points.

— On one hand, introducing the change of variable

/

y:aK, witha = —1, 21
w
in (V, VI), we obtain
V: W =kww
VI : w" = kw?w'.

Therefore, equations (V, VI) possess the Painlevé property (see [7]).
On the other hand, the first integrals of the equations (V, VI) are, respectively,
given by the following formulas:

y// 2 1 )
V: (F—y’) = Z(y'—%y2) +k,

2
y// 2
VI (y—z—y’) =40/ -3 +k

The corresponding full equations (V, VI) are, respectively, determined in section 4.
Case (D) : Study of equations (VII — XIII)
— The first integrals of the equations (VII, VIII) are, respectively, given by the
following formulas:

3
VI : Y =ky?, or yy' = Ey/z +k;

vil .y =37+ Lyt +k,

these equations possess the Painlevé property [3].
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— The stability conditions of the equations (IX, X) are, respectively, given by the
formulas:

X: 0y =—4y"" = 0: ) arbitrary.
X P =16/ = 0;

in spite of this, the equations (IX, X) admit the first integrals, which are, respec-
tively, given by the following formulas:

IX: Y =y Ak
X: y”=yy’+y3+ky2.
and so none of them have the Painlevé property [3].

— The stability condition at Fuchs indice (r,; = 6) of the equation (X7) is given
by the formula:

XJI - Q(6) — __25488135689221697295007 M\° (.0)° =0
) 6 = T 79330949271303634944000000 \Y—5 Ve =Y

where the coefficients y(_lg, y(_li and ygo) are arbitrary, these being obtained by using

the perturbative Painlevé test (the CFP test) of Conte, Fordy, and Pikering to order
&% (see [6]) , which is a strong indication that equation (XI) does not possess the
Painlevé property, however, the corresponding particular integral is given by

Y'y =52+ (22)
and this latter equation is easily integrated, which is solvable by means of elliptic
functions.

— On one hand, the general solution of equation (XII) possesses three families
of simple poles, one can see that the necessary condition for the absence of movable
critical singularities of the logarithmic type is satisfied.

On the other hand, be integrated by a process which may be considered as a
method of “ variation of parameters” [3]. As this method will be used often later
on, we shall explain its particulars on equation (XII). The general solution of the
equation

v

w" =2y,
is
y// — WyZ,

where w is an arbitrary constant. Suppose now that w (z) is a function of z and

y// — 2Wy2,
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we obtain

By direct calculation we obtain
w’ =2y'y and y = w? +k,

where k is an arbitrary complex constant.
Indeed, the equation (XII) is equivalent to the differential system

{ y =w?+k,
w o=y
By setting
y=—Bu—vand w= Bu—v, where p>= -3,
one obtains

u = 2uv — ki, where k; = %
v/=_132u2_v2_13k1,

on eliminating v between these relations, one finds
1.1 2 4 2 B
wd" = su” —2%u" — 2Bk’ — 3, (23)

equation (23) is solvable by means of the elliptic functions, and equation (XII) has
no moving critical points.
Furthermore, the differential equation (XI7) has the first integral in the form:

y//2 _ 4y/y4 + ky4 — O,

this latter possess the Painlevé property (see Cosgrove and Scoufis). Hence the
reduced form of equation (XII) has the Painlevé property.

— The insertion of the well-known Riccati transformation (21) into (XIII)
transforms the equation into the form

w" = kw'? (24)

where k is an arbitrary complex constant. Equation (X/II) has no moving critical
points because the corresponding equation (24) has the Painlevé property.

Case (¢) : Study of equation (XIV — XIX)

— The differential equation (X/V) has the first integral in the form:

X1V : V' =ky’, or y' =2y +k,

where k is the constant of integration. Hence equation (XIV) has the Painlevé
property.
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— It is necessary that n = 1, in order that the equations of type (20) will be with
fixed critical points. In this case the stability condition at Fuchs indice (75, = 3) of
the equation (XV,=) is given by the formula:

XV, - 0V = 128y\" =0,

thus the equation exhibits logarithmic branching, which is an equation with critical
mobile points.

For example, the stability conditions of the equations (XV,,#) are given by the
formulas:

n=+4: 0% =yHP* =0,

n=—4: 0" =132,V =0,
2 1 1) (0)2
n=—6: Q% =2y1H)1y0? =o.

thus the equation exhibits logarithmic branching, which is an equation with critical
mobile points.

— It is necessary that n = 2, in order that the equations of type (20) will be
with fixed critical points. In this case the equation (XVI) admits double indices,
consequently does not have the Painlevé property. In particular for n = 4, the
equation (XVI,=4) has the first integral

XVI,—y : yw =2y = 2%y +2y* + k. (25)

For example, the stability conditions of the equations (XVIn#) are given by the
formulas, for example :

n=+I1: Q(ZO) = —8)}&0)2 =0,

n=-2: 0% =-48y" =0,

n=-3: o} =42y =o.
thus the equation exhibits logarithmic branching, which is an equation with critical
mobile points.

— When n = 3, in order that the equation of type (20) will be with fixed critical
points. In this case, the stability condition at Fuchs indice (7, = 6) of the equation
(XVII,=3) is given by the following formula:

3 1)3_(0)2
XViL—: 0 = B8P0 =0,

consequently, (XVII) is an equation with critical mobile points.
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When n = —1, the equation (XVII,,—_) admits double indices and so does not
have the Painlevé property.

The stability conditions of the equations (XVII,——_» —3_4—5—6.—9) are given by
the formulas:

Q(1 = terms proportional to y(0 1o y(l) = 0;
O/1-1) (1) _ ().

n

Q(z) = terms proportional to y(o)( ")y(”2 0.

XVII,—_» _3_4-5-6-9: Q( ) = terms proportional to y,

On the other hand, by making the change of variable (21), we obtain the third-
order equation,

w" = kw w2 (26)

If we take n = 2 in equation (26), we obtain the second-order equation in the
form §” = k&°. Here § = w' is a Jacobian elliptic function with simple poles.
Hence a series expansion of w around such a singularity zp, say, must start with
log(z — z0). The remainder of the series is a power series expansion in powers of
(z—z0). In such cases, the Painlevé property holds for the new variables §. However,
when n = 2, the stability condition of equation (XVII,—,) is given by the following
formula:

XViL—:  0F =756y 0y N — 180y )2 = 0,

implying the existence of a movable logarithmic branch point.

— Whennisin {—1, —4, 4}, the equation (XVIII) admits the double indices and
so it is with moving critical points.

The stability conditions of the equation (XVIII,=+1 42 43 +5.46+7, - - -) in Which
we fixed the parameter n # 0 are given by the formulas:

XVI,— . : O = +864y\"* = 0;
XVI,=+ O = 436,02 = o;
XVill=gs: Q%) = 6626675y9§yi°)2 0;
XVIlL—ss: 0% =300y\"y") = 0;
XVIHT,—+6 : (6) = Coeff. y(O)lO (16 =0
XVI,—17 : Q(3) — i350§%};875 yio)syg;z — 0.
XVHlL—ss: O = Coeff.yy) =0,

where the coefficients yﬁll), y(l{ and yio) are arbitrary, implying the existence of

a movable logarithmic branch point, we think that the equation of type (XVIII)
does not have the Painlevé property (see [6]), however, the corresponding particular
integral is such that

/" 3

v =2y
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Case (d) : Study of equation (XIX, XX)
The first integrals of the equations (XIX, XX) are, respectively, given by the
following formulas:

XIX : yy// — y/2 + kyZ,
XX : yy// — y/z + yzy/ + kyz,

these equations possess the Painlevé property (see Ref.[3]) .

3.2 Leading order ¢ = -2

If d| # 0, then it may be possible to construct analogous solutions of (16) which
feature a leading term containing a pole of order ¢ = —2, then the Painlevé e— test,

7= 2Z20 —> €z, y—>8_2y, g — 0,

will produce a nontrivial reduced equation, which admits the particular integral
y =y (z—z20)".

The dominant terms arise from y”’y?, y"y'y, ¥'3 and y3y’. Then ¢ = —2 and the

corresponding equation is

"n.2

Y'Y = ay'yy + ay? + diy’y. 27)
If we substitute
yywi-2)"2 4. +BGe—2)"?
into (27), we obtain the following equations for the Fuchs indices r and y,
r+1 (r2 + (2a; — 10) r — 12a; — 8a; + 24) (Bay + 2a; — 6)2 =0, (28)

and
diyo + 6a; + 4a, — 12 =0, (29)

equation (29) implies that there is only one branch.

Now, we determine yo and dy, if yg # 0, then equations (28) and (29) imply that
the values of Fuchs indices are:

Fora; =0, 1, 3,anda, =0

Yo = _6(0{;_1—2), ria = (6, 4 —2a). (30)
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If a; = 1 and a, = 0, the Fuchs indices are as follows: r; = 6 and r, = 2,
equation (27) has the first integral in the form:

y/2 k
y”zyz—i-kyor y”z—-l—%yz—i-—.
y y

If a; = 2 and a, = 0, the Fuchs indices are as follows: r; = 6 and r, = 0, but
yo cannot equal 0. Equation (27) has the first integral in the form:

/"

y/2
y o= %7+%y3+k.

If a; = 3 and a, = 0, the Fuchs indices are as follows: r; = 6 and r, = —2,
equation (27) has the first integral in the form :
2 1 k
y// — Zy— + _y2 + -,
y 3 y

equation (27) does not pass the Painlevé test, since the compatibility condition at
(r, = —2) is not satisfied identically, i.e.,

4 3
0% =12 (41) (4”) =0and 0% =32 (,4) () (") =0,

where y(éo), yg; and y(_lg are arbitrary constants.

Fora; = 3 and a;, = —2, equation (27) admits the double indices (1, = (2, 2))
and so does not have the Painlevé property.

3.3 Leading order ¢ = —3

In particular if e; # 0 and ¢ = —3, the Painlevé e— test,
z—>z046ez y—>e oy £—0,

gives, in the limit ¢ —> 0, the reduced equation

"2

V' = ay"y'y + ary” + ey’ €20
If we substitute
y=yi—20) V4. +B -2,
into (31), we obtain the following equations for the Fuchs indices r and y,

(r+1) (¥ + (3a; — 13) r — 36a; — 27a, + 60) = 0, (32)
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and

eyyo — 36a; — 27a; + 60 = 0, (33)
equation (33) implies that there is only one branch.

Now, we determine yo and e,, if yy 7 0, then the only values of a; that satisfy (32)
and (33) are a; = 1, then the corresponding equation has the form

y///y — y//y/ + e2y3’

Yo = _e—i“, resonances: (r1,r) = (4,6). (34
By setting y = w’ and e, = 1 from (34), we obtain the following equation
w (W' = %wz + kiw + k2) (35)
The differential equation (35) has the first integral in the form:
w? = %w3 + kiw? + 2kow + 2ks, (36)

where ki, kp, and k3 are arbitrary constants, equation (36) is solvable by means of
the elliptic functions and equation (34) has no moving critical points.
Furthermore, the differential equation (34) has the first integral in the form:

y//2 4 4y/y2 +ky2 — O, ey = 2’

this latter possess the Painlevé property (see Cosgrove and Scoufis).

3.4 Leading order q : negative integer (9 < —4)

If by = cyp = dy = dy = ey = ey, then the reduced equation can be written

2./

YY" = ayyy" + asy” + boy?y + ooy +doiy?y + ey’ 37)
Putting y = vy in (37), we obtain for v the differential equation
V" = (a1 = 3) vv'+(ar + as — 1) v +(b_j + cp) Vi +b_jv'+d_jv+ep.  (38)

The equation (37) occupies a position in these studies analogous to the occupied
by (38) in the study of the second order case (see [3]).



176 Y. Adjabi and A. Kessi

Example 1. We consider the equation

’
2.1

YY" =3yyy +doyy ., w = y;
w =2w3 +dy (D) w,

if C; =0:w(z) elliptic function
d =C G, 9.
b (2) 12+ G ifC£0:y= Cel vz

Example 2. We consider the equation
2

yy/l/ — 3y/y// + 6)}?

/ .
On setting w = ‘7, one obtains

2
w' =2wd + 6.
z

Thus, y is the Painlevé type.

yy/// — By/y// =+ 3_\’;, w' = 2W3 + 3w7%’
yy/// — 3y/y// 4 z%yZ + Zizyy/ 4 %)/2.
Example 3. We consider the equation

2./

v =3y — 207 4 by (VY — 3?) + doyy + ey’ (39)

We rewrite (39) as

(2) =t (%) +do (%) +er (40)

On setting

from (40), we obtain

V" = bov//+dov/+€1,

this latter is linear equation, therefore, v and y are Painlevé type.
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4 Corresponding full equations

In this section, we complete the determination of the remaining coefficients in the
full equations (3). Our approach has the following steps:

1. The first step is to use gauge freedom to simplify the problem. The form of the
equation (3) is preserved under changes of variables of the form

Y@ =A@QVO+ur@.t=9¢@2. (41)

We first simplify the complete equation by means of the substitution (41), here
V is a new function, ¢ is the independent variable, and A, , and ¢ are chosen so
that the resulting equations for V become simpler.

2. The second step, we are looking for such values of constants a;, a, and the
expressions b;, ¢;, d; and e; so that equation (3) passes the Conte-Fordy-Pickering
test.

3. The third step is to use the substitution wy = 1, we reduce equation (3) with
coefficients (4) to the form

A

/. 1 .
w" = (6—ay) WWW + (2a; +a, — 6) ’fv—zs + > biwT'w”
e
1 0 ) . 42)
2 bw ™ S w2 (W)= Y dwTw + Y ew?
=1 =2 = =2

4.1 Leading order q = —1

In this subsection, we consider the problem of constructing all equations of the
form (16), for example:

W =Yy Y 44 =2 +B @)y +Cy) () 4Dy Y +E ).
(43)

There are three sets of resonance numbers:

yor = =1, yo =1, yo3 = =2, (r1,r2) = (1, 4),
(21, 122) = (2, 4), (131, r32) = (=2, 6).

We show details of the calculation only for (43), since the other cases are similar.

We are going to apply the Painlevé test to equation (43) in this section using the
perturbative Painlevé approach presented in [6].

For the case yo; = —1, the coefficient y, in the Laurent series

Y=y —20)"4+y1 z—20) " 2 G —20) 7 4. Ay —20)TT ... (44)
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can be set to zero by the gauge choice,
c—1 =3e3+dy, ea =—c_p—2b_1 —dp.
Hence, the resonances (r1, r12) = (1, 4) give the constraints
by = —d| — 2e3, di = —3e3, e; = %egc,Z —2d_,
do = —3b_| — gc_z, ey = —%c_zeg +d_1e3 —d_,.
For the case yp; = 1, the coefficient y; can be set to zero by the gauge choice,
e; = 0.

Hence, the resonances (121, 722) = (2, 4) give the constraints

dy=0,dp=—-%c2, - 13b_jc, — 2b%,.
For the case yo3 = —2, the coefficient y, can be set to zero by the gauge choice,
C_p = 0.

Hence, the resonances (r31, r3;) = (=2, 6) give the constraints
e_1 = 0, e = 0.

Because, the compatibility conditions are given by the formulas:

2 4
ng) = —% (ez_l) (ygg) = 0 and Q(65) = é—g (e-2) (y(_g) (yQi) (yéo)) =0.

Finally, the remaining conditions at the resonances —2 and 6 force all recessive
terms to vanish. We therefore conclude that the full equation (43) is

yy/// — y/y// + y2y// + 4y3y/ _ 2)75- (45)
The second example is

2
W =yy' +y + 35y =1 +B(@.y)y + Cy) () +D (@)Y +E(z.y).
(46)

There are three sets of resonance numbers:

Yor = —2,y02 = 4,y03 = =4, (r11,r12) = (1,3),
(ra1, r22) = (4,6) , (r31,r32) = (=2,4),

For the case yg; = —2, the coefficient y, in the Laurent series (44) can be set to
zero by the gauge choice,

cC—1 = 1263 + Zdl, C—p = —462 — 2b_1 —2d()
Hence the resonances (ry;, r12) = (1, 3) give the constraints

bo = —863 — 2d1, dl = —663, b_l = —863 — 2d0, d_1 = —261.
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For the case yo, = 4, the coefficient y; can be set to zero by the gauge choice,
e3 = 0.

Hence the resonances (r;;, ;) = (4, 6) give the constraints

d_> = 12dye; — 12¢3 — 3d3 + deg. 2 =0, e_y = —Zdy + 32¢7 + 3dyeq.

For the case yo3 = —4, the coefficient y, can be set to zero by the gauge choice,
do = 0.

Hence the resonances (r3;, r3) = (=2, 6) give the constraints

e1=0,e =0 or eoz%(yio))zc, e_; =0.

Because, the compatibility conditions are given by the formulas:

0 = 128¢ (1) =0,

e (—290 (yff”) — 5—32e0) (y9§)2 -0,

3
3) _ 2 (1)
Q) = 1%@—1 (y—z) =0.

(2)
4

The result is that compatibility conditions at the resonance numbers are satisfied
identically. There are no tests to run.
The final form of full equation (46) is

W =YY Y Y -+ C (4%./ +). (47)

Using the above-mentioned approach we obtained a list of equations, which can
be with fixed critical points, these are the following ones:

W'=Yy Yy + Gy + Gy

yy/// — y/y// 4 yzy// 4 2y3y/ 4 Cy’ 4 %yZ;

yy/// — y/y// +y2y// + 2y3y/ + ny/ + (2_9 + %) yz;

W'=Yy + 3 + 4%y —2y° +4(Ciz+ Co) Y’ —2C1y* + 2C1y;
W=y + 3 + Y — 1y —2(Ciz+ C) yP — 2C1y* — 4Chy;
W'=Y Y+ Y - gy = 2(Ciz+ )y + Gy = Gy

(48)
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yy/// — zy/yl/ _ 3yy/ + b(] (y// _ y) ,
VA

W' =2y + Y + CY;

49
yy/// — 2y/y// + yBy/ + ny/; ( )
yy/// — 2y/y// + 2y2y// _ 3yy/2 + 2y3y/ _ yS + Cy;

W =3y —(2Ciz— C)yy + C3y + Coy*: (50)

yzy/// — 3yy/y// _ 2y/3 + y3y// + bO (yzy// _ 2yy/2 _ yS)
+b-1 (0" —2) +do (2Y + ') + (2(b-1) = 3bob—1) yy’
+e1y® — ((b=1)" — bo (b—1)' — dob—1) ¥* — by (b—-1)*y.
(51)

4.2 Leading order q = -2

Equation (27) with (4) can be analyzed in a similar fashion to the preceding
subsection, for example:

W =3 A Y B @)Y HC @) () D @)Y HERY). (52)
There are two sets of resonance numbers
yor = —Lyor =2, (r1i1,r12) = (2,3), (ra1,r22) = (2,6).
A choice of gauge that sets y; = 0 in both corresponding Laurent series is
di = —e3—2by—c_y, by = —3c_y.
The resonance r,; = 2 gives the constraints
dy = —2b_1 —e; —c—p, c—p = —2b_; — 2e>.

The compatibility conditions at the second resonance rj, = 3 is linear in y,, we
obtain

e = —d_l, €3 = C—1.

and the condition at the second resonance r,; = 6 is second degree in y, and
therefore gives three separate constraints, we obtain

1.2
b_] = —262 - ZC—P
ey = — 6C

1
_ 13,32 2 1 3.4 L6
ey =—36+3¢2 65— 3 (da— 3¢t +2c1d 1) e + 552
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1 3 1 2 2
+ Zd—lc—l — Zd_zc_] —C_16—1 — 4d_1.

A similar calculation and choice of gauge can be used to construct the full
equations (52). The complete list of the full equations is found to be:

Y'y ="y + 6% + Cry,
Y'y =YY + 6% + (Ciz+ Cy) Y, (53)
Y’y =Yy + 6% + Ciy + (C122 + Caz+ C3) Y + (Ciz + Cy) y.

4.3 Leading order ¢ = —3

In this subsection, we consider the problem of constructing all equations of the
form (31), for example:

s

Y'y =YY + ey’ + F3(x ), (54)
where
F3 (x, ) = boy’y" + boyyy” + co1yy? + c2y? + doy?y’
+d_yy +d_2y + ey’ + eoy’ + e_1y + ea.
There is only one set resonance numbers:
Yo =22, (ri,rn) = (4, 6),

the coefficient y; in the Laurent series (44) can be set to zero by the gauge choice,
by means of a transformation 7 (A, u, ¢), one may set

12by + 9¢—; = 0.

The compatibility condition at the second resonance rj; = 6 is linear in y4 , we
obtain

0V =4 +B=0,A=B=0.
and hence
2 880875 .6 4455

15 445 2 45 2
dy = TC, 60 = Tl + Tz elc_l b_lc_l + Td_lc_l — 8ey.

The compatibility condition at the second resonance rj; = 4 is
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e = —2c_1by — 3% dy — 3dj — %b_.
By means of a transformation 7 (A, @, ¢), one may set
bo=c_1=0,by=cyo=dr,=e_, =e3=0.
On setting wy = 1, one obtains
w?w" = Sww'w’ — 4w + d_wPw + F3(x, w);
d-1yo = =2, (r1, n) = (=2, 2).
By means of a transformation 7 (A, @, ¢), one may set
d1=-2,by=c_1=dy=0,
Hence the resonances (r31, r33) = (=2, 2) give the constraints
e =¢y =0, e =0, d| =k (arbitrary).
The full equation (54) takes the following form:

yy/// — y/y// _ 24y3 + ky/. (55)
The complete list of full equations is found to be:
/i

Y’y =YY +y + Oy, 56
My 3 2 / ( )
Yy =y"y +y + Ciy” + (Caz + G3)y' — Coy,

Example 4. We consider the equation

/I

W =yy +6y =y (57)

Multiplying (57) by (y"" — 1) we can rewrite it as

4 ((y”—1>2—12y2<y/—z>> ~0
dz y2 )

and absorbing the integration constant by a translation of z, we obtain
O —1)> = 120* (Y —2) = 0.

This latter is particular case of the SD, equation in Cosgrove’s classification
[1993]. It is solved, expectedly, in terms of Painlvé I equations P;.
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5 Conclusion and prospects

In this paper we have used the perturbative Painlevé approach presented in
[6] for equations (3) to find several new rational third order ODEs with integer
Fuchs indices. Our results improve and extend various known results existing in the
literature.

To conclude this article, we point out some problems that are still unresolved:
It remains to examine whether the general integral equations found in section 4 are
effectively a Painleve property and are general solutions of these equations.
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Existence of Weighted Pseudo Almost Periodic
Solutions for some Partial Differential
Equations with Delay

Nadira Boukli-Hacene and Khalil Ezzinbi

Abstract In this work, sufficient conditions are derived to get the existence
and uniqueness of a weighted pseudo almost periodic solutions for some partial
functional differential equations in hyperbolic case. To illustrate our main result, we
study the existence of a weighted pseudo almost periodic solution for some diffusion
equation with delay.

Keywords Partial functional differential equation ¢ Hyperbolic semigroup
Weighted pseudo almost periodic solution

1 Introduction

The notion of pseudo-almost periodicity was introduced in the literature in the
early 90s by C. Zhang [18-20], as a natural generalization of the classical almost
periodicity in the sense of Bohr. Since then, the existence of pseudo-almost periodic
solutions to differential equations, partial differential equations, and functional
differential equations has been of a great interest to several authors and hence
generated various contributions: E. Aitdads, O. Arino, and K. Ezzinbi [3-5]
obtained sufficient condition for existence of pseudo almost periodic solutions of
some delay differential equations, and other contributions upon pseudo almost
periodic solutions to various differential equations have recently been made in
T. Diagana, E.M. Hernandez, G.M. Mahop, G.M. N’Guérékata [8, 9, 11-13].

T. Diagana [7, 10] introduced a new generalization of the concept of pseudo
almost periodicity, some new classes of functions called weighted pseudo almost
periodic functions which is the central issue in this paper, to construct those
new spaces, the main idea consists of enlarging the so-called ergodic component,
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utilized in Zhang’s definition of pseudo-almost periodicity, with the help of a
weighted measure du(x) = p(x) dx, where p : R — (0,00) is a locally
integrable function over R, which is commonly called weight, the author obtained
conditions for existence of the weighted pseudo almost periodic solutions for
abstract differential equations; however, L. Zhang and Y. Xu [21] give sufficient
condition for the existence of a weighted pseudo almost periodic solutions for
functional differential equations.

The existence, uniqueness, and stability of almost periodic, pseudo-almost
periodic, weighted pseudo-almost periodic, almost automorphic and pseudo-almost
automorphic solutions are among the most attractive topics in the qualitative
theory of differential equations due to their applications in several areas such as
mathematical biology, physics, control theory, and others.

To study those weighted pseudo-almost periodic spaces we consider a binary
equivalence relation, ~, on the set of weights Uy, which enables us to categorize
and reorganize those weights into different equivalence classes. Among other things,
if two weights p; and p, are equivalent, that is, p; ~ p», then their corresponding
weighted pseudo-almost periodic spaces coincide. In particular, when a weight p is
bounded with igﬂg p(x) > 0, it is then equivalent to the constant function 1, and hence

X

the weighted pseudo-almost periodic space with weight p coincides with ZhangSs
spaces (Corollary 1).

This work extends the corresponding results in [21], our objective is to show the
existence of a weighted pseudo almost periodic solutions for the following delay
functional differential equation

%x(z) =Ax(t) + L(x;) +f(r) forteR, (D

where A : D(A) — E is a linear operator (not necessarily densely defined) on
a Banach space E, we assume that A satisfies the Hille-Yoshida condition, which
means that A satisfies the following spectral condition: there exists M > 1 and w €
R such that

(w, +00) C p(A) and |(AI —A)7"| < ﬁ forn e Nand A > w,
where p(A) is the resolvent set of A.

C := C([-r, 0], E) is the Banach space of continuous functions on [—r, 0] into E
provided with the uniform norm topology, L is a bounded linear operator from
C([-r,0],E) to E and f is a weighted pseudo almost periodic E-valued function
on R (will be precise in the next).

For every ¢t > 0, as usual the history function x, € C is defined by

x0)=x(t+60) for —r<6<0.

There are many examples where A is nondensely defined. In particular, nonden-
sity occurs in many situations due to restrictions on the space where the equation
is considered (for example, periodic continuous functions, Holder continuous
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functions) or due to boundary conditions (for example, the space C! with null value
on the boundary is nondense in the space of continuous functions).

The organization of this work is as follows: In Section 2, we recall some notations
and definitions of a weighted pseudo almost periodic functions. In Section 3, we give
the variation of constants formula that will be the principal working tools in this
work, moreover, we establish fundamental results about the spectral decomposition
of solutions. in Section 4, we prove the main theorem of existence and uniqueness
of a weighted pseudo almost periodic solutions. In Section 5 we apply the result in
the previous section to the nonlinear functional differential equation. In particular,
Section 6 is to illustrate our main result (Theorem 9), we will examine sufficient
conditions for the existence and uniqueness of pseudo almost periodic solutions to
the diffusion equation with delay.

0 32 0
% y(t,x) = 72 y(t, x) + / q(0) y(t+ 6,x) dO + z(t,x) fort e Randx € [0, 7],
X —r

y(#,0) =y(t,mr) =0 fort€eR,

where ¢, u are functions satisfying some additional assumptions.

2 Weighted Pseudo Almost Periodic Functions

In what follows we recall some definitions and notations needed in the sequel.

Let (E,|| |)) be a Banach space and L, (R) denote the space of all locally
integrable functions on R.

Let U be defined by

U:={pe L, .(R):p(x) >0 almost everywhere x € R}

From now, if p € U and for R > 0, we then set

m(R, p) 1= /_i p(x) dx
The space of weighted functions is defined by
Uso 1= {peU:Rli)rglom(R,p) = oo}
Up := {p € Uy : pis bounded and ;gﬂg olx) > O}.

Throughout this work BC(R, E) is the space of all E-valued bounded continuous
functions equipped with the sup norm defined by ||¢ |00 := sup ||¢ (7).
teR

Definition 1 ([6, 15]). A function f : R — E is called almost periodic if
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(1) f is continuous,
(ii) for each ¢ > O there exists an /(¢) > 0, such that every interval I of length I(¢)
contains a number 7 with the property that ||f(r + 7) —f(?)|| < e forall r € R.

The number t above is called e-translation number of f.

Let AP(E) denote the space of almost periodic functions.
Denote by PAPy(IE) the space of ergodic perturbations defined by

1 R
PAPy(E) := {fe BCR.E): lim — / )l dt = o}
R—o0 2R J_p
Definition 2 ([9]). A function f : R — E is called pseudo almost periodic if
f =g+ ¢, where g € AP(E) and ¢ € PAPy(E).

The collection of all pseudo almost periodic functions from R into E is denoted by
PAP(E).

Definition 3 ([10]). Let p € Uy. We define the weighted ergodic space by
1
m(R, p)

Definition 4 ([10]). Letp € U. A functionf : R — E is called weighted pseudo
almost periodic (or p-pseudo almost periodic) if it is expressed as follows:

f=g+9.
where g € AP(E) and ¢ € PAPy(E, p).

R
PAPy(E, p) := {f € BC(R,E) : RIE{.IO /_R lF @) ) dt = 0}

The collection of all weighted-pseudo almost periodic functions from R into E
is denoted by PAP(E, p).

Remark 1 ([10]). The functions g and ¢ appearing in definition 4 are, respectively,
called the almost periodic and the weighted ergodic components of f.

Remark 2 ([10]). The decomposition of a p-pseudo almost periodic function
f =g+ ¢, where g € AP(E) and ¢ € PAPy(E, p), is unique. This is mainly
based upon the fact that g(R) C f(R). Hence, PAP(E, p) = AP(E) @& PAPy(E, p).

Definition 5 ([10]). Let (F, || ||) be a Banach space. A function F : RxF — E
is called almost periodic in ¢+ € R uniformly in y € F if for each ¢ > 0 and any
compact K C T there exists /(¢) such that every interval of length /(¢) contains a
number t with the property that

|F(t+ t,y) — F(t,y)| <& foreach r€R and y € K.
The collection of those functions is denoted by AP(F, E).

In the same way, we define PAP,(IF, E, p) as the collection of jointly continuous
functions F : R x F — [E such that F(-, y) is bounded and
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1
lim
k=00 m(R, p)

R
/ |F(s,y)|lp(s) ds=0 forall yeF.
—R

Definition 6 ([10]). A function F : R x F — E is called weighted pseudo almost
periodic if

F=G+H,

where G € AP(F,E) and H € PAPy(F,E, p).

The class of such functions is denoted by PAP(F, E, p).
We give now some properties of a weighted pseudo almost periodic functions.

Definition 7 ([10]). Let p;,p» € Ux. One says that p; is equivalent to p, or
p1 ~ p» whenever Z—; € Ug.

Theorem 1 ([10]). Let py, p2 € Uo. If p1 is equivalent to p,, then PAP(E, p1) =
PAP(E, p2).

An immediate consequence of Theorem 1 is the next corollary, which enables us
to connect the Zhang’s space PAP(IE) = AP(E) & PAPy(IE) with a weighted pseudo
almost periodic class PAP(E, p).

Corollary 1 ([10]). If p € U, then PAP(E, p) = PAP(E).

Theorem 2 ([7]). The space PAP(E, p) is a closed subspace of BC((R,E), || |loo)
provided with the uniform norm topology. This yields PAP(E, p) is a Banach space.

Example 1. Let p(t) = ¢'  foreacht e R.
It is easy to see that m(R, p) = e — e™® and hence p € U
Set f(t) = sint + sin /2t + ¢, It is clear that f belongs to PAP(R, p).
Namely, sin t + sin V2 tis its almost periodic component and the weighted
ergodic component of f verify

1 R
lim —/ e e dt=0,

R—oc0 eR — =R —R

1 R
while lim 2—/ e ' dt = +o0.

R—o0 —R

Hence, f does not belong to PAP(R).

3 Partial Functional Differential Equations

Here and hereafter, we suppose that
(Hp) A satisfies the Hille-Yoshida condition: there exists M > 0, w € R such that



190 N. Boukli-Hacene and K. Ezzinbi

M
(w, +00) C p(A) and |(AI —A)7"| < ﬁ forn € Nand A > w,
—w n

where p(A) is the resolvent set of A.
To Eq. (1), we associate the following initial value problem

ix(z‘) = Ax(t) + L(x;) +f(r) fort>0,
dt @)

xo=¢ € C:=C([-r,0;E).

Definition 8 ([1]). We say that a continuous function x from [—r, c0) into E is an
integral solution of Eq. (2), if the following conditions hold:

1
(1) / x(s) ds € D(A) fort >0,
0
t t
(i) x(#) = ¢(0) —I—A/ x(s) ds + / (L(xs) +f(s)) ds fort >0,
0 0
(i) xp = @.

If D(A) = E, the integral solutions coincide with the known mild solutions. From
the closed-ness property of A, we can see that if x is an integral solution of Eq. (2),
then x(7) € D(A) for all # > 0, in particular ¢(0) € D(A).

Let us introduce the part Ay of the operator A in D(A) which is defined by

D(Ag) = {y € D(A) : Ay e m},
Apgy = Ay fory € D(Ap).

Lemma 1 ([14]). A, generates a strongly continuous semigroup (To(t))i=0 on
D(A).

For the existence of integral solutions, we have the following result.

Theorem 3 ([1]). Assume that (Hy) holds. Then for all ¢ € C such that ¢(0) €
D(A), Eq. (2) has a unique integral solution x on [—r, +00). Moreover, x is given by

) = Tt () + fim [ o= 9BLx) £SO b5 for 120,

where By, = AAI — A~ for A > .
The phase space Cy of Eq. (2) is defined by

coz{weczw(O)eTA)}.

For each ¢ > 0, we define the linear operator 7T'(¢) on Cy by
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T(He = x;(0,¢) fort >0,

where x(0, ¢) is the solution of the following linear equation
d
Ex(t) = Ax(t) + L(x;,) fort >0,

xo=¢ € C:= C([-r,0];E).

Proposition 1 ([1]). (7'(¢));>0 is a strongly continuous semigroup of linear opera-
tors on Cy :

(i) forallt > 0, T(t) is a bounded linear operator on Cy;

(it) T(0)=I;
(iii) T(t+ s) = T@)T(s) forallt,s > 0;
(iv) forall ¢ € Cy, T(t)p is a continuous function of t > 0 with values in Cy.
Theorem 4 ([2]). Let <77 be defined on Cy by

D7) = {p € C([=r,01:X) : ¢(0) € D(A), ¢'(0) € DA) and ¢'(0) = Ap(0) + L(¢)}.
o = ¢ forp € D(o).

Then, <77 is the infinitesimal generator of the semigroup (T(t));>0 on Cy.

In order to give the variation of constants formula, we need to recall some notations
and results which are taken from [2].
Let (Xo) be the space defined by

(Xo) = {Xoc e eX},

where the function Xyc is defined by

if 8 € [-r,0),

0
) =
(oe)(®) { ¢ iff =0.

The space Cy @ (Xo) is equipped with the norm
¢ + Xoc| = [@lc +[c|]  for (¢.c) € Co x X,

is a Banach space and consider the extension <y defined on Cy ® (Xo) by

D<) = |p € C'([=r.01E) : 9(0) € D(A) and ¢'(0) € D(A)}.
drp = ¢+ Xo(Ap(0) + L(gp) — ¢'(0)).
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Lemma 2 ([2]). Assume that (H )fzolds. Then, Jzir satisfies the Hille-Yoshida
condition on Cy @ (Xy): there exist M > 0 and & € R such that

- ~ M
(0, 400) C p(efr) and |(AM — ofp)™"| < m forneN and A > &.

Moreover, the part ofe;zf} on D(A7) = Cy is exactly the operator <y.

Theorem 5 ([2]). Assume that (Hy) holds. Then for all ¢ € Cy, the solution x of
Eq. (2) is given by the following variation of constants formula

x=T@) ¢ + A_111_1:00 /: T(t — 5)By(Xof (s)) ds  for 1> 0,

where By = A (A — <)~ for A > @.

In the following, we assume that (H;) The operator Tj(¢) is compact on D(A) for
every t > 0.

Theorem 6 ([2]). Assume that (Hy) and (Hy) hold, then T(t) is compact for t > r.

As a consequence from the compactness property of the operator 7'(¢), we have
that the spectrum o (.277) is the point spectrum

o(afr) = {1 € C:kerA(A) # {0}}
where the linear operator A(A) : D(A) — E is given by
AN) = Al — A — L(e*])
and ¢*I : E — C is defined by

(¢*x)(0) = *x for x € E and 6 € [-r,0].

4 Weighted Pseudo Almost Periodic Solution

In this section we study the existence and uniqueness of a weighted pseudo almost
periodic solution to Eq. (1).

Definition 9 ([16]). We say that the semigroup (7'(¢))>o is hyperbolic if o (e7) N
iR =@.

Theorem 7 ([14]). Assume that (Hy) and (Hy) hold. If the semigroup (T(t));>o is
hyperbolic, then the space Cy is decomposed as the direct sum of the stable and
unstable subspaces

Co=SaU
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and there exist positive constants K and c such that

ITM¢ll = Ke™"|lgll for t=0and ¢ €5,

ITMel < Ke“llgll for t <0and ¢ € U.

Theorem 8 ([14]). Assume that (Hy) and (H1) hold and the semigroup (T (t))i>o is
hyperbolic. If f is bounded on R, then Eq. (1) has a unique bounded solution on R
which is given by the following formula

t

x = lim T*(t—7)IT° (B, Xof (7)) dt+ lim / ’ T"(t—7)IT*(B,Xof (7)) dt
) =10 J oo

n—>+oo J_

where I1° and IT" are the projections of C onto the stable and unstable subspaces,
respectively.

We give the main result of this work, which shows the existence and uniqueness
of p-pseudo almost periodic solution if the input function f is p-pseudo almost
periodic.

Theorem 9. Fix p € Ueo. Assume that (Hy) and (Hy) hold and the semigroup
(T(%))i>0 is hyperbolic. Iffis p-pseudo almost periodic int € R and p is decreasing
with

R
P(c) := sup (/_R e~ p(1) dt) < 00, 3)

R>0

then, Eq. (1) has one and only one bounded solution which is also p-pseudo almost
periodic.

Proof. Eq. (1) has one and only one bounded solution on R which is given by

t

x = lim T5(t — 7) IT*(B,Xof (1)) dt

n—>+o00 J_ g

t

+ lim T"(t — ) IT"(B,Xof (v)) dt

n—=>+00 J |

We will show that both functions

t

lim T%(t — ©) IT*(B,Xof (v)) dr and

n—>+00 J_ g

t

lim T"(t — 7) [T*(B,Xof (7)) dt

n—-+00 +o0

are weighted pseudo almost periodic.
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Since f is p-pseudo almost periodic then, f = g + ¢ where g is almost periodic
and ¢ € PAPy(E, p).
Recall that ¢ € PAP, (E, p) if and only if

. 1 R
¢ € BC(R,E) and RILII;O m®.p) /_R llp@®)| p(t)dt = 0.
lim I T5(t — v) IT*(B,Xof (7)) dt

n—=>+00 J_~q

t

= lim T5(t — 7) IT*(B,Xog(1)) dt
(o 9]

n—>+oo J_

t

+ lim T*(t — 7) IT°(B,Xo¢ (7)) dt
lim I T"(t — 1) IT"(B,Xof (v)) dt

n—-+00 400

t

= lim T"(t — v) IT"(B,Xog (7)) dt

n—>+00 +o00

t

+ lim T"(t — 7) [T"(B,Xo$ (7)) dt

n—>-+00 +o0

We will show that both

t t

lim T°(t—1) IT°(B,Xog(t)) dr and  lim T"(t—1) IT*(B,Xog(7)) dt

li
n—>+oo J_ n—=>+00 J 0

are almost periodic.
Let y = (y») be a real sequence. By almost periodicity of g, there exists a
subsequence of y,, noted by y;n and a continuous function A(f) such that h(r) =

lim g(z + v, ) uniformly in R.
m—>00
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So,
! ~ ’
lim [ lim f T5(t — 0)IT° (B Xog(t + ym))dt]
m—>co Ln—o00 J_
t
= lim T5(t — 7)IT*(B, X, lim g(z + y;n))dr
n—o00 J_ o m—>00
t
= lim T%(t — ©) IT*(B,Xoh(7)) dt
n—>+o00 J_
uniformly in R.
Similarly,
! ~ ’
lim [ lim f T(t — 1) [T" (B, Xog(t + ym))dt]
m—>00 L n—>00 +o00
t
= lim T'(t — 7)[1"(B,Xo lim g(r + y:n))dt
n—o0 +OO m—00
t
= lim T"(t — ©) 1" (B, Xoh(7))dt
n—>+00 J 5o
uniformly in R.
Thus,
t - t -
lim T°(t—1)I1°(B,Xog(r)) dt and lim T'(t—1)I[1"(B,Xog(7)) dt
n—>+oo J_ o n—=>T00 Jiso

are almost periodic.
It remains to show that

t

1 R
lim /
R—o0 m(R7 10) —R

n—>+o00 J_

and

n——+00

1 R
;
r=00 m(R. p) /_R

Let us put

+o0

1) = lim_ /_ _T= 0 BiXop (1) de

t

J() = lim T"(t — 1) IT"(B,Xo¢ (7)) dt

n—>+00 +o00

lim T (t — 1) IT° (B, X0 (1)) dt Hp(t) di = 0

lim / P — )T (B Xod (0)) der(r) di =0
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Using the relation (3) and (2) there exists a positive constants K and M such that

. 1 R
Jim /_ ol ()t

. KM
< lim
R—00 m(R, p)

_1; [/_;o e g () dT]p(t) dt

T KM R ! —c(t—7)
= Jim [ D (o de () de

KM k R
: c(t—1)
+R11m ®R.p) ) [[ e o)l dr]p(t) dt

=1i(p) + L(p)

By using the Fubini’s theorem, one has

L) = 1 KM
= 1m
1P = k5% m(R. p)

:RLoom(R p)/ loz )”/ e () ] e

Since p is a decreasing function then we have

m’fRﬂi [ 1N o[ (1 )] e

1 X
Furthermore —R < ¢t < R and ¢ > 0 then — (1 — e_‘(R_I)> is bounded uniformly
c

_R [ /_ ’R <=0 |4(0)] df] o(6) dt

Li(p) < lim
R—o0

in 7.

R—)OO

KM (R
1) = Jim — s [ oo pto) e = 0

By (3) we have

KM R —R
n) = Jim 2| /_ @ de ot de

: KM R —ct _R CT
= Jim [ /_ eI dept de

KM R —R
= lim e~ p(1) dt[ /
R—o00 m(Rv p) —R

e lp(@)]] d

o
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KM K
= lim ———— ~ p(t) dt
Al R ) ok S le @l [Re p(1)

By the similar argument we show that

1
lim
R—oc0 m(R, p)

R
/ WO () de.
—R

This completes the proof of the theorem.

S Nonlinear Partial Functional Differential Equation
In this section, we consider the nonlinear partial differential equation
d
= x(t) = Ax(t) + L(x;) + h(t,x(t —r)) fort e R. 4)

(Hz) h: RxE — E is continuous and Lipschitzian with respect to the second
argument: y
there exists K > 0 such that

lA(t,x) — h(t,y)| <K |x—y|| forall x, yeF and r€R.

Theorem 10 ([10]). Assume that (Hy), (Hy), and (H3) hold. Then, ifu € PAP(E, p),
then h(-,u(- —r)) € PAP(E, p).

Theorem 11. Assume that (Hy), (Hy), and (H3) hold, the semigroup (T(f));>0 is
hyperbolic and p is decreasing with

R
P(c) := sup (/ e TR p(p) dt) < 00.
R>0 NJ-R

Then, (4) has one and only one bounded solution which is also p-pseudo almost
periodic whenever K is small enough.

Proof. Letv € PAP(E, p) consider the following equation

dit u(t) = Au(t) + L(u,) + h(t,v(t—r)) forteR. (5)
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By theorem 10, PAP(E, p) is translation invariant we have that
h(t,v(t—r)) € PAP(E, p).

Then Eq. (5) has one and only one solution u in PAP(E, p) which is given by
t

u, = lim T5(t — ©)IT° (B, Xoh(t, v(t — r))dt

n—>4+00o —00

4+ lim t T"(t — ©)IT*(B,Xoh(z, v(x — r)))dt

n——+00 400

Let the operator .77 be defined by

S PAP(E, p) — PAP(E, p)
vi— (V) =u

Due to the hyperbolicity, we can see that for some positive constant N
17/ (v) = A (W)l < NK [[v —w]|

If NK < 1, then . has a unique fixed point which is the unique p-pseudo almost
periodic solution of Eq. (4).

6 Example

To illustrate the result in Theorem 9, we consider the following partial functional
differential equation with diffusion which describes the evolution of a single
diffusive animal species with population density v. For more details about this
model, we refer to [17].

P 32 0
% y(t, x) = 2 y(t,x) + / q(0) y(t+ 0,x) dO + z(t,x) forte Randx € [0, 7],
X r

y(t,0) = y(t,7) =0 fort € R,
(6)

where g : [-r,0] — R is continuous, z : R x [0, 7] — R is continuous and
defined by

z(t,x) = ¥ () nx), n:[0,7] — R is a continuous function,
where ¥ (f) = sin t+sin v/27+¢*  foreach 1€ R and o > 0.

Let E = C ([0, 7]; R) be the space of continuous functions from [0, 7] to R
equipped with the uniform norm topology.
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Define the operator A : D(A) C E — E by

D(A) = {v & C3([0. 7L R) : %(0) = y() = 0},

z

Ay =Hy".
1
Lemma 3 ([14]). (0, +o0) C p(A) and |(Al—A)7!| < 1 for A > 0.

Moreover, D(A) = {y € E:y0) = yx) = 0}. Consequently, the condition
(Hy) is satisfied.

In order to rewrite Eq. (6) in the abstract form (1), we introduce the operator
L : C — E defined by

0

L(p)(x) = / q(0) ¢(0)(x) d6 forx € [0, 7] and ¢ € C,

—r

and the function f : R — E defined by
f@O &) =z(t,x) =) nx) forreRand x €0, x].

Then, L is a bounded linear operator from C to E and from continuity of ¢ we get
that f is a continuous function from R to E.

Then, the equation (6) takes the abstract form (1).

Let Ay be the part of A in D(A). Then, A is given by

D(Ao) = {y € C(0.x]: ) : y(0) = y(m) =) (0) =)/'(x) = 0},

Agy = Ay fory € D(Ap).

Ay generates a strongly continuous compact semigroup (7o(#))>o0 on D(A).
In order to study the existence and uniqueness of a bounded solution of Eq. (1),
we suppose that

0
(Hs) lg(8) df < 1.

Proposition 2. Assume that (Hz) holds. Then, the semigroup (T(t));>0 is expo-
nentially stable: there exist constants M > 1 and o > 0 such that |T(t)|| <
M e forall t>0.

Proof. Let A € o(a/), then there exists x € D(A)), x # 0 such that A(L) x = 0,
which implies that

Ax — Ax — (/0 q(8) e’ dQ)x =0,

-r
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and
0
A— [ q(0) ¢’ df € o, (A),

where o, (A) is the point spectrum o, (A) of A and is
oy (A) = {—nZ:nGN*}.
Consequently, A € o(27) if and only if

0
A— q(0) " d6 = —n*> for somen > 1. @)

-r

Taking the real part in formula (7), we obtain that
0
Re()) = / q(0) &5 cos(ImA 0) dd —n*>  for n > 1.

Assume that Re(A) > 0, then

0
Re(A) < | 1q(8)]d6 —1 < 0.

This gives a contradiction. Consequently, o (<) C {A € C : Re (1) < 0}, which
implies that the semigroup (7'(7)).>0 is exponentially stable.

Set

1 if t<0,
p(t) =
e P if r>0 and B > 0.

Then, lim m(R, p) = 400 and hence p € Uq.
R—+o00

Proposition 3. Assume that 0 < o < fB. Then, Eq. (6) has a unique bounded and
weighted pseudo almost periodic solution.
Proof. If o < B, the condition (3) is satisfied as
1 R
P(w) := sup (—R[ e “p(1) dt) < 00.
rR>0 \e”t J_p
It is easy to check that 1 doesn’t belong to PAP(R) since

1 R
lim —[ e dt = oo.
R—o0 2R —R
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and ¥ € PAP(R, p) with sin t + sin(+/2 £) as its almost periodic component and e
as its weighted ergodic component which verify

1

R
li _— ot 1) dt = 0.
5 (R p) /_Re Pl

By Theorem 9, we deduce that Eq. (6) has a unique bounded and weighted pseudo
almost periodic solution.
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Using B-splines functions and EM algorithm
for Hidden Markov Model-based Unsupervised
Image Segmentation

Atizez Hadrich, Mourad Zribi, and Afif Masmoudi

Abstract Hidden Markov models have been used in image processing, especially
in image segmentation. In this paper, we propose a new approach for the unsu-
pervised image segmentation, based on hidden Markov models and B-splines
functions. The estimation of the new parameters for the hidden Markov model by
using B-splines functions is performed from the expectation maximization (EM)
algorithm. Then, we introduce a new algorithm (EMMB) based on EM Markov
B-spline. Experimental results on synthetic and color images show that the new
approach can provide a more homogeneous segmentation than the classical one.

Keywords Hidden Markov models * Unsupervised image segmentation * EM
algorithm ¢ Color image * B-splines function

1 Introduction

Hidden Markov random field (HMRF) models revealed themselves as a powerful
tool for image segmentation [9]. They are very applied in accounting for spatial
dependencies between the different pixels of an image but these spatial dependen-
cies are also responsible for a typically large amount of computation. In practice,
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Markov model-based segmentation requires the estimation of the model parameters.
A common approach consists of alternatively restoring the unknown segmentation
based on a maximum a posteriori (MAP) rule and then estimating the model
parameters using the observations and the restored data. In our work, we introduce
a new hidden Markov model by using B-splines functions. In order to estimate
the model parameters, we apply the EM algorithm called EM Markov B-spline
algorithm (EMMB). This procedure is widely used in the context of incomplete data
and in particular to estimate independent mixture models due to its simplicity. In this
paper, we propose a generalization of the mean field principle of statistical physics to
make the EM algorithm tractable. More specifically, we consider approximations of
Markov models, with complex dependencies, by systems of independent variables.
These approximations are obtained by fixing the neighborhood of each pixel
to arbitrary constants. They lead to valid probability models, with factorization
properties, much simpler to deal with. We then use these approximations to carry
out the EM algorithm and derive a class of algorithms. They can be interpreted
as the EM algorithm for independent mixture models with the difference that the
mixture model adaptatively changes at each iteration depending on the current
choice for the pixels’ neighbors labels. It follows algorithms that have the advantage
to take the spatial information into account while keeping each iteration as simple
as in the independent mixture case. The paper is organized as follows. Section II
specifies the context of nonparametric density estimation methods and B-splines
functions. Hidden Markov models for image segmentation in Section III. Parameters
estimation using the EMMB algorithm in Section IV. Performance comparison in
section V and the conclusion in section VI.

2 Nonparametric density estimation methods
and B-splines functions.

In the mathematical subfield of numerical analysis, a B-splines [1-4, 11] is a spline
function that has a minimum support with respect to a given degree, smoothness,
and domain partition. It’s well known that every spline density function can be
represented as a finite linear combination of B-splines. The term B-splines stands for
basis splines according to Isaac Jacob Schoenberg [3]. A B-splines nonparametric
density estimator with uniformly spaced knots convenient for large data sets was
discussed by Gehringer and Redner [6].

Curry and Schoenberg (1966) [3] have proved that every spline function S of
degreed (d = 1,2,...) with m knots (m = 1,2, ...) has a unique expansion

+d
m b]

Se =)+

—IB;f(y), fora <y <b and by = /B;’(y)dy, (1)
=1
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where a, b € R, and b;’s are unknown parameters which need to be estimated.
m+d

Note that, b; > 0, and Z b; = 1 is a special requirement when using B-splines to

I=1
estimate probability density functions. For general splines, this special requirement
is not true. The case d = 1 corresponds to a piecewise approximation which is
attractively simple but produces a visible roughness, unless the knots are close to
each other.
The B-splines of d degree are defined recursively by
y—n — Yitd+1 =) —

Bi(y) = ———B{"'()) + —————B{{]() 2

Yitd = Vi Yitd+1 = Yi+1

where

L ify € [y,yi+1)
B'(y) =
') 0, elsewhere.

In more technical terms, a spline function S of degree d with m knots, a = y; <
V2 < ... < Yut2 = bis (d — 1) continuous derivative function such that § €
P?, (P? is the class of polynomials of a maximum degree d in each of intervals

(@.y2). (v2.33). - - - Om+1. D).

In our work, we use the second order B-splines functions (Blz) I=1..m+2 defined by

(v —y)?
, Y € i yit1)
Or+1 = y) Or+2 — 1)
1 O=y)0+2—y) n
Yi+2 — Yi+1 Yi+2 — V1
B>(y) = { O—=yD)Oi4+3 =)
) 1, Y € Vit1,Yi42)
YH-S(y_ Yi+1 )
+3—Y
, Y € V42, Yi+3)
Vi3 = Y+ 1) Qi3 — yi42)
0, elsewhere

where [ is integer as usual. We notice that 0 < BIZ(y) < 1 is always verified.

Non-zero parts of three B? = (Blz),=1,__m+2 splines are plotted in Fig. 1. The
support of each spline covers three intervals. It is a quadratic polynomial on each
support interval. Note that the peak value of B?(y) is less than 1. If all the B? splines
could be plotted, in any interval, there would be contributions from three splines.
But we only see this in [y 41, yi+2] in Fig. 1. It’s interesting to notice that these three
contributions sum to unity.

Let Y1,Y,,...,Y, be n random variables with an unknown common pdf f. By
using the second order B-splines, we can approximate f by the following ‘mixture’
of B-splines:
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Fig. 1 Non-zero parts of B-splines of degree 2. Note that the peak values are less than 1.

m+2

fO.b) = biB}, )
=1

m—+2 Bz (y)
withb; > 0, by =1, B}, (y) = ——— and b = / B2(y)dy.

=1 hy

Although the mixture model is widely used [14], it is not considered to be a

complete model in practice because it only describes the data statistically and no
spatial information about the data is utilized. Under certain intensity distributions,
we want the model to be “adaptive” to structural information or spatially dependent
in order to fit the actual image better. This leads to the consideration of Hidden
Markov model (HMM).

3 Hidden Markov model

The spatial property can be modeled through different aspects, amongst which
the contextual constraint is a general and powerful one. HMM theory provides a
convenient and consistent way to model context-dependent entities such as image
pixels and correlated features.

LetK={1,2,...,K},D={1,2,...,D}.
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Let S = {1,2,...,N} be the set of indexes and R = {r;,i € S} denotes any
family of random variables indexed by S, in which each random variable R; takes
a value r; in its state space. Such a family r is called a random field. The joint
event (R; = ri,...,Ry = ry) is simplified to R = r where r = {ry,...,ry} is a
configuration of R, corresponding to a realization of this random field. Let X and Y
be two such random fields whose state spaces are K and D, respectively, so that for
Vi € S we have X; € K and Y; € D. Let x denote a configuration of X and 2" be the
set of all possible configurations so that

X ={x=x1,....,xy) | x; € K,i e S}.

The state of 2 is unobservable.
Similarly, let y be a configuration of ¥ and % be the set of all possible
configurations so that

Y ={y=01....on) | yieD,i €S}

Letb = {bk/k € K} and let by = (bl,k, ce bm+2,k), k e K.
Given X; = k, Y; follows a conditional probability distribution

m—+2

pOi L k) =fizba) =Y biubBl, (). Yk €Ki I=1,....m+2 3)
=1

where b  is the set of parameters. For all /, the function family f(.; b ;) has the
same known analytic form. We also have that

pix|y) o< p(|x)p(x)
o p@) [ [ i | x) @)

i€S

In an HMM, the sites in S are related to one another via a neighborhood system,
which is defined as N = {N;, i € S}, where N; is the set of sites neighboring i, i ¢ N;
andi € N; <= j € N;. Arandom field X is said to be an HMM on S with respect to
a neighborhood system N if and only if

px)>0,Vxe 2
p(xi | xspiy) = p(xi | xn,).
Note that the neighborhood system can be multidimensional. According to the

Hammersley-Clifford theorem [8], an HMM can equivalently be characterized by
a Gibbs distribution. Thus

p(x) = Z" exp(~U(x)) ®)
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where Z is a normalizing constant called the partition function, and U(x) is an energy
function of the form

U =) Vel (6)

ceC

which is a sum of clique potentials V,.(x) over all possible cliques C. A clique is
defined as a subset of sites in § in which all the pairs of distinct sites are neighbors,
except the single-site cliques. The value of V. (x) depends on the local configuration
of clique c. For more details on HMM and Gibbs distribution, see [13].

4 Parameters estimation using the EMMB algorithm

For any x € 2, the realizations yy, . . ., yy are conditionally independent:
PO 1x) =] ]p0i | ). (7
ies

The image classification problem we consider involves assigning to each pixel a
class label taking a value from the set K. Each pixel is characterized by an intensity
value y; from the set D. A labeling of S is denoted by x, where x;, i € S is the
corresponding class label of pixel i. We write x* for the true but unknown labeling
configuration and X for an estimate of x*, both of which are interpreted as particular
realizations of a random field X, which is an HMM with a specified distribution
p(x). The observable image itself is denoted by y. The problem of classification is
the problem of recovering x*, given the observed image y.

We seek a labeling x of an image, which is an estimate of the true labeling x*,
according to the MAP criterion

x= arg maxip(y [ )p(x);. ®)

From (8), we need to compute the prior probability of the class and the likelihood
probability of the observation. Since x is considered as a realization of an HMM, its
prior probability can be derived from

p(x) = Z " exp(=U(x)) €))

It is also assumed that the pixel intensity y; follows a B-spline distribution with
parameters by ,, given the class label x;

m—+2

i | x) = Z bix, Bl (1) (10)

=1
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Based on the conditional independence assumption of y and according to (7), the
likelihood function is given by

PO 12 =T ]p0ilx)
ies
m—+2
=[O brB, 61
ies =1
which can be written as
P x) =Z"exp(~U(y | x)) = Z " exp(= ) _ Ulyi | x)) (11)
icS
m—+2
where U(y; | x;)) = — log(z bl,xith, (i) and
=1
Uy |x) =) UGilx)
ies
met2 (12)
== 10g(>_ biyBiy, (1)
ies =1

and the constant normalization term Z = 1. It is easy to show that

logp(x | y) x =U(x | y), (13)

where
Ux|y)=U(|x)+ Ul(x) + const (14)

is the posterior energy. The MAP estimation is equivalent to minimizing the
posterior energy function

I =arg min{U(y | x) + U)} 15)

The strategy underlying the EM algorithm [5, 7] consists of the following:
estimate the missing part as X, given the current b estimate and then use it to form
the complete data set {x, y}; new b can be estimated by maximizing the expectation
of the complete-data Log likelihood. Mathematically, the EM algorithm can be
described by the following.

Start an initial estimate 5.

The E-step calculates the conditional expectation

Q=00 |1b") =Y pP|y.b")logp(x.y | b). (16)
xeX
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where
m+2
log(p(x.y) = Z{log(z b B2, 1)) + log(p? (x)},
i€S
P01y 0™ =[] 30
i€s
and

PO | x:, 60D (x;)
(i)
m—+2

o Z(b(’ B}, )P (x)-

PO | yi, b)) =

The M-step maximizes Q(b || b”) to obtain the next estimate

pUth = arg max o || bY). (17)

Let 5/FD — p® and repeat from the E-step.

Under certain reasonable conditions, EM estimates converge locally to the
maximum likelihood estimates. We denote by p® (k | y;, b) the locally dependent
probability of x; = k and the parameters b = {b_;/k € K}.

By taking first and second derivative of Q with respect to b;; and bik we have

909 _ () L0 B}, (vi) — B, () _
=Y POk | yi. 00 ( T =0

i€S
and
9’0 — Zp(t)(k |y (t))( IZJU(V") — B%.hz(y"))z.
Bblzk = p(k,yi | b)
I=1,....m+ 2k e K.
Let
BQ 920
= F;(b) and — = F|(b);
3bzk 1(b) an: ab[,k 1(b)

I=1,....m+2keK
In order to solve F;(b) = 0, we use the Newton Raphson method or the steepest
descent method

Fjo™) G —b0) = —F(b");
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a b

Fig. 2 Image simulation by the Standard EM model and the EMMB model with 3-class case and
4-connected using Potts model.

Hence, we obtain

B}, (vi) — B, (00)

(1) )
PV (k| yi,b")( )
Z p(k,yi | b)
b(H‘l) _ b(t) i€es 18
e = Pt B (v) — B2 (v, (18)
30k, 0y P =)
p(k,yi | b)

ics
fori=1,.... m+2,keK.

The calculation of the conditional p® (k | y;, b)) involves the estimation of the

class labels x;, which are obtained through the estimation (8).
m+2

Our algorithm converges to the estimated density f ) = Z blq;ﬁBlz, n (i) where
=1
X = (X1,...,Xy) denotes the set of class label of pixel i (see Figs. 2 and 3).

5 Performance comparison

The EMMB algorithm presented in Section V not only provides an effective method
for parameters estimation, but also it gives a complete framework for unsupervised
classification using iterative updating.

Without prior information, histogram analysis is widely used out initial estima-
tion using a discriminant measure based thresholding method proposed by [12].
The basic idea is to find thresholds maximizing the interclass variances. According
to theories of discriminant analysis, such thresholds are optimal solutions. Once
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Fig. 3 Image simulation by the Standard EM model and the EMMB model with 3-class case and
8-connected using Potts model.

the optimal thresholds have been determined, the initial classification can also be
obtained either directly through the thresholding, or through an ML estimation with
those known parameters.

We illustrate the performance of EMMB segmentation with different examples.
First, we show a comparison between the standard EM method and our EMMB
method for segmenting and parameter estimating. Second, we calculate the Mean

1 — o
Squared Errors (MSE) which is defined by MSE = — Z(f o)p—f (yj))2 and the
n
j=1

1 ;

Kullback-Leibler divergence (KL) which is defined by KL = — E f())log %)
n ‘
j=1 j

of the estimated mixture density f from the true density f for each method.
In what follows, we consider the following clique potential function defined by
=6, if x; = x;
V.(x) = ©.0 7 where § > 0.
(x) 5, ifx # where
In Table 1, we have first computed the MSE and KL between the empirical
distribution and the estimated mixture density by using the standard EM. Second,

Tflbtle 1 thS]E a;r}d KI];to.f d MSE Image vegetable img R | img G| img B

mixture distribution obtaine

by EM and EMMB. Standard EM| 0.2981 0.3124 0.4236 0.1344
EMMB 0.0406 0.0068 0.0497 0.0232
KL Image vegetable img R | img G| img B
Standard EM| 0.329 0.125 | 0.286 | 0.147

EMMB 0.0258 0.0012 0.097 | 0.095




Using B-splines functions and EM algorithm for Hidden Markov Model-based. . . 213

Cc

Fig. 4 Image segmented with EMMB and standard EM.

we have computed the MSE and KL between the empirical distribution and the
estimated mixture density by using the EMMB algorithm. This work was done
for an image (vegetable) which will be described later. We notice that the EMMB
method gives a much lower MSE and KL for both images.

In Fig 4, we consider a real image (vegetable) which is a photograph of 512 x
512 x 3 pixels resolution and is represented by 256 color levels segmented with
EMMB model and standard EM.

6 Conclusions

In this paper, we have introduced a new nonparametric B-splines using Hidden
Markov model. Many results presented prove that the estimation of density by using
the proposed estimator is better than those of other methods.
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Iris Localization Using Mixture of Gamma
Distributions in the Segmentation Process

Fatma Mallouli, Atef Masmoudi, Afif Masmoudi, and Mohamed Abid

Abstract This paper contributes to more accurate iris segmentation. We propose a
new approach for iris image segmentation based on mixture of Gamma distributions
modeling and an extended Expectation Maximization (EM) algorithm. We apply our
approach to segment iris images from the CASIA (Chinese Academy of Sciences
Institute of Automation)-Iris-Twins testing database. The accuracy of our algorithm
is proved based on Kullback Leibler distance computation.

Keywords Iris ¢ Segmentation ¢ Mixture of Gamma distributions ¢ EM
algorithm ¢ CASIA Iris images database

1 Introduction

Biometric identification is a process based on measurable biological and behavioral
characteristic information that can be used for automated recognition. This process
is preferred on traditional methods, while its information constitutes an important
emphasis on security and cannot be stolen virtually. Iris recognition is a biometric
authentication approach that applies pattern recognition procedure based on high
resolution of iris images of a person’s eye [5]. An iris recognition system is
composed of various sub-systems: Picture taking process, segmentation of the
picture, normalization, encoding and matching processes [3]. Every one of these
steps is important to better identify subjects, but in an early step, iris segmentation
plays the important role. In other words, a well-segmented picture would be an
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excellent input to the steps that follow. In real life, images are captured at a distance
and on the move which makes iris segmentation much more difficult due to the
effects of: eye position and size variation, eyebrows, eyelashes, glasses and contact
lenses, and hair; all along with changing illumination and focusing condition.
Image segmentation is among the most important frequently addressed fundamental
problems in image analysis and pattern recognition. It is the process of division
of the image into homogenous regions. In the past decades, many segmentation
methods for analyzing various images have been studied [1, 8, 10, 13]. Statistical
modeling for analyzing various images has been reported [11]. The process of
image segmentation, particularly, iris segmentation [15], is a complex step in
irisrecognition systems. The level of complexity is well multiplied when trying to
segment non-cooperative and noisy iris images [7, 11]. The segmentation process
leads to: Localization of the iris, eye lid boundaries (lower and upper), skin region
detection, eyebrow and eye lashes detection, and pupil identification [2]. Our paper
deals with finding the region where the iris is located. In many studies [7, 11] authors
eliminate the skin regions, the eyebrows, and most of miscellaneous regions. Then,
the output is a binary image that could be a much better input to locating the iris than
the raw image. This approach is very crucial to noisy images taken on the move
or/and at a distance. After that, they apply segmentation algorithms to segment it
into three regions where one of them contains the iris [7]. Many of these algorithms
utilize probability models mainly finite mixture Gaussian distributions [6]. In the
present paper we propose to model different regions of iris image by mixture of
gamma distributions. The parameters of the proposed mixture model are estimated
by using the Expectation-Maximization algorithm through maximum likelihood.
Note that, we extend the EM algorithm by adding an update step to the M step, in
order to better estimate the parameters of our model. To confirm the efficiency and
robustness of the proposed method, we apply our gamma modeling to the CASIA
Iris images database. We compare our results to classical Gaussian approach. The
outline of this paper is as follows: In the second section, we present the mixture of
gamma model and the EM algorithm. In the third section, we apply our extended
EM algorithm to segment the iris image into three regions. Finally we discuss results
and we conclude.

2 Mixture of Gamma Distributions and EM Algorithm

2.1 Mixture of Gamma distributions

The finite mixture of gamma distributions has been used as the statistical modeling
of a continuous feature space. The feature space can be modeled as a finite mixture
of gamma distributions with a known number K of components. Let X = xj,...,xy
be a set of observable sample drawn independently according to the density mixture
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£(x) and x; denotes the observation at the i pixel of an image modeled as a mixture
of Gamma distributions. The mixture model with K components is given by:

K
f@) =" mey(c/ax, bi) (1)
k=1
K
where 7, is the mixing proportions such that 0 < m; < 1 and Z =1
k=1
by by (x) 1
,by) = TR TN
y(/a.bi) = — @’ = ()

denotes the density of Gamma distribution with shape parameter b; and with scale
parameter ai. The log likelihood function of the mixture of Gamma distributions for
a parameter 0 = (ay,...,ax; by,...,by; 7y, ..., ;) is given by:

N
L) = ) Log[ f(x)]

i=1

N K
= Z Log[z ey (Xi/ ax, bi)] 2

i=1 k=1

In this section, we will present our approach for estimating the parameters
(ar,...,ax; by, ..., by, ..., ) by using our extension of the EM algorithm.

2.2 Extended EM algorithm

The EM algorithm is a general iterative technique for computing maximum-
likelihood (ML) estimates when the observed data can be regarded as incomplete
[4]. In maximum-likelihood estimation [9, 12], the unknown parameter 6 is
estimated by maximizing the log-likelihood function which is given by equation
(2). The initial condition of the EM algorithm can be chosen using K-means method.
The EM algorithm consists of an E-step and an M-step is proposed to estimate this
problem. Suppose that #” denotes the estimation of obtained after the n”" iteration
of the algorithm. Then at the (n + 1)” iteration, the E-step computes the expected
complete data log-likelihood function:

N K

0(6,6" =y > 7 (xi) Loglmy (xi/ ax, by)] 3)

i=1 k=1
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where 7} (x;) is a posterior probability and is computed as:

" 'y (x;/ay, b}
Tk(xi) — p 124 / k k) (4)

> miy(xi/dl. by)

k=1

The M-step maximizes Q(6, 8") function with respect to 8 in order to obtain the
new parameter value "' using the following equation:

0" = arg max 00, 6m 5)
After some calculations, the estimations of ay, by, and my are, respectively, given
N N
> 1 () Log (xib}) PRAAED)
by ajt' =y [F— Lottt =5 and

N
Z T (x;) Z Xty (x:)

i=1 i=1

N

1

it = v > T (x) (©6)
i=1

where ¥, ! denotes the reciprocal function of the digamma function v/ (x) = Lf)

and I'(x) = fooo e 't*"1dt for all x > 0. Note that /LZH and S,’j'H represent,
respectively, the estimation of the mean and the standard deviation parameters in the
mixture of Gaussian distributions. The problem of using the EM algorithm in image
segmentation lies in the difficulty to estimate the number of components in mixture.
Many approaches, for example, the method used in [14] assumes that the number is
known in advance, this means that, the number of segmentation region is determined
in advance by the user. In our case the number of segmentation region is fixed
to three: iris, papillary, and spectra (K=3). The segmentation is carried out by
assigning each pixel into a proper class according to the Bayesian rule. After the
mixture identification, the Bayesian rule is applied in order to classify the pixels
according to their gray level x. Let j(x) be the label of the class of the pixel x and ay,
l;(, and 77, are the estimated mixture parameters:

Jj(x) = arg bt ey (xi/ay, by) (7
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3 Experimentations and Results

3.1 Data

CASIA Iris Image Database (CASIA-Iris) [2] has been released to the international
biometrics community and updated from CASIA-IrisV1 to CASIA-IrisV4. Great
progress of iris recognition has been achieved since 1990s. However, iris images
captured at a distance are more challenging than traditional close-up iris images.
Most current iris recognition methods have been typically evaluated on medium
sized iris image databases with a few hundreds of subjects. However, more and
more large-scale iris recognition systems are deployed in real-world applications.
Many new problems are met in classification and indexing of large-scale iris image
databases. CASIA-Iris-Twins contains iris images of pairs of twins, which were
collected using OKI’s IRISPASS-h camera [2].

We took 100 iris images of the CASIA database, in order to segment them. We
used the classical model and the Mixture of Gamma distributions for each eye
image. Figure 1 shows a sample of the results composed of the original image,
segmented image by usual approach and segmented image by our approach.

We notice from this figure that the segmented images using our approach are
better than those segmented with the classical approach. In fact, the first are more
close to the original eye images.

Based on Kullback distance, the performance of our method is evaluated using
two criteria, the first one is the evaluation of the estimation method and the second
is the evaluation of the segmentation results.

3.2 Segmentation method evaluation

As a criterion of similarity to evaluate the estimation methods, the Kullback
Leibler divergence is computed between the usual empirical distribution and the
estimated Gamma or Normal distribution for each eye image (Figure 2). The fact
that one model is better than the other can be observed by the minimal Kullback
Leibler distance or divergence. From Figure 2 we notice that for large number of
eyes, the divergence between the empirical and the Gamma distributions is lower
than the divergence between the empirical and the Normal distributions, which
implies that our method performs better than the usual normal method. On the other
hand, and in order to evaluate the segmentation process, we calculated Kullback
Leibler distance between each two estimated density regions, after that we sum
the three different distances for each segmented eye image. This sum is calculated
for the classical method and for our approach. The better is the segmentation, the
higher is the distance between the classes, and therefore, the best method gives
the larger distance value. The graphical representation of the sum of three class
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Onginal image

Segmented image

(usual approach)
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Segmented image

{our approach)

2%

Fig. 1 Original and segmented eye images by usual and our approaches

distances for every individual eye, estimated by Gamma and Normal approaches is

shown in Figure 3.

This figure shows a good performance of our algorithm in iris image processing,
since our approach gives higher sum of distances for most of the eyes tested, which
implies a better segmentation given by the adopted mixture of the Gamma model.
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Fig. 3 Graphical representation of class distances between Gamma and Gaussian approaches

4 Conclusion

Mixture of distributions has provided a mathematical based approach to the
statistical modeling of a wide variety of random phenomena. These models are
required in many applications in particular in automated recognition. In this paper,
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we considered eye image segmentation process. We apply mixture of Gamma
distributions and we extend the EM algorithm to improve the segmentation process.
Iris images from CASIA database were segmented based on two methods (usual
and our method). The efficiency of our approach is proven by comparison to the
reference method segmentation.
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Gamma stopping and drifted stable processes

Mahdi Louati, Afif Masmoudi, and Farouk Mselmi

Abstract Let ¥ = (Y(f))>0 be a Lévy process on the real line and T be a
Gamma random variable independent from Y. We proved that, for all p > 1,
Y(T) and Y(T)/TP are independent if, and only if, Y is stable with parameter 1/p.
This represents an extension of the result given by Letac and Seshadri [4] which
represents the case where T is an exponential random variable.

Keywords Cumulant function e infinitely divisible process ¢ Lévy process

1 Introduction

In probability theory, a stable process is a type of stochastic process. It includes
stochastic processes whose associated probability distributions are stable distribu-
tions. This is why, many research have been devoted to this class of stochastic
processes. References [7] and [5] studied this class by characterizing it by its
Fourier transform and Laplace transform. Combining this class with the class of
Lévy processes which represent a very important class of stochastic processes,
we get many important results by using the formula of Lévy-Khinchine. A major
emphasis was put on Lévy processes in many applied fields such as the theory of
financial mathematics. Hence, several papers and books have been devoted to these
processes in the past few years. Some of these works have dealt with the relationship
between Lévy processes and infinitely divisible distributions (see [6] and [1]). First,
we consider a Lévy process Y = (Y (7)),>o defined on a probability space (£2, %, P)
with a value on the real line. Let u; be the distribution of Y(f) and let k(s) be the
cumulant function of w1, i.e.,

k(s) = logE (e"")
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defined on @ = int{s € R;E (e’'V) < 400} # 0. So, the cumulant function of
U s k;(s) = tk(s). An interesting paper of [4] has characterized a Lévy process
Y = (Y(¥)):>0 by using a mixture of ¥ and an exponential standard random variable
T independent from Y in order to get the cumulant function and the stability of Y ().

The idea of this work is based on the results given by [4] in order to extend these
results by replacing the exponential distribution by a Gamma distribution and find a
new characterization and find the stability of the class of Lévy processes on the real
line.

The remaining part of this paper is structured as follows. After recalling some
preliminary results in section 2, we establish our main results in section 3. In
section 4, we give a conclusion.

To make clear the results of this paper, we need to introduce some notations that
will be used in this paper.

2 Preliminary
2.1 Natural exponential family

To make clear our introduction, we need to introduce some basic notations. As a
reference of these notations, we have [3]. Let i be a positive random measure on
the real line, we denote by

L,(s) = / exp(sx)u(dx) < oo
R
its Laplace transform and
O(n) = int{s € R; L,(s) < oo}.

Let u be a probability measure such that @(u) # @. We define the cumulant
function of the measure u by

k. (s) =1n (L,L(s)) .
The set
A(p) = {A > 0; 3 uy such that k,, (s) = Ak, (s), Vs € O(u)}
is called the Jgrgensen set of u and the measure ) is its A— power of convolution.

The set A(u) is equal to ]0, +oo[ if and only if p is infinitely divisible (see [7],
p. 155). For p a positive measure on the real line, the probability set
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F = F(u) = {P(s, ) (dx) = " p(dx):s € O(n)}

is called the natural exponential family (NEF) generated by .

2.2 Lévy process

Let (Y(7))>0 be a Lévy process on the real line. An important result which
characterizes Lévy processes is the Lévy-Khinchine formula expressed by the
cumulant function, for all s < 0,

1
ky(s) =t |:—02s2 + bs + / (™ -1+ sr(x))v(dx)j| ,
2 R\{0}

where b, 0 € R, the measure v satisfies the condition f]R\{O} min(1, ¥?)v(dx) < oo

and 7 is a some fixed bounded continuous function such that lim,_¢ T(f()z_" < 00

and nonzero. The measure v is called Lévy measure. If v(]0, +00[) = 0, then we
said that v is spectrally negative Lévy measure and it is said spectrally positive, if
V(] — 00, 0[) = 0. If v is bounded, the semigroup (1;);>0 is said to be of type 0. If v
is unbounded but such that fR\{O} min(1, |x|)v(dx) < +o0, the semigroup (i/),>0 is
said to be of type 1. It is said to be of type 2 if fR\ o min(1, |x|)v(dx) diverges. The
function t is not useful for types O or 1 and we can write in this case

Ky (s) =t|:%02s2+bs+[ (e”‘—l)v(dx)]. (1)
R

\{0}

2.3 Stable process

Let @ €]0, 2], a random variable X on R is «-stable in the broad sense if for each
n > 2, there exist f,, € R and n random variables X1, X5, ..., X, i.i.d such that

Xi +X + ...+ X, =n"?X +f,. )

Furthermore X is strictly stable if (2) holds with f;, = 0 for all n > 2.
Let p > 1. If a random variable X is I—g—stable on the real line, then its Laplace
transform is given as follows, for all s <0

1/p

Ly(s) = e
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Using a result given by [2], we get that there exist z, 8 > 0 such that a stable process

(X(?)):>0 has the following Laplace transform, for all s < [l%

Ly (s) = 170",

3 Main Results

In this section, we study a generalization of [4] on the real line of a Lévy process
Y = (Y())=0 on R. For this reason, we denote by p, the distribution of Y ().
Without loss of generality, we suppose that 0 € ®(u;) and p; is non-Dirac
distribution. Then, we get these following theorems.

Theorem 3.1. Let Y = (Y())>0 be a non-negative, non-Dirac real Lévy process.
Let T be a random variable with Gamma y(n, b) distribution independent from Y.
Assume that forp > 1, Y(T)/TP and Y(T) are independent. Then

i) P(Y(t) = 0) = 0.

ii) Forall s < %

]E(esY(z)) = exp (l% (1—-(1- ﬂs)UP)) , 3)

" 1 nl(n) E( 7 )
re — = .
B T T+ p) \Y(T)
iii) Forall s < %
E@" ") = (1—ps) 7. “

iv) Foralla> 0

]E(( Ll )) _ T/p)T (pa+ n)b™

Y1) Fn/p + T p" ©)

Proof. i) Since Y is a Lévy process, then as a consequence we get for all s < 0,

+o00
L = [ iy = e,
0

For all ¢t > 0, denote p, = P(Y(¢) = 0), then

+o0
pi=tim | e (dy) = i (0) = pi.

§—>—00
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Assume that p, > 0, for # > 0, then
qg=PXY(T)=0)

_ /0 e eF_(h t)"bnl P(Y () = 0)dt

+o00 _171‘”_1
:/ et pdt
o I'(md

/-+oo e—i(l—blnpl)tn—l tdt (1 b1 )—n 0
= _— = —_ n >
0 rwe " "

Since Y(T)/T" and Y(T) are independent, hence
q=P¥(T)=0:Y(T)/T" = 0) =P (¥(T) = 0)* = ¢".
Hence ¢ = 1, this contradicts that Y is non-Dirac. Then for all + > 0,

P(Y(r) =0) = 0.
ii) There exists A > 0 such that

= (51) = = (v 1) =+

E (TP(Y(T)) — AY(T).

This implies that

Using this, then we have

+o00 e htn 1 +o00 e b[" 1
| = [ S ©)

Then, for s < 0, we multiply both sides of (1) by ¢ and integrate with respect
toy, we get

/-i-oo /+oo , pe—itn—l (d )d N 400 400 , tn 1 (d )d
eVt w(dy)dt = / / — - Miay)dt.
o Jo rmp ™ o Jo F( I

Using the property of infinite divisibility of ¥, we get

+ —4 ptn—1 + —5 m—1
/ ooe’kul(s) ¢ btp—dt = /\i [ Ooetkm(s) err dr].
0 I (n)b" as \ Jo ' (n)b"
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Thus

+00 ,—f (1=bkyy (5)) p+n—1 9 +00 = (1=bkyy (5)) =1
/ =22 / T 4.
0 I (n)b" as \ Jo ' (n)b"

It follows that

T (n+ d .
(1= ) (1= 0D 7).
This implies that
1 b’I'(n+p)
(1= bl ()10, () = ==

Then we get
1
k() = 3 (1= (1= Bs)'"),

1 nl (n) i
where — = E .
B pb’I’'(n+p) \Y(T)
iii) Using the result (3), we have

+o0 e_I% 1

=) = | Fap )

0

+oo ,—f m—1
:[ e btn eé(l_(l_ﬂs)l/p)dt
o I'(mb

+o00 tn—l , Y
:/ _e—g(l—ﬁs) " dt

= (1= Bs)™".

Then the distribution of Y(7T') is Gamma y(n/p, §).
iv) Since Y(T)/T? and Y(T) are independent, then

(7)) ~=(5) £ ~ 2
) ) \x(*JEXDY  EXT))
Using the fact that T ~ y(n, b) and Y(T) ~ y(n/p, B), then we get

E(( ” )) _ _E@) _ Fe/p)I(pa+nb"
vn) ) TEXTS T T+ almp
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Theorem 3.2. Let Y = (Y(t))>0 be a non-negative, non-Dirac real Lévy process.
Let T be a random variable with Gamma y(n, b) distribution independent from Y.

Then for p > 1, Y(T)/TP and Y(T) are independent if, and only if, Y is stable and

has the following Laplace transform, for all s < %

Ly (s) = eb1=0=A0'""),

Proof. Assume that Y is stable and has the following Laplace transform, for

ﬂsf%

Lyy(s) = e (1=(1=ps)'/7)

As a consequence, we get (4) and (5). On the other hand,

T \¢ +00 400 ypa —ltn—l
E((_) em) =[ / e (dy)di
Y(T) 0 o ¥ bI'(n

1 +o00
T(@) Jo

v a 1 +o0o —+o0 e—itpa-‘rn—l +oo
E((i) esm)) - / [ 1€ / S 1 (dy) | drdv
Y(T) I'(a) Jo 0 b I (n) 0

1 +oo pH4oo . e—i(l—hk#l (s—v)) gpatn—1
_ a— did
I'(a) /0 /0 v b (n) 0

1 “+o0 | “+o0 e*i(l*bkm (sfv))tpa-i-n—l
= a= dt|d
@ V) BT (n) ’

— F(pa—l—n) Hoo a—1 _ _ —pa—npa
= T@rm Jo v (1 = bk, (s — )P dv

Using the fact that y™¢ = e v dv, then we get

na +oo
— Llpat mb™ vl = (s — v) " rdv.
0

') (n)
Assume that u = l_iﬁsv, thus
™7 \“ I (pa + n)b™ 1 +oo el
E - sY(T)) — _ _d
((Y(T)) ¢ r'@r'( _ﬂs)”ﬁ”/() (1 + )™t u
_ Lw/pCpatmb™ =, s
= Ta+nprmp P

({5 e

This implies that Y(7)/T? and Y(T) are independent.
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Remark 3.1. Using the Lévy-Khinchine formula given in (1) with 0 =b =0
and spectrally positive Lévy measure v, we get that the Laplace transform

Ly(y(s) = es1=01=F 9'") has the following Lévy measure of type 1:

@=Lt T o
v(dx) = ——¢ F———— x)dx.
A F(l—}?) 10.400]
Consider now a Lévy process X = (X;),>0 governed by a convolution semigroup
(11)r=0 Which is spectrally negative, let us fix a level xo > 0 and consider the hitting
time

Y(xo) = inf{r > 0; X(¢) = xo}

with the convention that Y(x)) = +oo if this set of ¢ is empty. Because X is
spectrally negative, this is a consequence of the general theory of Lévy processes
(see [1]) that Y(xg) < 4oo if and only if there exists # such that X(¢) > xy. This
occurs limsup,_, , ., X(#) = +o0o when almost surely.

Theorem 3.3. Let X = (X;)>0 be a spectrally negative Lévy process such that
limsup, , ., X(t) = +o00 a.s. Let xo be a realization of Gamma y(n, b) random
variable T independent from X. Define Y (xy) = inf{t > 0;X(¢) = xo}. Then there
exists p €]1,2] such that Y(T)/TP and Y(T) are independent if and only if there
exists B > 0 such that for z > 0, one has

E(eX0) = ¢h ((+0r =D

Proof. Consider the Lévy process Y = (Y (x0))x,>0. Then T and Y are independent.
From Theorem 3.1, there exists a number 8 > 0 such that, for all s < 0,

Ly (5) = e 1700,
Since X is a Lévy process, then, for all z > 0
th(l)(Z).

Lx(2) = e

Using the fact that X is spectrally negative, then we get that for suitable o2, b, v one
has the Lévy-Khinchine formula

1 0
kx1y(z) = 50212 + bz + f (e” — 1 —zr(x))v(dx).
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0
Note that ky,)(0) = b+ (x — 7(x))v(dx) € [—00, +00[. Since limsup,_, | o

X(f) = 400 a.s, then ]E(X(t%> = tk;((l)(O) > 0. Using the fact that kx)(0) = 0
and kx(1y is convex, thus kx()(z) > O, for all z > 0. For z > 0, consider the
process M, = (M.(1));»o defined by M.(1) = eXO~*hxn®_ With respect to the
natural filtration of X, we get that M, is a martingale. For fixed d > 0, consider
the regular stopping time Y; = min(Y (x), d). Hence

1 = EM.(Yy) = EM.(Yo) liyo)>ay) + E(M(Ya) Liy(x)<ay)

= ]E(er(d)—dkxu)(z)1{Y(XO)>d}) + E(euo—xokxm(Z)1{y(x0)§d}).
Since

0 < E(eX DM@y 1o gy) < 0700 s, L o 0.
This implies that

| = e E(e Y0k @)y = 70,7 (1=(1+Bkxy D'

Then, we get
1

kx)(z) = 3

((1 +bz)’ —1).

4 Conclusion

The aim of this work was to explain the importance of the role of a Gamma random
variable in terms of finding a characterization of a very important class of stochastic
processes which is the class of Lévy processes. This was achieved by mixing a Lévy
process with a Gamma random variable and using some independence conditions
between this random matrix and the Lévy process. A fundamental property which
has been used many times was the property of infinite divisibility Lévy processes
which allowed us to get these results. Hence, the main result was to give the
cumulant function of the Lévy process.

As a motivation of this work is to extend this on the multivariate case on the
cone of symmetric matrices. This work has many important results because the
natural extension of the Gamma distribution on the cone of symmetric matrices
is the Wishart distribution. Moreover, it isn’t an easy task to find a characterization
and the stability of Lévy processes on the cone of symmetric matrices.
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On the Born-Oppenheimer asymptotic
expansions

Abderrahmane Senoussaoui

Abstract We study the discrete spectrum of a general class of Born-Oppenheimer
Hamiltonians of the type:

H=—hA,+ P(x.y.Dy) onL> (R} xR?) .n,p € N*

when h tends to 0T, here P (x,y,D,) is a pseudodifferential operator on L* (R?).
In the case where the first eigenvalue A; (x) of P(x,y,Dy) on L? (R@) admits
one nondegenerate point well, we obtain WKB-type expansions for all order in
h'/2 of eigenvalues (in the interval [0, Coh], Cy > 0) and associated normalized
eigenfunctions of H, and this for all orders in K72,

1 Introduction

The Born-Oppenheimer approximation is a method introduced in [2] to analyze the
spectrum of molecules. It consists in studying the behavior of the associate Hamil-
tonian when the nuclear mass tends to infinity. This Hamiltonian can be written in
the form:

P=-WA—A+V(xy)

where x € R” represents the position of the nuclei, y € R? is the position of the
electrons, & is proportional to the inverse of the square-root of the nuclear mass, and
V (x,y) is the interaction potential.

In the last decade, many efforts have been made in order to study in the
semiclassical limit the spectrum of P (see, e.g., [4, 6-10],...). These authors
have shown that in many situations it is still possible to perform, by Grushin’s
method, semiclassical constructions related to the existence of some hidden effective
semiclassical operator.
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It has been proved, both for smooth potentials [7] and for the physically
interesting case of Coulomb interaction potentials (see, [0, 9]), the existence for the
operator P of asymptotic expansions for eigenvalues and associated eigenfunctions
of the types:

Zajh//z and ¢ VO/h Zaj .y W2,

J=0 Jj=0

where ¥ (x) is the Agmon distance between x and the potential well.

Here we plan to give a unified version of the two results in [7] and [6], which can
be applied to the general class of operators of the type H = —h?A, + P (x, Vs Dy) ,
where P (x,y, Dy) is a pseudodifferential operator on % = L* (Rﬁ) (the so-called
electronic Hamiltonian and its eigenvalues are the so-called electronic levels).

By using the h-pseudodifferential operators with operator-valued symbol and
the general Feshbach reduction scheme (see [1, 11]), the spectral study of H on
L? (Rﬁ X Rﬁ) is reduced to that of a matrix of h-pseudodifferential operators F (1)

on (L? (Rﬁ))e;m (the so-called effective Hamiltonian) with principal symbol the
diagonal matrix diag (52 + A (x))1 where m > 0 depends on the energy level

and (/\j ()c))1 <j<m
equivalence:

<j<m
are the electronic levels. In particular, we obtain the following

AeSp(H) <= L eSp(F(A))

(here Sp stands for the spectrum).

The general theory of Helffer and Sjostrand in [5] can be applied to the operator
F (1) and shows the existence of formal WKB-type expansions for eigenfunctions
of this operator. This finally gives the formal WKB-type expansions for the operator
H itself.

The argument of Martinez in [7] gives a justification to the formal WKB-
constructions by showing that, modulo an error of size & (h*°), the formal
eigenfunctions approximate correctly the true eigenfunctions of H.

The plan of this paper is the following. In the first section we introduce our
assumptions and give preliminaries. The spectral reduction of the problem is given
in the second section. The third section is devoted to state our main result and apply
the reduction theorem obtained in the section 2 to establish the proof.

2 Assumptions and preliminaries

On the pseudodifferential operator Q (x) = P (x, v, Dy) , we assume (H1), (H2), and
(H3) below.

(H1) For every x € R, Q (x) is self-adjoint and bounded from below on /73 with
x-independent domain .77.
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(H2) The spectrum of the pseudodifferential operator Q (x) has two disjoint
components for every x € R™:

Sp(Q () ={A1 (0,42 (x) ... A4n (D)} U T (x)

where Ay (x),A2(x),..., A, (x) depend continuously on x, there is a gap
between them and the rest of Sp (Q (x)) more precisely:

3§ >0, infl" (x) > max{A; (x),A2 (x),..., A, (X))} + 5, Vx e R"
and remain uniformly separated outside some compact subset of R":

ac > o, inf A () — Ak (@) = C, C>0.
J

[x[>C

H3) Q& € CP[R" . Z(s4,564))., Q(x) depends smoothly on x and is
uniformly bounded together with all its derivatives as an operator from J#] to 4.

Example 1. * The operator Q (x) = —5;—22 + (1 +x2)2]y2, x € R,I € R satisfies
the assumptions (H1) to (H3) with domain

A =H (Ry) N{p €L’ (R)): Y9 € L’ (R,) }.
L@ =@+D(1+2):j=1,...,mand

r(x)z{(2j+1)(1+x2)’;jzm+1}.

* A second example is given in [9, 10] for the differential operator Q(x) =
U (x) (—A'v + V(x, y)) U~ (x) where U (x) is a diffeomorphism regularizing the
physical case of the Coulomb interaction potential V (x, y).

We denote by S™ (RZ”, Z (A, B)) the space of operator-valued symbols of order
m € R:

{a :R¥ > Z(A,B) € C°°; V (a, B) € R,

wfae)|, =0<E>"

1/2
with < § >= (1 + |§|2> and .Z (A, B) the space of bounded linear operators

from the Hilbert space A to the Hilbert space B.

For ¢ € .% (R",A) (the Schwartz space), x € R" and a € $" (R*", £ (A, B)),
the h-pseudodifferential operator (the Weyl quantification of the symbol a) is
defined by:

o @ = e [ e=oa (12 ) o ) v

R2n
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Note that Op}/ (a) maps continuously . (R", A) into . (R", B). In particular, due to
a slight generalization of the Caldéron-Vaillancourt theorem (see [3, 11]),if m < 0
then Op}! (a) € £ (L* (R",A),L* (R", B)).

Using the constructions made in [6] lemma 1.1, we have the following lemma:

Lemma 1. Under (HI) to (H3), there exist an orthonormal family {u; (x),u;
(X), ...,y (X)} in I such that:

1. Vje{l,...,m},u;(x) € Ci° (R", 743) ,
2. {uy (x),up (x),...,u, (x)} generates the space é ker (Q (x) = A; (x)) .

j=1

3 Feshbach reduction

If Ewé Yi=Wi,....¥m) € (L2 (R”))eam and ¢ € L* (R", 74), then we define:
j=1

éluj (x) (é:% 1/fj) =Y @Y,

J=1

<o, _ealuj (%) >m= .69](< @, uj (x) >m).
J= J=

For A € R, we consider the following matrix operator (the so-called Grushin
operator):

H—-A 5 u;j (x)
2= S o 2@ ) @ (2R
< Buj () > 0

=

Denote by A4 = iGnD£1 {Sp(Q () \{A1 (), A2 (x),..., A, (x)}}. Then we have:

Theorem 1. Assume (HI)—(H3). Then for any A < Ay, the Grushin operator
P2 () H2(R", ) & (12 R)®" — [2(R", 75) & (L2 RM)®" is invertible
and its inverse can be written as:

20— ( EQ) Es (A))

E- (V) E-+ (1)

where E (L) , E+ (A) and E_ (1) are h-pseudodifferential operators.
Moreover, we have the following equivalence:

A€ Sp(H) <> A € Sp(F (L) 1)
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where F (A) = A — E_4 (A) is an m X m matrix of h-pseudodifferential operators on

(L2 (R”))eBm with the diagonal matrix diag (52 + A (x)) as principal symbol.

1<j<m

Proof. We can consider the Grushin operator &7 (1) as an h-pseudodifferential
operator with operator-valued symbol p; (x, §) given by:

£+00-4 Bu(x)
Pa (-xv S) = m =1 : % D Cc" — % D cm.
<., 691”1 x) >,
=
Using the fact that for any A < A4 and x € R”,
T (x)—A>0 2

the symbol p;, (x, £) is invertible and its inverse g; (x, §) is given by:

r (x» Ev A) élu] (.x)
qr (x’ é) = m = )
<. ®u(x) >m (A =& -4 ™) 4z
j=1 =
where 7 (x) = 1 — 7w (x), 7 (x) denotes the orthogonal projection on the space

=1 A

éker (Q (x) — 2, (x)) and r (x,E,1) = 7 (x) (Sz +7X)Q0MX 7 (x)— )L) 7T (x).

Due to (H3) and (2), we can consider the Weyl quantification Q (1) = Op}’ (g») :
L (R, ) & (L (") " — H? (R", 4) & (L2 (R") "

The symbolic calculus and especially the composition theorem of h-pseudodiff-
erential operators allow us to obtain

PN QA) =I+hRi: |Ril,,
Q) Z ) =1+hRy: Ry,

(2@ me(an)®) = ¢ D
(HZ(R”.,M)GB(LZ(R"))EB’") = ﬁ(l)
Here, the estimates of ||R;|| and ||R;| are uniform with respect to h. As a

consequence, for 4 small enough, &7 (1) is invertible and its inverse is given by
the Neumann series:

+oo +o00
ZMN =00 (1 + Zh"R’{) = (1 + thR’;) Q). 3)
k=1 k=1

In view of (4) and the expression of the symbol g (x, &) it remains to prove the
equivalence (1). This comes from the two following algebraic identities:
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(H=-MNMu=v) ZXA) ud0)=v®(<u, _énaluj x) >.m)
=

S wWe)=20)" 0o (<u élu, (x) > )
i

u=EM)v+Er Q) (< & 1509 >50)
k:

((H/\)u—v)ﬁ{ “)

0=E-(M)v+E_+N)(<u éu,- ) >.)

and

E-+Ma=p) & 20" 0da)=(Er(Va)®dp
S 0@a=FA)(E+ Va)®p)

0= (=1 (E: Me) + S5 p

(E—+ Va=p) < { ®)

@ =<E;(V)a, éluj ) >m
=
If A ¢ Sp (H), then from (7) we deduce:

Er(Ma=—H-A)"" (éuj ) B)

Eei(MNa=8« o T :
a=<—H-I)" (ffl”f' (x) .),guj () >4 B

In particular,

0 ¢ Sp(E—+ (1)) and

Es W) ==<H=1)"(3u5).), &1;(0) > .
j= j=
Conversely, if 0 ¢ Sp (E_4+ (1)), then (6) gives:

<u, éluj ) >m=—E_+ W) (E- (M) v)
J= .

H-Nu=v <
u=EMNv—E;f MVE_L (M) "E- (W)

Asa consequence,

A¢Sp(H) and (H—A)"'=EM) —Ex WE_y W) E-(Q)
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4 WKB-Constructions

In this section we will give asymptotic expansions in powers of 1'/2 for eigenvalues
and eigenfunctions of H near the potential well formed by the first electronic level
A1 (x) of Q(x). Assume (H2) with m = 1. By adding a constant to Q (x) and a
translation in the variable x, we assume that A; (x) has a minimum strict at zero
(a one point well not degenerate):

0= infA, (x), lim A, (x) >0, A7'(0) = {0}, A| (0) > 0.

xeR” x|—~>00

Denoting by v (x) the distance between x € R” and 0 in the Agmon metric
A1 (x) dx?, it is known (see [5]) that there is a neighborhood £2 of 0 such that:

v eC®(2,R), (V¥)*(x) =4 (x), Vx € 2.

We fix some (arbitrarily large) constant Cy > O outside the spectrum of the
harmonic oscillator Hy = —A, + % < A (0)x,x >ge. Denote by e, ..., ey, the
eigenvalues of Hy in [0, Co],

Sp(Ho) = 3> Qe + 1) Jjui: @ = (ar..... o) €N

i=1

where {1, ..., (b, are the eigenvalues of the matrix A} (0). The main result is as
follows:

Theorem 2. Assume (H1)-(H3). H has Ny eigenvalues E, (h) , E> (h), ..., Ey, (h)
in [0, Coh] such that, for every j € {1,...,No} and for h sufficiently small, E; (h)
admit the following asymptotic expansion:

E;(h) = ejh+ Y a;h' ™2 modulo & (h™) (6)

k>1

ajr € R.If Ej(h) is asymptotically simple (in the sense that the expansion (6)
determines E; (h) in a unique way), then the associated normalized eigenfunction
@;j (x,y: h) satisfies:

e‘”(x)/hgoj (x,y;h) = h™™ Z aji (x,y) i modulo € (h*)
k>0

in C®(82,70), where apy = ao(x)uy (x,y), ap(x) # 0, Vx € 2, mj € R,
my; = n/4.
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Before turning to the proof of the theorem 2, let us recall some basic facts on
formal h-pseudodifferential operators with operator valued symbol. If £2 is an open
set in R”, H is a Hilbert space and m € R, we introduce the space of formal power
series:

S"(R.H) =Y "5 (01 s € € (R2.H)
k=0

For ¢ € C* (£2,R) and ¥ a neighborhood of 0 in R" we set
2" ={(x,6) e 2 xC" £—iVy (x) € ¥} @)

and the space of formal symbol

SO (R*. L H.K) =) Hp(x.§): pr e C (%, £ (H.K))

k>0

where H, K denote Hilbert spaces. For any symbol b (x,£,h) = b = Y h*b; €
k=0

SO (R2*, % (H,K)), one can define the action of the operator of symbol b on
e VW/hgm (| H) by setting for s € S (2, H):

MO (b) (e—wm/h s)

Jer]
-y [ (x;z VY (). h)s(z h)e—m“)/,,] N

aeN” el g z=x
where
H @)=Y @ =V @ - =0y @ =0 (l—x).

Opy’ (b) is called a formal h-pseudodifferential operator, this definition coincides
with a formal stationary phase expansion.
One can verify as in [11] that

e‘/’(")/hOp;f (b) (e_‘“x)/hs> € S"(£2,K).

Furthermore, if G is an Hilbert space and ¢ = Y W¢; € S° (2%, Z (K, G)), then
=0

Opy) (c) o Op} (b) = Opy}’ (d) is a formal h-pseudodifferential operator with symbol

d(x,£,h) =Y Wd;(x,£) € S° (2%, £ (H, G)) given by:

Jj=0

swo= Yy 0 (9z0fe) (d20cr). O

oe|+1B]
||+ 18| +k+i=j a!Bl(2i)
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Proof. The main idea of the proof is to use a simplified formal version of the
theorem 1. For A < A4 we set

H-—A u; (x)
<., u (x) >m 0

P(A) = ( ) one VW/hgm(Q 4 & C),

2 (M) is a formal h-pseudodifferential operator with symbol

Sy (04w (v) «
p(x,%‘,k)—( < .,up (%) >m O)GSO(Q’X(%EBC’%@C))

where §2* is defined as in (7) with ¥ (x) being the Agmon distance. As in the proof
of the theorem 1, the inverse of the symbol p (x, £; 1) is given by:

< ., up (x) >, A—Ez—kl(x)

o (B A) = (n WE+FWOWAE -1 "7 ® " (x)> |

This permits us, using the composition formula (9), to construct a formal
h-pseudodifferential operator 2 (1) of symbol (see [7, 11])

q (6.6, h) = qo (x.§:2) + ththc (&) €S (2", 2 (e C A e0)

k>1
such that
PN2A) =1Id one VWs" (2 4 & C). (10)
Writing

o (ED) B
=z 0w 0)

and setting F (1) = A — E_; (1), by construction, the operator F (1) is a nice
formal h-pseudodifferential operator with scalar symbol

e (nEh) =&+ A () + ) He(xE:1) e (2%.C).

k>1

Since F (1) is formally self-adjoint and A; (x) admits a nondegenerate minimum
at 0, the construction of Helffer and Sjostrand in [5] Sect. 3 gives N, formal series
E;(h; A) for j € {1, .., No} of the form:

Ej(h:d) =eh+ Y h'* 2, () and a;(x.h: 2) € S (2:C)
k>1
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such that
(F Q) =B (1) (79 (x.h: 2)) = 0in eV W/hs™ (2;0).

Fix j € {1,...No}. Using the analytical dependence in A of the symbol e, (x, §, 1)
of F(A) and applying again the construction of Helffer and Sjostrand for
F (ejh + MK 2) (A’ indicates a new parameter), this gives formal series of the
form:

E]{ (h,)\./) _ e,h + 6j,1h3/2 + Zh1+k/zéj,k (A/) )
k>2

Setting A’ = e;; + A”h!/? (where A" indicates a new parameter) and reiterating this
process, we obtain finally formal series (independent of A4):

Ej(h) = ejh+ Y h'"™/%ej; and a;(x.h) € " (2:C).

k>1
Furthermore, we have:
(F (B ) =B ) (7"'a () = 0in e VO™ (2:0) (D)
< a; (,/’l) , ay (., h) >1/,= (Sjj’ + ﬁ(h) (12)

where (12) holds in the sense of formal power series in & with complex coefficients.
The inner product < ., . > is defined by a formal stationary phase expansion at 0:

<u(x,h),v(xh)>y= / eV Oy (x, h) v (x, h)dx.
2

Using (10) and the definitions of P (1) and 9 (A), the equation (11) yields that the
formal symbol:

bj (x,y;h) = eV/"E L (E; (b)) (e_W)/haj (x, h)) € §" (82; 74)
solves
(H = B (1) (¢79/"; (e, y: 1)) = 0im e V005 (2;.75)
Since

Ey(M)=u (x,)+0(h) and <uy (x,.),u; (x,.) >m=1,
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we get
< e V(s hy eV My (s h) > paxen= 87 + O (h).

By a standard argument in [7] and [5] Sec.S5, one can show that the eigenvalues
E; (h) of H in [0, Coh] (Cy > O arbitrarily large) admit for asymptotic expansions
Ej (h) found above. Moreover, if E; (h) is asymptotically simple, the formal series
e VW/ hbj (x,y; h) are the asymptotic expansions for the associated normalized
eigenfunctions ¢; (x,y; h) (j = 1,...,Np). This is the case for the first eigenfunction
@1 (x,y; h) (since E; (h) is simple) and m; = n/4 is chosen for the normalization.
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Finite Kibble’s Bivariate Gamma Mixtures
for Color Image Segmentation

Taher Ben Arab, Mourad Zribi, and Afif Masmoudi

Abstract The segmentation of a color image is an important research field of
image processing. A color image could be considered as the result of a finite
mixture model. Although the most well known used distribution when considering
mixture models is the Gaussian one, it is certainly not the best approximation for
image segmentation. It is well known that the statistics of natural images are not
Gaussian at all. In this paper, an efficient method of image segmentation is proposed.
The method uses Kibble’s bivariate Gamma mixture model and K-Means algorithm.
Using the K-Means algorithm, the number of image regions is identified and the
model parameters inside the image regions are estimated by using the EM algorithm.
Experimental results that demonstrate the performance of the proposed model for
image segmentation are presented.
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K-Means algorithm ¢ EM algorithm
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1 Introduction

In the last few decades, the researchers have shown a major focus on satellite image
segmentation in terms of image processing. Several papers have been published,
focusing mainly on gray scale images, hence giving less attention to color image
segmentation [6], which is able to give us much more information about the object
or images [1, 3, 7, 12, 16]. Image Segmentation is typically used in order to locate
the objects and the boundaries of images [8]. Image Segmentation is a process
based on selected image features in order to ensure the partition of image pixels.
The pixels belonging to the same region must be spatially connected and must have
similar image features. If the selected segmentation feature is color, then the image
segmentation process will separate pixels having distinct color features into different
regions and, simultaneously, will gather the pixels which are spatially connected and
have a similar color into the same region [9]. In color imagery [15], image pixels can
be represented by a number of different color spaces, e.g. Red Green Blue (RGB),
Hue Saturation Value (HSV) or Hue Saturation Intensity (HSI) [11].

In the literature, several works have been dealing with color image segmentation
under HSI color space, since the Hue and Saturation Values of the pixels in the
image are not negative [10, 14, 18].

In this paper, we introduce a Kibble’s Gamma bivariate Mixture model in order
to ensure the segmentation of a color image. The Expectation Maximization (EM)
algorithm [4] is used to estimate the model parameters. The number of image
segments can be initialized by using the K-means algorithm [16].

This paper is organized as follows. In section II, we describe briefly the bivariate
Kibble’s Gamma distribution. Section III is dealing with the estimation of unknown
parameters of Kibble’s Gamma distribution using two methods, namely the Maxi-
mum Likelihood Estimation (ML) and the Method of the Moments (MOM). Section
IV describes the bivariate Kibble’s Gamma Mixture model. This description shows
how to initialize the model parameters and also presents the segmentation algorithm.
The experimental results are given in section V before concluding in section VI.

2 Kibble’s Bivariate Gamma

Let Y = (Y1, Y») be a bivariate random variable representing the feature vector of
pixels of a satellite image region. Since these two variables are highly influenced by
various random factors such as vision, lighting, moisture, environmental conditions,
etc., this feature vector can be viewed as a bivariate random vector. To model the
bivariate features of the image, it is very common to assume that the feature vector
of the image follows a Kibble’s bivariate Gamma distribution (KBGD) [2, 13].

Definition 1. A random vector Y = (Y1, ¥») is distributed according to a Kibble’s
Bivariate Gamma distribution with positive shape parameter s and the scale vector
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parameter X = (X, X, 2122), where 0 < 2122 < X1 Xy, if its probability
density function (pdf) is defined as follows:

oyt + 211)’2) o iy2)* !
TnZn-—X} (211 %2 — %) T (s)

X fs(8y1y2)10,400p 01, 32), (D)

fr1.y2) = exp(—

where 1jg 4y oop(y1,y2) is the indicator function defined on [0,4+00[?, § =

2 > xK
—~12 ____andf;(x) is given by f;(x) = § ————— VxeR
(Z11 X0 — Z)? 2= I'(s + k)k!

In Fig. I and Fig. 2, we present a KBGD for different values of parameters.
The marginal distribution Y;, i = 1,2, is distributed according to a univariate
Gamma distribution with pdf defined by

xp(—+5)

S (iy® |
fY,‘(yl) = (Eii) Z‘iiF(s) 1[0,+00[(.YL)- (2)

where s > 0 represents the shape parameter and X;; > 0,7 = 1, 2, is called the scale
parameter.

To define the parameters of the random variable Y, we introduce the following
proposition.

-
S e
- ““ TS D
RTT ST
S
e -

Fig. 1 Pdf of KBGD with parameters s = 1, ¥;; = 10, ¥, = 3, and 2122 =2
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Fig. 2 Pdf of KBGD with parameters s = 3, ¥}, = 1, ¥» = 10, and 2122 =5

Proposition 1. Let Y = (Y1, Y,) have a Kibble’s bivariate Gamma distribution
with positive shape parameter s and the scale parameter ¥ = (X, X, 2122),
where 0 < 2122 < X1 Xy. Then, for all 6,,60, < 0, the Laplace transform of Y is
given by

L((6y,6,)) = [1 — 012 — Xy + (X1 20— Z:122)911922]_

with
011211 + 002X — (Z11 X — T})0116» < 1.
For a proof, see [13].
Proposition 2. The moments and the covariance of the random variable Y, with
pdf defined in Eq. 4, are given by
EN] = sXn, E[Y2] = sXn
var(Yy) = sX5,, var(Yy) = sX3,
cov(Y, Yr) = s2122.

These different moments cited in Proposition 2 can be obtained by differentiating
this expression of the Laplace transform defined in Proposition 1 with respect to
0ij, i.j=1,2.
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3 Parameter Estimation

This section deals with the problem of estimating the unknown parameter vector

(X1, X, 2122), for a known parameter s, from n independent vectors
Yl ..., Y", where Y' = (Yi,Y)) is distributed according to a Kibble’s bivariate
Gamma distribution with a parameter vector X'.

3.1 Maximum Likelihood Estimation (ML)

The log-likelihood function of a sample bivariate observations Y', Y2, ..., Y", with
same density defined in Eq. | is given by

(2) = —ns In(Z)5) — "E;ZY‘ +(s— I)Zlog(Y’ Yl)

>nY
—logF(s)—n -2

+ Y W(i@EYi3),  3)
i=1

>
1 2 212 = 211222 — 212 and § = 2 -
12
By taking the differential, with respect to X'j;, Y»,, and ¥ ]22, one has

where Y; = 1 37 | Y, j

Y Y Y 2
nznyry n2 nZziits _p 712 H—O (4)

—ns +
X2 n NP 2122

oY Y Y >?2
O (RN (P P ®
2 Zn 22 X,

—ns +

Y >nY, Xi4+3,%
_n 221_”112+ 12+211 22H=O, ©)
X2 AR x5,

fv+1( y1)’2)
with H = hyl andfy, 1 =f.
Z 12 fA(‘gylyz *

From Eq. 4, Eq. 5, and Eq. 6, the ML estimators of Y1y and Xy, are defined by

R Y, - Y,
Yii=—,Yp=— (7)
s s
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By replacing X; and X by their estimators in Eq. 6, then the estimator of X7, is
the root of the following function

y lﬁ+1(5)’1)’2)
) = - 8
P(Zh) =n— Y, Y, — 522122 lzlj £BY1y5) v

120
(YV\Yy -2 5L)>
Closed-form solutlons of Eq.8 do not exist for the parameter f"122~ We can

get a solution by using a Newton-Raphson procedure [19]. We generally get the
convergence of the Newton-Raphson procedure after few iterations.

where § =

3.2 Method of Moments (MOM)

The estimator of the vector parameter X = (X, X1, E ») by the MOM is the
solution of the following system

Y| = E[V1], Y = E[Y,]

I ) = N =
=3 =T () =) = cov(t. )

Consequently,
A Y = Y,
In=—,In=— ©)
s s
| ;
£ = — > =Yy - To). (10)
i=1

In this case, we conclude that the parameters X|; and X, have the same estimators
obtained by the ML and the MOM.

3.3 Simulations

In order to compare the performance of the MOM estimator and the ML estimator,
we propose some simulations.

We generate a random vector Y according to a KBGD with different
parameters

l) S = 3, 211 = 03, 222 = 05,
ll) s = 3, 211 = 10, 222 =5.
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Fig. 3 MSE versus n for parameter 2122 (s=3,27, =03, Y»=0.)5)
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Fig. 4 MSE versus n for parameter 2122 (s=3,X, =10, Xy, =5)
The comparative study of the MOM and ML is characterized by the MSE as a

function of n, where n is the size of the sample. The number of resampling is
N = 1000. We present, respectively, in Fig. 3 and Fig. 4 the MSE of the estimator
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of the parameter X7, in two cases (X7, = 0.105 and X7, = 45). The circle curves
correspond to the estimator of MOM whereas the triangle curves correspond to the
estimator of ML. We observe from the two figures that the ML method is more
efficient than the MOM method.

4 Kibble’s Bivariate Gamma Segmentation Algorithm

4.1 Kibble’s bivariate Gamma mixture model

A crucial problem here is the choice of the mixture pdf. Generally the Gaussian
distribution is considered [17], yet recent works have shown that other distributions
may provide better modelling capabilities. Among these distributions that we shall
consider in this work, we have the Kibble’s bivariate Gamma KBG for a known
value of s which represents the KBGD defined in Definition II.1. It is important
to note that for a known value of s, a KBG is fully characterized by ¥ =
(211, 222, 2122), where 0 < 2122 < 211222.

Since the entire image is a collection of regions, which are characterized by KBG
presented in Definition II.1, it can be characterized through a K-component finite
KBG and its pdf is of the form

K
F(G132), @) = Y mf (140 y20): T

k=1

K
2ok + Yiiyak
= Z Tk exp(_ 2 )
P Lnkng— X,

O1y2) !
(Z11uZni— Xk ) T(s)
X fs(8ry1.4y2.0)
where @ = (mp,.... 7k Ziite- - Dk Tt Engks The Xh )
K
)
O = ;2‘k,0<ak < landZozk: 1.
2ok =1

4.2 Estimation of the parameters mixture by EM-Algorithm

The problem of estimating the parameters which determine a mixture has been the
subject of diverse studies. During the last two decades, the MML has become the
most common approach to deal with this problem. Of the variety of iterative meth-
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ods which have been suggested as alternatives to optimize the parameters of a
mixture [3], the one most widely used is expectation maximization (EM). EM
was originally proposed by [4] for estimating the ML of stochastic models.
The algorithm employs an iterative procedure and the practical form is usually
simple.

To obtain the estimation of the model parameters, we utilized the EM-algorithm
by maximizing the expected likelihood function for carrying out the EM-algorithm.
The log-likelihood function of bivariate observations (y; .y} ).... (v} ,¥4 ) drawn
from an image is
n K
(@) = Y log (3 mf (04 34.0: Z))
j=1 1

k=

n K j j
X + X
= E log ( E e exp(— 2914 11,k2y]2,k)
= P Ziwng— Ly

0hw0"”
(Z1uZni— 2, T (s)

X ff((skyjl.kyé,k))

2
212,1{

(ZixZnx—Zh )%
The model parameters

where §; =

2 2
@ = (my,..., 7k, it oo X s Dk 2ok i k)

is estimated by using the EM algorithm.
The EM algorithm is decomposed in the following two steps:

Step E:  The updated equation of the parameter my, is

1 < S

I+1

7T = =Y w0 he 50 (n
=1

I 7 f0 b 20
Sy 1

— , o
’ Z nlﬁ’)fk/M,k”)/]Z.k’; z£0)

kK'=1

where fi (y1, y2j: ¥ ?)y is given by Eq. 4.
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Step M: The updated equations of X, X4, and ¥ 122,,( at (I + 1)™ iteration is

Zniie Yo

noi
Z T/f;(y]l.k’y]z,k; 2(1))[ st

- Yok 2ok
=
211~kyéqk 2y/ y/ 222,k2122,kfs+1(8kyj1.,k)é,k)] -0 (13)
_ 162k T - — U,
1ok brI FiGy (Y50
oo Suahy Y
o R 11.kY2 k 1,k
ZTkJM.k’)é,k’E )[_S+ - +
= Yok DAY
Ezz,ld/l,k 2 ¥ 211.k2122,kﬁ+1(8k>’]i.k)’2,k) —0 (14)
Vv itk i -
ik Do Ss Gy 150
n . . X kyj + X kyj
I KV k K2k
Z TIE;()/l.k’yIZ,k; 2(1))[3 - b +
= 12,k
RS 3 N ES S0 > SR (A
Y, % o 11k Z0 4 fir1 Gy Vo) —0. (15

o [ G b0

where f,, (x) = Y% roip V& € Rofoyr = fet Diau=Z114 Sna— T,
A closed-form solution does not exist for the X4, X and 2122.,(, k =
1,2,...,K, parameters. We can get a solution by using a Newton-Raphson
procedure initialized by estimator (Xyix, X224, 2122’,() defined in Eq.9 and
Eq. 10. The convergence of the Newton-Raphson procedure is generally obtained
after few iterations.

The efficiency of the EM-algorithm in estimating the parameters is heavily
dependent on the number of regions in the image. The number of mixture com-
ponents initially taken for K-means algorithm is by plotting the histogram of the
pixel intensities of the two images. The number of peaks in the histogram can be
taken as the initial value of the number of regions K. Usually the mixing parameter
7, and the region parameters (X x, X2 £, 2122,1() are unknown. A commonly used
method in initialization is by drawing a random sample in the entire image data.
This method performs well only when the sample size is large, and the computation
time is heavily increased. When the sample size is small it is likely that some small
regions may not be sampled. To overcome this problem, we use K-means algorithm
[16] to divide the whole images into various homogeneous regions. We obtain the
initial estimates of the parameters (X x, 22k, X% ;) for each image region using
the method of moment estimators for KBGD and for the parameters m; as m; = %
Therefore the initial estimates of (X ¢, Xk, ¥ 122. ) can be obtained by the MOM
presented in section III.B. '
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4.3 Application of the KBG mixture in segmentation

After estimating the parameters of the KBG mixture the prime step in image
segmentation is allocating the pixels to the segments of the image. The image
segmentation steps are the following:

Step 1) Plot the histogram of the pixel intensities of the two images.

Step 2) Obtain the initial estimates of the model parameters using K-means
algorithm and moment estimators as discussed in section III.

Step 3) Obtain the refined estimates of the model parameters by using the
EM-algorithm with the updated equations given in section IV.B.

Step 4) Assign each pixel into the corresponding k' region (segment). That is,

ﬂw==mggﬁ§0mﬁon-

where j(y) represents the label of the class of the pixel y = (y1_,y2.)-

5 Experimentation

In order to demonstrate the utility of the image segmentation algorithm developed
in this paper, an experiment is conducted with two colors satellites images (sat 1
and sat 2) which the size is 256 x 256 x 3. A random sample of this images is taken
the feature vector consisting of HS for each pixel of the each image is computed
utilizing HSI color space. In HSI color space the HS values are computed from the
values of RGB for each pixel in the image using the formula for

H = cos™'( R-G+R_5) ), B<G,
2y/(R—G)? + (R—B)(G— B)

min(R, G, B)
1

_R+G+B

S=1 , where

With the feature vector (H, S) each image is modelled by using the two-component
mixture KBG. The number of segments in each of the four colors images considered
for experimentation is determined by the histogram of pixel intensities. The
histograms of the two images are shown in Fig. 5.

The initial estimates of the number of regions K in each image are obtained and
given in Table 1.

Table 1 Initial Estimates

Image sat 1 |sat2
of K

Estimate of K |3 3



256

T. Ben Arab et al.
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0 0.2 0.4

0.6 08 1
sat 2

Fig. 5 Histograms of the pixel intensities of the two images

Table 2 Estimated of Mixture parameters for image sat 1, after 10 itera-
tions, with known parameter value s

Initial by K-means Final by EM Algorithm
Parameters | k; ko k3 ky ky k3
KBGM
s 9 5 2
i 1/3 1/3 173 0.0819 0.5768 | 0.3413
2 0.17 0.0528 | 0.0939 | 1.1879 2.3531 | 1.4263
Py 0.19 0.0171 | 0.0239 | 0.0031 0.0354 1 0.0332
> 0.003 | 0.0003 |0.0014 |0.0027359 |0.0010 |0.0290
BGAUM
i 1/3 1/3 1/3 0.9363 0.0038 | 0.0017
i 0.0152 | 0.2642 |0.1878 | 0.0091 0.3657 | 0.1106
U2 0.0175 |0.0857 |0.0477 |0.0162 0.0607 | 0.0001
o1 0.0013 |0.0596 |0.1178 |0.6613 0.0482 | 0.0675
02 0.0005 | 0.0083 |0.0217 |0.4483 0.0018 | 10~*
0 0.0003 | 0.0016 |0.0278 |0.1807 0.0001 | 1073

After assigning these initial values of K to each image data set, the
K-means algorithm is performed. Using these initial parameters estimates
(T, U1 g M2.k» O1 ks O2ks Px) foOr a bivariate Gaussian mixture (BGAUM) and
(e, X114, oo ks X1.2.4) for the Kibble’s bivariate Gamma mixture (KBGM), where
k=1,...,K, by the K-means algorithm to the EM algorithm. The computed values
of the initial estimates and the final estimates of the two models parameters for each

image are shown in

Tables 2 and 3.

Substituting the final estimates of the model parameters, the pdfs of the feature
vector of each image are estimated. Using the estimated pdfs and the image
segmentation algorithm given in sub-section IV.C, the image segmentation is
achieved for each of the two color images under consideration. After developing
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Table 3 Estimated of Mixture parameters for image sat 2, after 10
iterations, with known parameter value s

Initial by K-means Final by EM Algorithm
Parameters | k; ky k3 ki ) k3
KBGM
s 9 4 2
i 1/3 1/3 1/3 10— 0.6895 | 0.3105
P 0.015 0.0452 |0.0425 | 6.4627 | 1.1649 |1.6137
X 0.29 0.0442 1 0.0498 |0.0034 |0.0105 |0.0521
pOE 0.0005 | 0.0018 |0.0017 |0.0021 | 0.0013 |0.0487
BGAUM
i 1/3 1/3 1/3 0.9295 | 0.0314 |0.0392
U1 0.0131 | 0.1808 |0.085 |0.011 |0.0998 |0.0001
7% 0.026 | 0.1941 |0.0996 |0.0225 |0.2174 |0.78
o] 0.004 0.0443 |0.075 |0.0003 | 0.0147 |0.001
07 0.0025 | 0.0185 |0.0437 |0.0021 |0.0092 | 0.3367
P 0.0005 |0.007 |0.0349 |0.0005 | 0.0003 |10~
Table 4 Comparative study Images | Quality Metrics| KBGM | BGAUM
of Image Quality Metrics satl MSE 0.4101 | 0.8402
from MBGM and MBGAUM
PSNR 8.9124 | 1.7417
MD 0.5499 | 0.8915
sat 2 MSE 0.5928 | 0.9516
PSNR 5.2288 | 0.4964
MD 0.6194| 0.9313

the image segmentation method, it is necessary to verify the utility of segmentation
in model building of the image for image retrieval. Using the estimated pdfs of the
images under consideration, we are able to get the retrieved images. The original,
segmented, and retrieved images are shown in Fig. A.1 and Fig. A.2 (see Appendix).
The performance evaluation of the retrieved images is made by Subjective
Image Quality (SIQ) testing or by Objective Image Quality (OIQ) testing. The OIQ
testing methods are often used since the numerical results of an objective measure
are readily computed and allow a significant comparison between the different
algorithms. There are SIQ measures available for performance evaluation of the
image segmentation method. An extensive survey of quality measures is given by
[5]. For the performance evaluation of the developed segmentation algorithm, we
consider the Image Quality Measures [5], namely MSE, Peak Signal to Noise Ratio
(PSNR) and Maximum Distance (MD), which are computed for the two images with
respect to the developed method and earlier methods and are presented in Table 4.
From the Table 4, we notice that all the image quality metrics for the two images
are satisfying the standard criteria. This implies that using the proposed algorithm
allows the images to be retrieved accurately. A comparative study of the proposed
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algorithm, with the ones based on the KBGM and BGAUM models with K-means,
reveals that the MSE of the proposed model KBGM is lower than the one associated
with BGAUM. Concerning all other quality metrics, it is also observed that the
performance of the proposed model in retrieving the images is again better when
compared with the BGAUM.

6 Conclusion

In this paper, we have proposed a segmentation algorithm adapted to color image
by the use of the Kibble’s bivariate Gamma distribution. Here, it is assumed that
the color image is characterized by the HSI color space, in which the HS values
are nonnegative. The model parameters are estimated using the EM-algorithm. The
initialization and the number of image segments are both determined through the
K-means algorithm and the Moment Method of estimation. Experimental results
have demonstrated the efficiency of the proposed method KBGM.

Appendix

See Figs. A.1 and A.2.
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Z N
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Fig. A.1 Sat 1 segmented with KBGM and BGAUM
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Fig. A.2 Sat 2 segmented with KBGM and BGAUM



Stabilization of a class of time-varying
systems in Hilbert spaces

Hanen Damak and Mohamed Ali Hammami

Abstract This paper studies the problem of stabilization of the infinite-dimension
time-varying systems in Hilbert space where the associated nominal system is a
certain class of linear time-varying systems and the perturbation term satisfies some
certain conditions. In contrast to the previous results, the stabilizability conditions
are obtained by solving a Ricatti differential equation and do not involve any
stability property of the evolution operator. Our goal is to prove the sufficient
conditions for the case of uniform exponential stability of the origin. The obtained
result extends existing results in the literature to infinite-dimensional and time-
varying control systems.

1 Introduction

The problem of controllability and stabilizability for linear control systems has
received a considerable amount of interest in the past decades [7-11] and the
references therein. This problem regarding as an extension of the classical Kalman
result [3] on controllability and stability of linear control systems is to find an admis-
sible control u(t), such that the corresponding solution x(#) of the system has desired
properties. Depending on the properties involved one defines various quantitative
problems. For time-varying control systems in finite-dimensional spaces, using
Kalman’s decomposition method, in [2] we prove that the system is completely
stabilizable if it is uniformly globally null-controllable. In [6], we develop the
relationship between the exact controllability and complete stabilizability for linear
time-varying control systems in Hilbert spaces.

In this paper, we discuss the problem of global uniform stabilizability for a
class of nonlinear dynamical systems in Hilbert spaces, it means that the solutions
converge exponentially to the origin.
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2 Stabilization of a class of time-varying systems
in Hilbert spaces

We will use the following notation throughout this paper: X denotes a Hilbert space
with the norm |.||x and inner product < .,. >y . L(X) (respectively, L(X, Y))
denotes the Banach space of all linear bounded operators S mapping X into X
(respectively, X into Y) endowed with the norm

S|l = sup{[[Sx[| : x € X, [|x[| < 1}.

X* denotes the dual space of X; Ly([z,s],X) denotes the set of all strongly
measurable L,-integrable and X-valued functions on [, s]; D(A), A~! and A* denote
the domain, the inverse and the adjoint of the operator A, respectively; cIM denotes
the closure of a set M; I the identity operator; LO([t, +00[, XT) denotes the set
of all linear bounded self-adjoint non-negative definite operator-valued function on
[t, +00[. Let X, U be real Hilbert spaces.

We consider the control dynamical system

x(t) = A()x(t) + B()u(r) + F(t,x(1))
(1)

x(to) = xo

where x(7) € X is the system state, u(¢) € U is the control input, A(z) : X — X and
B(t) € L(U, X). We assume that F(z, x) : [0, +00[xX — X is a nonlinear operator,
continuous and satisfying the following inequality

[F@. 0l <y@lxll. ¥Y:=0, VxeX

where y : [0, +00[—> R is continuous non-negative function with

+o0
/(; y(s)ds <M, < +oo0.

The corresponding nominal system is described by

(1) = A()x(1) + B(t)u(r)
2

x(to) = xo

In the sequel, we say that control u(z) is admissible if u(t) € L,([to, +o0l, U).
As in [1] we will assume the following conditions that guarantee the existence and
uniqueness of the solution of linear control system (2).
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1) Operator functions A(.)x and B(.)u are continuous and bounded in ¢t > ¢, > 0
forallx € X, u € U;

H2) cID(A(t)) = X, t > 0 and A(.)x is a continuous function on [y, +00[ for
every x € D(A(.)).

J3) For eacht > 1ty > 0, A(t) generates a Cy-semigroup on X and there is an
evolution operator U(t,s) : {(t,s) : t = s > fp = 0} —> L(X), such that
U*(t, s) is continuous in ¢, s and for each x € D(A(¢)), U(t, s)x € D(A(t)) the
following conditions holds:

au(t, s)x

i) o =AU, s)x, U(s,s) =1,

lim U,(t,s)x = U(t, s)x,
n—+00

where U,(t,s) is the evolution operator generated by the Yosida approxima-
tion [5]

Au(0) = n[nl — A —nl

of A(7).
i) Ut,s) =U(t,r)U(r,s), forallt >r>s>1 > 0.

In this case, we say that A(f) generates a strongly continuous evolution operator
U(t, s) and then for every initial state xo € X, for every admissible control u(t), the
linear control system (2) has a mild solution given by

x(1) = U(t, to)xo + /t U(t, s)B(s)u(s)ds.

fo

Remark 1. 1t is well known that if the operator A(r) € L(X),t > 0, which is
bounded in [0, +o¢[, then the semigroup evolution operator U(z, s) satisfying the
above conditions always exists. However, if A(f), ¢ € [0, +00[ is unbounded, the
evolution operator U(t, s) exists provided additional assumptions, see [1, 5] for the
details.

Definition 1. An Operator Q(f) € L(X) is called definite positive if there exist a
positive constant m > 0, such that

< Q0(x,x >>m|x||>, VxeX, Vr>0.
Definition 2. The system [A(¢), B()] is called globally null-controllable (GNC) in

finite time if for every xy € X, there exist a number 7 > 0 and an admissible control
u(t), such that

U(T, ty)xo + /t U(T, s)B(s)u(s)ds = 0.

fo

We state the following well-known controllability criterion for infinite-dimensional
control system that be used later.
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Proposition 1 ([1, 2]). The system [A(t), B(¢)] is globally null-controllable in time
T > 0 if and only if one of the following conditions hold:

(i) There is a number ¢ > 0, such that

t
/ |B* (s)U*(t, s)x||*ds > c|U*(T, to)x||>, Vx € X.
1o

t
(i) / U(T, s)B(s)B* (s)E* (T, s)ds is positive definite.
o0

Definition 3. The system (2) is called completely stabilizable (CSz) if for every
number § > 0, there exists a feedback control u(t) = K(t)x(t), where K(1) €
L(X, U) is bounded on [fy, +00[, such that the solution x(¢, xy) of the closed-loop
system x(7) = [A(¢) + B(t)K(1)]x(t), x(ty) = x satisfies

IN>0: [x@] < klx(o) e TIE= 10D e >4,

The solution to the stabilizability problem involves a Riccati operator equation
(ROE) of the form

P(t) + A*(1)P(t) + P()A(t) — P(t)B(t)B*(t)P(1) + Q(r) = 0 (3)

where Q(f) > 0 is a given self-adjoint operator function. Since A(7),1 > 1, > 0 is
an unbounded operator, it is not clear a priori what a solution of (ROE) means. We
will define, as in [1], the solution of (ROE) as follows.

Definition 4. The solution of (ROE) (3) is a linear operator function P(f) € L(X)
satisfying the following two conditions:

i) The scalar function < P(.)x,y > is differentiable on [ty, +o0[ for every x,y €

D(A()).
ii) Forallx,y € D(A(t)),t>1 >0:

d
= <P@xy > + < POXAWDY > + < POAWx.y >

— < P(t)B(t)B(t)P(t)x,y > + < Q()x,y >= 0.

Definition 5. Let Q(¢) € LO([to, +oc[, X™). The control system (2) is called Q()—
stabilizable if for every initial state x, there is a control u(r) € L,([ty, +00[, U) such
that the cost function

J() = / ) [P+ < Q. x0). (2. x0) >, 4

exists and is finite.
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Proposition 2 ([1]). If linear control system (2) is Q(t)-stabilizable, then the
Riccati differential equation (ROE) (3) has the solution P(f) € LO([ty, +oo[, XT)
bounded on [ty, +00].

Definition 6. The system (1) is called uniformly exponentially stable if there exists
an operator function K(f) € L(X, U), such that the solution of the closed-loop
system (1) = [A(?) + B(t)K(1)]x(¢) + F(t, x) satisfies

()| < kllx(to) eV = 10))

where y > 0,k >0, 1y € [0, +00].

Proposition 3 ([4]). If the system [A(t), B(t)] is globally null-controllable (GNC) in
finite time, then the linear time-varying control system (2) is completely stabilizable
(CSz).

Theorem 1. Under assumptions F€1), 72) and F3), if the system [A(t), B(f)]
is globally null-controllable (GNC) in finite time, then the system (1) is globally
uniformly exponentially stable.

Proof. We choose an operator function Q(f) € LO([ty, +oo[, X™) bounded on
[0, +00], such that

O(t) > 2A(H) + B(1)B* (1), t>0.
Then, there exists ¢; > 0, such that
< Q(t) = 2A(1) + B(t)B*()x.x >> ¢ ||x|>. t>0.
The system [A(), B(t)] is globally null-controllable (GNC) in finite time. Then, for
every initial state xo € X there is an admissible control u(t) € L,([to, T], U), such
that the solution x(7) of the system (2), according to the control u(t) satisfies

x(to) = x9, x(T) =0.

Let u, () denote an admissible control according to the solution x(#) of the system.
Define

ux(?) if t €10, 7],

%®:{05t>1

Since Q(f) € LO([ty, +o0o[, X) and it, € Ly ([tp. T]. U), we have

Jiy) = / i)+ < Q. x0). x(1. x0) >]dt

fo
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T
- [ (D24 < Q(x(t,x0), x(2. x0) >]dr < +oc,

which means that the linear control system [A(?), B(7)] is Q(¢)-stabilizable. Applying
Proposition 2, we can find an operator function P(f) € LO([ty, +oo[, XT), which is
a solution of the following (ROE)
P(t) + A*()P(1) + P()A(r) — P()B(t)B* (P (1) + O(1) = 0. ®)
We now consider a Lyapunov-like function
V(t,x) =< P(t)x,x > +|x|%,
and construct a feedback control of the form

u(t) = —%B*(r)[P(t) —Ix(t), t> 1.

Since P(1) € LO([ty, +0o[, X ), then there exists M > 0, such that
IPOI <M, Vi= 1.
It is easy to verify that
X)) < V(e x(0) < M + DIx@)|?, V=1

Taking the derivative of V in ¢ along the solution of x(¢) of the system (1) and
using the chosen feedback control and the (ROE) (5), we have

V(t, x(1)) =< P(O)x(1), x(1) > +2 < P()x(t), x(t) > +2 < (1), x(£) > .
We obtain

Cl
M+1

V(t,x(1) < — ( —2(M + l)y(t)) V(t, x(1)).

Then, V(¢) satisfies the following estimation

— | a(s)ds
V(t) < V(t)e /'0

with

— C] .
an) = ) 2(M + 1)8(1).
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Moreover,

t
— | a(s)ds —t
e /zo < 2M+ 1M, M+1(t 0)

Thus, we obtain

V(t) < V(tg)e2™M + DMy, T 1(z—;o)

It follows that

Ix@] < vV + De™ + DMy )1 2(M+ FTESTR

Hence, the system (1) in closed-loop with the linear feedback u(r) = K(t)x(¢) is
globally uniformly exponentially stable. O
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Weighted Sobolev Spaces for the Laplace
Equation in an Exterior Domain

Hela Louati

Abstract This work solves Dirichlet problem for the Laplace operator in an
exterior domain of R, We are interested in the existence and the uniqueness of
weak and strong solutions in L”-theory which makes our work more difficult. Our
analysis is based on the principle that linear exterior problems can be solved by
combining their properties in the whole space R* and the properties in bounded
domains. Our approach rests on the use of weighted Sobolev spaces.

1 Introduction

Let £2” be a bounded connected open set in R? with boundary 952" = I' of class C!!
representing an obstacle and let §2 its complement which means that 2 = R?\ £’
Let X = (x1,%2,x3) be a typical point in R* and let » = |x| = (&3 + x5 + 13)!/?
denote its distance to the origin. In order to control the behavior at infinity of our
functions and distributions we use for basic weights the quantity p(x) = (1 + r%)!/?
which is equivalent to r at infinity, and to one on any bounded subset of R? and the
quantity In(2 + 7?). We define Z($2) to be the linear space of infinite differentiable
functions with compact support on 2. Now, let 2’(§2) denote the dual space of
2(82), often called the space of distributions on §2. We denote by < .,. > the
duality pairing between 2'(£2) and 2(82). Foreachp € Rand 1 < p < o0, the
conjugate exponent p’ is given by the relation }7 + 1% = 1. Then, for any nonnegative
integers m and real numbers p > 1 and «, setting

—1, if S4+aé¢{l,....m},
k=k(m,p,a)= 3 ) ’; {
m—=—q, if 24+ae{l,...,m},
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we define the following space:

Wyl (2) = {u € 7'(2);
VAeN: 0 <Al <k p* (0@ + ) "'D*u € 17(2):;

VAeN: k+1<|A| <mp* WDy e 17(2)).

It is a reflexive Banach space equipped with its natural norm:

lellwzroy =1 D o™ M@ + 2)~'DHull], o,
0<|A[<k

1/p

—m+|Al A
+ Z lp* "D ull7 @)
k+1<|A|<m

For m = 0, we set

WoP(2) ={ue 2'(R); p"uel’(2)).

3
We note that the logarithmic weight only appears if — + « € {1,...,m} and all
p

the local properties of Wy’ (£2) coincide with those of the corresponding classical
Sobolev spaces W (£2). We set W,, 7 (£2) as the adherence of Z(£2) for the norm
Il . llwzr () Then, the dual space of Wy (£2), denoting by W=¢"" (£2), is a space of

distributions. When £2 = R?, we have W2""(R?) = W’ (R3). If &2 is a Lipschitz
exterior domain, then we have

Wir(@2) = {ve W(2), v=0 on 30},

and

o 9
W2 (2) = {v e WP(Q), v = % -0 on an!.

Jav . .
where o is the normal derivate of v.
n

3
Wo? () > WgP™(2)  where px = s _”p (1)

and, by duality, we have

/

3p

Wo4(2) — W:;’”,(SZ) where ¢ = e
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On the other hand, if m > 0 and 2 + « # lorm < 0and3/p’ —a # 0, we have
the following continuous embedding:

WP (2) < WI(9). 2)

Moreover the space W7 (£2) sometimes contains some polynomials functions. For
any g € N, &, (respectively, Qf) stands for the space of polynomials (respectively,
harmonic polynomials) of degree < q. If ¢ is a strictly negative integer, we set by
convention &, = {0}. For m > 0 and if% + o does not belong to {i € Z; i < m},
then &, 3 is the space of all polynomials included in Wy *(£2). The norm of

the quotient space Wy (£2)/ P, o3, is:
P

u | ym 4 = inf u—+ mp oy . 3
el |y @)ty T e llu + Ollwrr (o) (3)

[m—a— %]
In addition, the Hardy inequality holds, for 1 < p < oo,

Ve Wrr@).  lullyzoy < CIV ullymto g,

where C = C(p, «, £2) > 0 and when £2 = R3, we have

||u||W0],'P(]R3) = ||Vu||wg«f’(R3)’ if 3/[7 +o> 17

Vi € Wol (R, <Vl
< ul] yo.

| WP ®3)) 2, otherwise,

I’(Rj;)a
where 2, stands for the space of constant functions in Wa” (R*) when 3/p+a < 1
and C satisfies C = C(p,«) > 0.

Finally, given a Banach space B, with dual space B’ and a closed subspace X of
B, we denote by B’ L X the subspace of B’ orthogonal to X, i.e.

B1lX={eB;<f,v>=0VveX}=(B/X).

The space B’ L X is also called the polar space of X in B'.

2 Preliminary results

Now, we give some results related to solving the Dirichlet problem and Neumann
problem which are essential to ensure the existence and the uniqueness of some
vectors potentials and one usually forces either the normal component to vanish or
the tangential components to vanish. We start by giving the definition of the kernel
of the Laplace operator for any integer o € Z:

AL 2) ={x eWy"(2); Axy=0 in 2 and y=0 onl}.
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In contrast to a bounded domain, the Dirichlet problem for the Laplace operator
with zero data can have nontrivial solutions in an exterior domain; it depends upon
the exponent of the weight. The result that we state below is established by Giroire
when p = 2; see [5] for more details.

Proposition 1. For any integer o < 0, the space exzf(fz(!?) is a subspace of all
functions in W)-2(2) of the form v(p) — p, where p runs over all polynomials of
P24, and v(p) is the unique solution in Wé‘z(.Q) of the Dirichlet problem

Av(p)=0 in £ and v(p)=p onl. )]
%éz(ﬂ) is a finite-dimensional space of the same dimension as Q’fa_l and
@/(fz([?) = {0} when a > 0.

Our analysis is based on the principle that linear exterior problems can be solved
by combining their properties in the whole space R* and the properties in bounded
domains. Let us begin by recalling some results in R® previously established by
Amrouche, Girault, and Giroire in [3].

Theorem 1. Let o« > 0 be an integer. The following Laplace operators are
isomorphisms:

_ .3
A W;-P(R3)/@[l_a_%] > WP(R?) L gfﬁ‘ﬂ_ﬁ] if > ¢{l,...,a}

3
AW RY) ) Py o3 > WP (RY) if a>0and = ¢ {1,...,a}.
p

;

3 The Dirichlet problem for the Laplace operator

In this section, we propose to solve the Laplace equation with Dirichlet boundary
condition:

Let p > 1 and f given in W, '*(£2) and g given in W/?"?(I"), find u in Wo”(R2)
solution of:

—Au=f in £, u=g on I. )
We are really interested by the case where « in H; or in H, with
Hy ={a € Z such that « <0 and 3/p ¢ {1,...,—a}}
and
H, = {o € Z such that @ > 0 and 3/p ¢ {1,....a}},

with the convention that {1, ..., —a}or {l,...,a} are empty if « = 0.
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Note that when @ = 0, problem (5) has been studied in [2]. We start our study
by solving the Laplace equation in R*:

—Au=f in R’ (6)

with a right-hand side that has a bounded support.

Lemma 1. Assume that p > 2 and o € 7. Let f in w, P (R?) with compact
support. Then

i) ifa € Hy, problem (6) has a solution u in W!*(R3) N Wal'p(Rz’) unique up to an
element of @[70[7%].

ii) If @ € H, problem (6) has a unique solution u in W,**(R*) N Wal’p(R3) if and
only if

A
VA e '@[a—%]’ s Mm@tz @) = 0- 7

Proof. At first, note that the duality pairing (f,4),, 1. X is well defined

R3)x W2 (R3)
forallf € W, L (R?) with compact support and p > 2.

The proof of point i) and ii) is very similar, so we do only the proof of the first
result (¢ < Oand3/p ¢ {1, ..., —a}). The proof follows the idea of [2]. Since p > 2
and support of f is compact, we have f in W, 1*(R?). Using Theorem 1 we deduce
that problem (6) has exactly one solution u in Wy*(R*)/Z_,_ 1j- The remainder

of the proof is devoted to establish that u in W, (R3). For any positive real number
Ry, let Bg, denote the open ball centered at the origin, with radius Ry; and assuming
that R is sufficiently large for £’ C Bg,, we denote by §2g, the intersection §2 N Bg.
Take Ry sufficiently large so that the support of f is contained in Bg,. Let A and
be two scalar, nonnegative functions in C*°(R?) that satisfy

VY x€Bg, A(x)=1, suppA CBgy+1, YV xeR’ A+ pux) =1
Then, we can write
u=>Au+ pu.

As p is very smooth and vanishes on Bg,, then nf = 0. After an easy calculation,
we obtain that y u satisfies the following equations in R:

—A(uu):=f; in R3

with fi = —(Aw)u — 2V u - Vu. Moreover, owing to the support of u, fi
belongs to L?>(R?). In addition, if ¢ is a Lipschitzian bounded domain, we have
L*(0) — W™14(0) for any 2 < g < 6. Hence, we shall assume for the time
being that 2 < p < 6 and afterward, we shall use a bootstrap argument. Then f;
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belongs to W, '*(R3). Since 3/p ¢ {1,...,—al, it follows from Theorem 1 that
there exists a unique v in W,”(R?)/ P43/, such that —Apu = Awv. Hence
Mu—v is a harmonic tempered distribution and therefore a polynomial belonging to
Wo” (R?) + WL2(R?). Thus there exists a polynomial K € Z)1_y—3/,) C Wa” (R?)
such that yuu = v+ K. Consequently, pu belongs to Wa? (R?). In particular, we have
W u = uoutside Bg, 1, so the restriction of u to dBg,+1 belongs to wl/r'e (g Bgry+1)-
Therefore, u satisfies:

—Au :f in BR(H-I’ ”|3BR0+1 = M u. (8)

This problem has a unique solution u € W!”(Bg,+1). This implies that u €
Woljp (R%) if 2 < p < 6. Now, suppose that p > 6. The above argument shows
that u belongs to W!(£2) and we can repeat the same argument with p = 6
instead of p = 2 using the fact that if & is a Lipschitzian bounded domain, we
have L°(0’) < W~1/(0) for any real number . This establishes the existence of
solution u in W2(R3) N W, ”(R?) of Problem (6).

The next lemma solves problem (5) with homogeneous boundary conditions and
a right-hand side f with bounded support:

—Au=f in 2, u=0 on IT. 9

Lemma2. Let p > 2 and o € Z. Suppose that I is of class C"' and let f in
w, ' (£2) with compact support. Then

i) ifa € H,, problem (9) has a solution u in W*(£2) N W, P (82) unique up to an
element of %{‘2(9).

ii) If @ € H,, problem (9) has a unique solution u in W.2(£2) N W, P(2) if and
only if

YA€ o4, ,(82), =0. (10)

- A2 @iz o)
Proof. The proof of point i) and ii) is very similar, so we do only the proof of the
first result. Proceed as in Lemma 1. Since p > 2 and support of f is compact, we
have f which belongs to W, 2(£2). Due to Theorem 3.5 of [4], problem (9) has
exactly one solution u in W1-%(£2)/ e;z{(fz (£2). The remainder of the proof is devoted

to establish that u in W, (£2). Take Ry sufficiently large so that both the support of
f and 27 are contained in Bg,. Let us extend u by zero in £2’. Then, the extended
distribution denoted by i belongs to W,!*(R?). With the above partition of unity, we
split u into A u + p u and after an easy calculation, we obtain that pi satisfies the
following equations in R3:

—A(pit):=f; in R® with fi=—(Ania—2Vu-Vi. (11
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Suppose at first that 2 < p < 6, then f; € W, ”(R®). Since 3/p ¢ {1,...,—a},
it follows from Theorem 1 that (11) has a unique solution in Wo” (R)/ Z1—4—3/,)

and hence p i belongs to W(,l/” (R?). Thus, as w it = u outside Bg,+1, the restriction
of u to dBg,+1 belongs to W/ e Bg,+1). Therefore, u satisfies:

—Au =f in -QRO-H, M|33RO_'_l =u and u|p = 0,

where $2g,+1 denotes the intersection 2 N Bg,+. Since the boundary of $2g,4 is
of class C!'1, this problem has a unique solution u in W' (£2g,+1). This implies that
u belongs to W (£2) if 2 < p < 6 and the same bootstrap argument extends this
result to any real value of p > 2.

As a consequence of Lemma 2, we can solve the following problem:
—Au=0 in £, u=g on I. (12)

Corollary 1. Let p > 2 and a € Z. Suppose that I is of class C"' and let g in
Wl/”/*”([‘). Then

i) ifa € Hy, problem (12) has a solution u in W}*(£2) N Wal’p(.Q) unique up to
an element of ,Q%sz(.Q).

ii) If @ € Hy, problem (12) has a unique solution u in W2(£2) N W, P (82) if and
only if

VA e A ,(92), <g, g—i> =0, (13)
r

where the duality on I' is defined by:

<.,. >1"=< .y o >H1/2(F)XH_1/2(F) .

Proof. The proof of point i) and ii) is very similar, so we do only the proof of the
second result. Let R be chosen so that §2/ is contained in By and let v be the lifting
function of g satisfying:

—Av =0 in 2%, v, =0 and v|p =g.

This set of equations defines a unique function v in W!”(£2) and when we extend it
by zero outside Bg, the extended function, still denoted by v, belongs to W,/*(£2) N
W, ”(£2). Then problem (12) is equivalent to

—Az=Av in £, z=0 on T, (14)

where A v belongs to w, ' (£2) and has a bounded support and thus belongs to
W, 1-2(§2). Thanks to the density of Z(£2) in W)-2(£2), forall A € M_AM(Q)
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oA A
(A0, )y 120512 (0) = _<%’ v>1‘ - _<5’g>r '

Applying (13) and Lemma 2, we deduce that problem (14) has a unique solution z
in W!2(£2)n Wo,1 ?(£2). Thus u = z + v is the unique solution of problem (12).

The next theorem characterizes the kernel %ﬁ, (£2) with @ € H, of the Laplace
operator with Dirichlet boundary conditions. We will start by p > 2 and we shall

see at the end of this section the characterization of the kernel %%p (£2) whenp < 2.

Theorem 2. Assume that p > 2 and a € H, and suppose that ' is of class C"'.
Then

Ay, (£2) = {0}

Proof. The proof follows the idea of [5]. Let p > 2 and @ € H,. Let z be an element
of sszp(.Q) and let us extend it by zero in £2’. The extended function, denoted by Z
belongs to wa? (IR?) and thus A Z belongs to w, 7 (IR?) with compact support. Since

3/p) ¢ {1,...,a}and (AZ,A) = Oforall A € 224 1],it follows from Lemma 1

[o—3
that there exists a solution w in W1-*(R%) N WP (R?) such that AZ = Aw. Hence

w — Z is a harmonic tempered distribution belonging to Wa? (R3) and thus w — %
belongs to ﬂﬁ_a_3 )" Since o > 0, we deduce that w—z = 0. Therefore, z belongs

to %{‘2 (£2) which is reduced to {0} (see Proposition 1).

Remark 1. 1. Note that if « = 0, %ép(ﬂ) has been studied in Theorem 2.7 of
[2]:

i) If1 < p <3,.9(2) = {0}.
i) Ifp > 3,

A (2) ={w(l) =1 with 1 € R},
where w(1) denotes the unique solution in W!2(£2) N Wo? (£2) of the
following equations:
—Aw(A)=0 in £, wA)=A on TI. (15)
2. We shall see at the end of this section that in fact ;zfofp (2) ={0}forl <p<?2
and @ > Osuch that 3/p" ¢ {1,...,a}.
The proof of the following theorem is very similar to that of Theorem 2.

Theorem 3. Assume that1 < p < oo and o < 0 such that3/p ¢ {1,...,—a}, with
the convention that this set is empty if @ = 0 and suppose that T is of class C"'.
Then

%ﬁ,(!)) = {w()L) —A with A € 33[1_0,_3/,,]},
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where w()) denotes the unique solution in W1*(§2) N WOI,"’(Q) of problem (15) if
p > 2 and w(L) denotes the unique solution in Wy (£2) of problem (15) if p < 2.

We are now in a position to solve problem (5) for p > 2.

Theorem 4. Let p > 2 and o € 7. Suppose that I' is of class C'*' and let f in
W '*(82) and g in W'/P'?(I"). Then

i) ifa € Hy, problem (5) has a unique solution u in Woll’p(.Q)/%ép(.Q).

ii) If o € Hy, problem (5) has a unique solution u in Wal’p(.Q) if and only if

aA
A
VA € d—ap/(g)’ (f ),) IP(Q)XWIP(Q) <g, 8n>r, (16)
where the duality on I' is defined by:

<.,.>r=<.. >WI/P/«P(F)XW_I/I’,J’,(F) .

Proof. Note that the case p = 2 has been studied in Theorem 3.5 of [4]. So we can
suppose that p > 2. The proof of point i) and ii) is very similar, so we do only the
proof of the second result. The proof can be done in two steps:

First case: we suppose that g = 0. We want to extend the data f by zero in §£2’. As f
belongs to W, — (£2), it follows from Corollary 1.3 of [1] that there exists a function
F in WOP (£2) such that f = div F in £2. Let F denote the extension by zero of F in
' and set f = div F. Then f belongs to W, L (R3). It follows from Theorem 1 that
there exists a unique w in Wa? (R?) such that —A W = f in R?. Denoting by w the
restriction of W to £ and by yw € W/ P-P(I") the trace of w on I'. Thanks to the
density of Z(£2) in wa? (£2), we have for all A € o7 _Aa,p/(Q)

A
P Ay @ity @ = AW Ayvouity @) = <5’_yw>r'

Applying (16) and Corollary 1, we have the existence of a unique solution £ in
W,2(£2) N W, (£2) such that

—AfE=0 in 2, £&=—yw on [I. an
Hence, u = w + £ belongs to W7 (£2) and satisfies problem (5) with g = 0.
Second case: nonhomogeneous boundary data. Each g in W'/?'?(I") has a lifting
function v introduced in the proof of Corollary 1. Then problem (5) is equivalent to

—Az=f+Av in £, v=0 on I. (18)

As f + A v belongs to W;l’P(.Q) and for all A € &Z/_Aayp, (£2) we have
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oA
(f+ Av, A) 1p(9)xw15 @) —<5,g>r + (f,/x)wjl.p(.(z)xv?/l‘g’(ﬂ) =0,

it follows from the first case (g = 0) that problem (18) has a solution in Wo[1 P(2).
Hence u = v 4 z belongs to W, ? (£2) and satisfies problem (5). Uniqueness follows
from the definition of the kernel .%fp (£2).

The following existence result can be stated via a dual argument.

Theorem 5. Suppose that 1 < p < 2 and o € H, and assume that I' is of class
C"!. Then for any f in Wa_]’p(.Q) and g in W\P'P(I") such that (16) is satisfied,
problem (5) has a unique solution u in Wol,’p(.Q).

Proof. i) First case: we suppose that g = 0. Then problem (5) has the following
equlvalent variational formulation: Find u in Wap (£2) such that for any ¢ in
Wi (),

=200 w2 = V@it @)

According to Theorem 4, for any f in Woa? ' (£2) there exists a unique solution
@ in W_g (Q)/dﬂa ,(£2) such that —A ¢ = f in £2 and we have

f / < Moy . 1
0 1 g gy = Uy (19

Let T be a linear form defined from W, ” ' (£2) onto R by:
T: (f) = (f (,0) IP(Q)XWII; @)
Observe that for any f/ € W_, L (£2) and A € ,Q/A ,(SZ) we have

TGO = 140 + Vot |

< W llyro 10+ A1y o) = CU Ly 1 o1

Thus the linear form 7 is continuous on the following space Wt /(.Q) and we
deduce that there exists a unique u in wa? (£2) such that

7 —
T(f) - (u,f) IP(Q)XW lp (9) )
with

||M||W1p(9) C|lf|| ]/’(_Q)
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By definition of 7, it follows

—_— / ,
@)yt @ = S Vo ayew=iv @)

which is the variational formulation of problem (5).

ii) Second case: the nonhomogeneous boundary data, i.e. u = g on I'. Each g in
WYY P(I') has a lifting function v in wa? (£2). Then problem (5) is equivalent
to (18) and to conclude, we can use the first case.

In the same way, we can prove the following theorem:

Theorem 6. Suppose that 1 < p < 2 and o € Hy and assume that I is of class
CV1. Then for any f in Wa_l'p([Z) and g in W'P'P(I"), problem (5) has a unique
solution u in Wy " (2)/ 4,5, (£2).

Proof. i) First case: we suppose that g = 0. Then problem (5) has the following
equivalent variational formulation: Find u in Wa? (£2) such that for any ¢ in
Wi2'(2),

(=A@ g0 ew=i @) = O Pyt @iyl @)

According to Theorem 4, for any f’ in Wl (£2) L #7,(£2) there exists a
unique solution ¢ in X?VLZ/(Q) such that —A ¢ = f” in £2 and we have

111127 ) = U My o 20)
Let T be a linear form defined from W, ' (£2) L %Ap (£2) onto R by:
. /
T: (f) = (f, (p>Wa_]‘1’(Q)xl7VL1&/(Q) .
Observe that for any f/ € Wa? / (£2), we have

|T(f/)| = | (f’ (p)Wa_l'P(Q)XV?/L{;/(Q) |

= Wl o 191l gy < CUPI oyt -

Thus the linear form T is continuous on the following space W ' (£2) and we
o
deduce that there exists a unique u in Wi’p (£2) such that

no_ 7
() = {u.f )v‘f/;"’(.(z)xw:;’”’(rz) ’

with
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| |I/l| |W01,'p((2) = C| lf| |Wa_1~1’(9)'

By definition of T, it follows

—_— / ,
@) yroamivtsl @ = S Vo ayew=av @)

which is the variational formulation of problem (5).

ii) Second case: the nonhomogeneous boundary data, i.e. u = g on I". Each g in
WP P(I") has a lifting function v in WP (£2). Then problem (5) is equivalent
to (18) and to conclude, we can use the first case.

The next theorem summarizes the result of this section.
Theorem 7. Let I" be of class C' if p # 2 or Lipschitz-continuous if p = 2. Let f
in Wy ""(2) and g in WP P(I") with o € Z. Then
1. ifa € Hy, problem (5) has a unique solution u in Wol[p(Q)/,fop(Q).

2. If o € Hj, problem (5) has a unique solution u in WO(1 P (§2) ifand only if f and g
satisfy the compatibility condition (16).
3. If o = 0, problem (5) has a unique solution u in W (Q)/%ﬂy(ﬂ) ifp>2and

if p < 2, problem (5) has a unique solution u in Wo? (£2) if and only if f and g
satisfy the compatibility condition (16).

In addition, there exists a constant C, independent of u, f, and g, such that

||M||Wolt'p(9)/<%4p(9) =C (HfHWa—LP(_Q) + ||g||W1/p/.p(1")> . (21

We will prove now a regularity result, when the external forces belong to W2’P (£2)
with ¢ € Z.

Theorem 8. Let I' be of class C'' if p # 2 or Lipschitz-continuous if p = 2. Let f

in Wg’p(.Q) and g in Wl'H/p/’p(I") with o« € Z. Then

1. if « € Hy and 3/p + o # 1, problem (5) has a unique solution u in
Wel (2)) 2, ().

2. If o € H,, problem (5) has a unique solution u in Wo,z‘p(Q)/%A_l.p(Q) if and
only if f and g satisfy the compatibility condition (16).

3. Ifa = 0and p # 3, problem (5) has a unique solution u in Wg’p(ﬂ)/ﬂflﬁ(ﬂ).

In addition, there exists a constant C, independent of u, f, and g, such that

lillyze gy oy < € (W1l oy + Ngllwrsriragr ) - (22)

Proof. The proof of point 1), 2), and 3) is very similar, so we do only the proof of the
second result. First observe that W2=1/P?(I") < W'/P"»(I") and since 3/p’ # o we
have Wo” (2) < Wa__ll’”(.Q), then we deduce thanks to Theorem 7 that problem (5)
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has a solution u € WO[1 7 (£2) unique if @ > 2 and unique up to an element of
gz/()é) (£2) if o = 1. The rest of the proof is similar to that of Lemma 2, we introduce
the same partition of unity as in Lemma 2. With the same notation, we can write

u=Au+ pu

Let us extend u u by zero in £2’. Then, the extended distributions denoted by i u
belongs to Wal;pl (R3). A quick computation in 2’(R?) shows that jtu satisfies the
following equations:

—A(w) = fi
with
fi=puf—(Awi—2Vu-Vi.

Moreover, owing to the support of w, fi belongs to W;”P R L 9@_3 ot
According to Theorem 9.9 see [3], there exists z € wa? (R3) such that Az = A(jru)
in R (zis unique up to an element of &p_y_3/,)). Hence z — jtu is a harmonic
tempered distribution belonging to Wa” (R?) + W7, (R?), therefore a polynomial
ke Pp_g-s)p C WZ2”(R3). Then, we deduce that i = z-+k belongs to W27 (R3).
In particular, we have tu = u outside Bg,+1, so the restriction of u to dBg,+1
belongs to W?~1/P?(3 Bg, +1). Therefore, u satisfies:

—Au =f in QR()-H ulaBR0+l = /T74 and M|1" = 4g.

Since the boundary of g+ is of class C'!, this problem has a unique solution
u in W??(§2g,+1). This implies that u belongs to wer (£2). The uniqueness of the

solution u follows from this inclusion W2" (£2) C Wollfl (£2) which is valid if 3/p +
a # 1 and since « > 0 this inclusion holds.

Remark 2. To prove the uniqueness of the solution « in Theorem 8 we need to have
the following condition:

3/p+ o #1. (23)
because the inclusion Wo” (£2) C Wol[fl(.Q) holds if (23) is satisfied.
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About the quotient of two bounded operators

Abdellah Gherbi and Bekkai Messirdi

Abstract The quotient operators are introduced in order to extend the class of all
closed operators acting on a Hilbert space H. In fact, Kaufman proved in Kaufman
(Proc Am Math Soc 72:531-534, 1978) using A and B such that R(A*) + R(B*) =
{A*x + B*y : x;y € H} is closed in H, that a linear operator 7 on H is closed if and
only if T is represented as a quotient B/A. So that every closed operator is included
in the class of quotients. Moreover, he proved that if T is a closed densely defined
operator, then T is represented as T = B/ (I —B*B)% using a unique pure contraction
B, i.e., an operator such that ||Bx|| < ||x| for all nonzero x in H. In this paper we
attempt to study some algebraic and topological properties of quotient operators
acting on Hilbert space, such that the boundedness, compactness and invertibility,
other results such that the powers of quotient and the quotient character of limit of
converging sequence of quotient operators are also established.

Keywords Quotient operator * closed range ¢ generalized inverse * nilpotent

idempotent and compact operator

2010 Mathematics Subject Classifications: 47 A0S

1 Introduction and preliminaries

Throughout this paper, let Z(H) denote the algebra of all bounded operators
acting on a complex Hilbert space H equipped with the inner product (.;.) and the
associated norm ||.||. For T closed densely defined linear operator on H, we denote
by N(T) and R(T) the null space and range of T. For two bounded operators A and
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B in #8(H) with the kernel condition N(A) C N(B), we define the quotient operator
B/A to be the mapping Au —> Bu for all u € H. It’s clear that R(A) and R(B) are,
respectively, the domain and the range of B/A. Note that the quotient of two bounded
operators is not necessarily bounded. It was shown in [9, 10] that the sum and the
product of two quotients are again represented as quotients, and that if a quotient
operator is densely defined, its adjoint is also represented as quotient. In [12] W. E.
Kaufman showed, using A and B such that R(A*) + R(B*) = {A*x+B*y : x;y € H}
is closed in H, that a linear operator T on H is closed if and only if T is represented
as a quotient B/A. So that every closed operator is included in the class of quotients.
Moreover, he proved that if 7 is a closed densely defined operator, then T is
represented as T = B/(I — B*B)% using a unique pure contraction B, i.e., an
operator such that ||Bx|| < |x|| for all nonzero x in H. Let the function I" defined
by I'(B) = B/(I — B*B)%, then W. Kaufman proved that there is a one-to-one
correspondence between %o(H) and €' (H) via I'. This function is also used to
reformulate questions about unbounded operators in terms of bounded ones

* In[12, 14], Kaufman proved that the map I" preserves many properties of oper-
ators: self-adjointness, nonnegative conditions, normality, and quasinormality.

* In [8] Hirasawa showed that a pure contraction B is hyponormal if and only
if T = B/(I — B*B)% is formally hyponormal , and if B is quasinormal then
T" = B"/(I — B*B)? is quasinormal for all integers n > 2.

The aim of this paper is to characterize some algebraic, topological properties of
quotient operator. In fact, our work is organized as follows:

In the second section we study some algebraic and topological properties of
quotient operator such as boundedness, compactness, invertibility. The powers
of quotient (idempotent, nilpotent, and quasi-nilpotent quotients) and the limit of
converging sequence of quotient operators are also established.

Throughout this paper, B/A is quotient operator of two bounded operators
A,B e B(H).

2 Mains results

2.1 Bounded, compact quotient operator

First, we recall the Douglas majorization lemma.

Lemma 1 ([5, 6]). Let A,B € ZB(H). Then the following conditions are equiva-
lent:

1. R(B) C R(A).

2. BB* < AAA*.
3. There exists a bounded operator X € J8(H); such that B = AX.
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If one of these conditions holds, then there exists a unique operator D € B(H) such
that AD = B and R(D) C R(A*). D is called Douglas solution of the equation
AX =B

For a quotient operator B/A, we can easily deduce from this lemma the following:
Corollary 1. If R(B*) C R(A*), then B/A is bounded.

Proof. Since R(B*) C R(A*), there exists X* € Z(H) such that A*X* = B*, in
other words, B = XA where (X*)* = X. Hence X is a bounded extension of B/A,
so, B/A is bounded on H.

Obviously, if R(B*) C R(A*), then N(A) C N(B). Thus, for what conditions on A
and B we have the converse implication?
As answer of this question, we have the following result due to Barnes [2].

Proposition 1. For two bounded operator A,B € %(H) such that A has closed
range and N(A) C N(B) we have R(B*) C R(A™).

This proposition imply immediately the following:

Theorem 1. If B/A is quotient operator with closed domain, that is, R(A) is closed
in (H), then B/A is bounded.

Recall from [1, 4] and [15] that if R(A) is closed, then there exists a unique bounded
operator AT called the Moore penrose generalized inverse of A such that

AATA = A; ATAAT = AT; ATA)* = ATA;
(AAT)* = AAT; ATA = Pyuiy; AAT = Ppeay.
This yields a question about the expression of the quotient operator B/A using A'.

For this, we have the following corollary.

Corollary 2. If B/A is quotient operator with closed domain, then B/A = BAT.
(Respectively, if A is invertible, then B/A = BA™").

Proof. Tt follows immediately from the properties of AT. It my be very important to
note that Kaufman proved in [13] that the quotient operator is only what was called
semi closed operator and we obtain from [3] and [17] the following result:

Corollary 3. If B/A is quotient operator, then it is bounded from (R(A), (., .)g/4)
onto H, where (., .) g4 is the inner product define for all x,y € R(A) by

(. ¥)p/a = (x.5) + ((B/A),. (B/A),)

Recall from [7, 11] that an operator T € Z(H) is called compact if for any
bounded sequence (f,,),en in H, the sequence (7f;).en has a Cauchy subsequence.

According to this definition, we characterize the compact quotient operator as
follows:
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Proposition 2. B/A is also compact if only if B is compact on H.

Proof. Let (f,)nen be a bounded sequence in H. Since A is bounded in H, the
sequence (Af,),en is also in H, and by the compactness of B, the sequence
((B/A)Af)nen = (Bfy)nen has a Cauchy subsequence in H. Hence B/A is compact
on H. With similar manner we prove the converse implication.

Note that if B/A is compact, then B/A is bounded. In fact, we have

sup [|(B/A)f]| < o0
i<t

Otherwise we have a sequence (f,),eny With ||f,]| < 1 for all n € N such that
lim | (B/A)f,|| = oo, which excludes the existence of a Cauchy subsequence of
n—>0Q

((B/A)fu)nen.

Corollary 4. The quotient of two compact operators is compact.

2.2 About the inverse of quotient operator

Our intention in this paragraph is to prove the following theorem concerning the
invertibility of quotient operator.

Theorem 2. Let B/A be a quotient operator on H. Then

1. IfN(A) = N(B), then B/A is invertible and (B/A)™' = A/B.
2. If B/A is a bounded quotient with a closed range R(B) in H, then B/A has a
generalized inverse (B/A)" = ABT

(B/A)T is then called the Moore-Penrose generalized inverse of B/A.

Proof. 1. The operator A/B is well defined from the condition N(A) = N(B).
Since the domain of A/B is R(B), we notice that the compositions

(A/B)(B/A) : Au —> Bu —> Au forallu e H
(B/A)(A/B) : Bv —> Av —> Bv forallv e H

give the desired equality.
2. If B/A is bounded, then R(A) is closed in H and B/A = BA'. Thus,

(B/A)'(B/A) = AB'BAT = A(B'B)AT = Pgey

(B/A)(B/A)" = BATAB' = B(ATA)B' = P
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Corollary 5. The quotient operator B/A has an everywhere defined and bounded
inverse if and only if the operator B is invertible and

T7!'=A/B=AB""!

For a closed densely defined operator T € 4’ (H) we have the following theorem.

Theorem 3. Let T € €(H) represented by T = I'(B) = B/A = BA™' with
Be 6 (H)andA = (I— B*B)%. If BY exists, then T exists and T' = ABT.

Proof. Define S = AB'. By the definition of I'(B), we have D(T) = R(A) and
R(T) = R(B). Since B*B commutes with B'B, and AA~'x = x for any x € R(A),
we have

STx = AB'BA™'x = B'BAA™'x = B'Bx
for any x € D(T'). On the other hand,
TSy = BA"'AB'y = BB'y

for any y € R(T), and the uniqueness of T implies that § = 7.

2.3 Powers of quotient operator

First, we note that it is necessary to assume that R(B) C R(A), so that we can discuss
about the powers of the quotient operator B/A.

Theorem 4. Let B/A be quotient of two commuting bounded operators A and B
such that R(B) C R(A). Then

(B/A)" = B"/A" foralln € N.

Proof. We proceed by induction on the values of n using the definition of product
of quotient operators.

The quotient B/A is nilpotent (resp. idempotent) if R(B) C R(A) and (B/A)> = 0
(resp. (B/A)? = B/A). This implies immediately the following.

Theorem 5. The quotient operator B/A is nilpotent (resp. idempotent) if the
solution X of the Douglas equation AX = B is nilpotent (resp. idempotent).

It follows from this theorem that the quotient of two idempotent operators is
idempotent, and that if B is nilpotent then B/A is again nilpotent.

In general, for n € N, B/A is n-nilpotent (resp. n-idempotent) if AX = B and
X" =0 (resp. X" = X).
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The quotient operator B/A is said to be quasi-nilpotent if it is a null spectral
radius, that is

lim | (B/A)"Ax||" = 0
n—-o0

Theorem 6. The quotient operator B/A is quasi-nilpotent if the solution X of the
Douglas equation AX = B is quasi-nilpotent.

Proof. Since
(B/AY"Ax|" = |[AX"x||* for all x € H.

Then, if X is quasi-nilpotent, we have

. P . Lo ol
lim [|(B/A)"Ax||» = lim [[A[]"[X"x[|» =0
n—>-o0 n—>-o0

2.4 Limit of a sequence of quotient operators

In the following theorem, we prove that the limit of a converging quotient operators
sequence is also quotient operator.

Theorem 7. Let (B,/A,)nen be a sequence of quotient operators converging to an
operator C with domain 2(C) = ﬂN R(A,) N K, where K the Hilbert space of all x
ne

in H such that lim (B, /A,).x exists. Then C is quotient of two bounded operators.
n—-00

Proof. First let Q, = B, /A, for all n € N. As we have done above (Corollary 3),
we consider for all (x,y) € (2(C))? the inner product:

e yle = (eyle +{Cx, &) = (xy)k + i (Qnx, Ony)-
n o0
We now show that (Z(C), ||.||c) is complete.
Let (x,;)men be a Cauchy sequence in (Z(C), ||.||c). Clearly, (x,;)men is Cauchy

in K, H and (R(A,). ||.|l0,)- Hence, (x,,)men converges to x in Z(C). We have from
Corollary 3

”anm - an” 0.
m—>0Q
Therefore
X —xllc = xm —xllx + lim [[Qnx — Quxl| —>
n—-0o0 m—00

So, (2(C), ||.llc) is complete.
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It follows from a result of Mac-Nerney [16],Theorem 3 that there exists an

operator A € Z(H) such that R(A) = 2(C) and for all (x,y) € (2(C))?

()C, y)C = (A_lva_1y>

Set B = CA. Then we have for all x € H

I1Bx]|* < (Ax, Ax)c < |lx]®

Hence, B is bounded on H and C is the quotient B/A.
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Exact Controllability For Korteweg-De
Vries Equation and its Cost in the
Zero-Dispersion Limit

Hajer Dbebria and Ali Salem

Abstract In this paper, we consider the problem of exact boundary controllability
of a linear Korteweg-de Vries (KdV) equation in a bounded domain when the
condition for the control is the difference between the derivative of the solution in
the left and right endpoint. We prove the existence of a countable set of critical
lengths out of which we have the exact controllability. In the second part of
this paper, we study the behavior of the optimal control and how the cost of
controllability evolves as the dispersive term brought to zero.

Keywords Exact Controllability * Korteweg-de Vries equation ¢ Hilbert Unique-
ness Method (HUM) ¢ Ingham’s inequality ¢ Cost of null controllability

1 Introduction and Main Results

The Korteweg-de Vries (KdV) equation:

Ve Yx + Yo T Y0 =0, (D

may serve as a model for propagation of small amplitude long water waves in a
uniform channel. In this context, ¢ is the time variable, x is the space variable, and y
the state, stands for the deviation of the liquid surface from the equilibrium position.

Let us be more specific on the problem under view. Let 7 > 0 (final time), L > 0
(the length of the domain), and yo, yl e H -1 (0, L), does it exist a control function
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v(t) € L*(0, T) such that the solution of the following Cauchy problem:

Vit e+ =0 in (07 T) X (O,L),
y(t,0) =y(t,L) =0 in (0,7),
ye(t, L) = yx(2,0) = v(1) in (0,7),
¥(0,x) = y"(x) in (0,L)

2

satisfies y(T', x) = yr(x)?

Here, ¢ is a positive dispersion ccefficient and v(r) € R constitute the control of
our system.

In this paper, we are interested in two types of controllability results concerning
this system. These two types are the following.

* First, we consider the problem of exact controllability for system (2), when the
dispersion coefficient is fixed (Theorems 3).

* Next, we are interested in how the cost of null controllability evolves as the
dispersive term tends to O (Theorem 4).

Many results of controllability have been studied in recent years for KdV equa-
tion (1). In particular several different cases have been considered: the case where
all three boundary conditions are used as controls (see [4]). If we act on the left
Dirichlet boundary condition and homogeneous data is considered at the right,
then the system behaves like a heat equation and only null controllability can be
proven [6, 11]. On the other hand, if we act on the two right data and homogeneous
boundary condition is considered at the left, then the system behaves like a wave
equation with an infinite speed of propagation (see [10]). When we put only
one control input at the right endpoint and keep homogeneous the other two
boundary conditions: there exist some spatial domains (intervals of some given
lengths) for which the corresponding linearized KdV equation is not any more
controllable [10, 11]. In spite of that, in these critical cases the nonlinearity gives
the exact controllability of the nonlinear KdV equation [2, 3, 5].

This paper is organized as follows. In Section 2, we recall the well-posedness
results for the linear KdV control system and prove the exact controllability. It
is done by using spectral analysis and the HUM method; see [9]. In Section 3
we establish that the cost of null controllability will dramatically increase as the
dispersive term brought to zero.

2 Exact Controllability

In this section we aim to apply the HUM [9], so we have to study the backward
problem:
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Z+ 2+ € =0
z(¢,0) = z(t,L) = 0,

3
2t L) = 2,(1.0) = 0, ®
2T, x) = 7' (x).
Performing the change of variables T = T — f and § = —x in (3) and replacing
(1, ) by (z, x), we get the following homogeneous problem:
2+ 2+ &2 = 0,
2(¢,0) = z(t,L) = 0, @)
Zx(ta L) - Zx(t7 0) = Oa
2(0,x) = 2(x).
We begin by showing the well-posedness of homogeneous problem (4).
2.1 Well-posedness of Cauchy Problem
Let A denote the operator
A CT> = — EZuxx (5)
on the (dense) domain Z(A) C L?(0, L) defined by
7(A) 1= [z € H(0,1):2(0) = 2(1) = 0:2,(0) = z(L)}. (©)

Hence, from the classical semigroup results, one sees that the operator A is an
infinitesimal generator of a continuous group. Also it’s not difficult to see that the
skew-adjoint operator A has a compact resolvent. Hence the spectrum o (A) of A
consists only of eigenvalues. Furthermore the spectrum of A is a discrete subset
of iR and the eigenfunctions form an orthonormal basis of H'(0, L). We denote by
(idi)kez the eigenvalues of A and by (¢ )rez its eigenfunctions. We can then state
the following well-posedness result:

Theorem 2.1. For any z° € H'(0,L), there exists a unique solution of the
homogeneous problem (4), which belongs to H' (0, L) and is given by:

2(t,x) =Y ey eilk’zgqﬁk(x),
0 _ k
2= rez 2Pk

(7
Moreover,

VeeR: |zt laio.r = lzollao.n)-
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Let us now define what we mean by a solution of our control system (2).

Definition 1. Lete >0, T > 0, yo € H~'(0,L) and v € L*(0, T). A solution of
the nonhomogeneous problem (2) is a function y € C([0, T], H~'(0, L)) satisfying
y(0) =y andV r €[0,7], V* € H(0,L),

T
<y(0).2(1) >_1=< 0.2 >, +/ ez (t, L)v(t)dt.
0

With this definition, we obtain the following result

Proposition 1. Lete > 0, T > 0. Let y° € H'(0,L) and v € L*(0,T). Then the
problem (2) has a unique weak solution (defined by transposition).

2.2 Observability of the Homogeneous Problem

In this subsection, we apply the duality between controllability and observability
which reduces the control problem to an observability problem to the adjoint
problem (3). There are many techniques that are useful to address the problem of
observability such as the Ingham’s inequalities.

2.2.1 Ingham’s Inequality

Lemma 1 ([7]). Let T > 0. Let (Bi)rez € R be a sequence of pairwise distinct real
numbers such that

lim Byi1 — B = +o0.
|k]—o00

Then there exist two strictly positive constants c¢1(T) and c,(T) such that for any

sequence (yiiez € R satisfying Y cp V2 < 400, the series f(1) = Y,z YiePH!
converges in L*(0, T) and satisfies

T
A Y= [ 0P d=amy

keZ 0 keZ

In order to apply this lemma we first study the sequences of eigenvalues and
eigenfunctions of A.

Proposition 2. The real numbers (Ay) ey, have the asymptotic form

B3

L3

Ar = 8¢ + o(k*) as k — Fo00. ®)
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Proof. The eigenvalue problem to be considered is

_¢/ _ 8¢/// — l},qb,
¢(0) =¢(L) =0, )
¢'(0) = ¢'(L).

The characteristic equation of (9) is

e +z74+il=0 (10

Let us denote a solution of this equation z = 2ia, where a € R. It follows that the
eigenvalues are

A = 2a(4ed® —1).

Thus the three solutions of (10) are

1 1
20 =/ 3a> =~ | —ia, z1 = —[| 3a> — = | —ia, 7, = 2ia.
e e

We distinguish 3 cases.

1
1. 3¢> — - < 0.

€
In this case, it is easy to see that the eigenfunction ¢ of A associated with the
eigenvalue A = 2a(4ea® — 1) may be written

d(x) = e P cos(xy/ —(3a* — é)) + 7l sin(xy/ —(3a* — é)) + ye?ia

where «, 8, and y are some constants such that:

$(0) =¢(L) =0 and ¢'(0) = ¢'(L).
That means, such that

a+y=0.

i 1 . 1 .
e “acos(Ly/—(3a2 — =) + e “FBsin(Ly/—(3a2 — -)) — ae 2l — (.
€ e

1)
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—3iaot+,3,/—3az+l
&
= —jage " (oc cos(L,/—B)a2 + é) + Bsin(L /—(3a2 _ é)))

) 1 1
— e [ =3a® + = sin(Ly/—3a® + -)
& &
—ial 1 1 . il
+ e "B/ =3a? + — cos(Ly/ —3a% + —)) — 2iace™". (12)
& &

From (11), one obtains

el —cos(Ly/—(3a* - —))
B =
sin(L/ —(3a* — —))

Taking the real part of equation (12), one obtains that a must satisfy

\/—(Ba® — é) cos(2aL) = 3asin(aL) sin(Ly/ —(3a® — é))+
\ — (3@ — é) cos(aL) cos(Ly/ —(3a® — é)) (13)

The number of parameters a satisfying (13) is finite and depends on L and e.
As if a satisfies (13), then (—a) so, we find in this case 2N, eigenvalues
{Anper oo s Al Al A, )
, 1
2.3¢°——=0
£
In this case, we don’t find any eigenfunction satisfy the boundary conditions.
3. 3a? Lo 0
. 3af — —

€
In this case, it is not difficult to see that the eigenfunction ¢ of A associated
with the eigenvalue A = 2a(4sa® — 1) may be written as

. 1 . 1 ,
¢ (x) = e @ cosh(x/3a? — ;) + e B sinh(x/3a% — E) +ye?= (14)

where «, B, and y are some constants such that ¢(0) = ¢(L) = 0 and ¢’'(0) =
¢’(L). That means, such that

a+y=0,
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. 1 1 i
etk (a cosh(Ly/3a> — =) + B sinh(L,/3a® — —)) —a =0 (15
&€ &

; 1 1
— iae™" (a cosh(L4/3a* — —) + B sinh(L4/3a% — —)) +
e &

. 1 1 1
e L [3q2 — — (a sinh(L4/3a® — =) + B cosh(L+/3a? — —))
& € &

A 1
— Qiawe® ™t = —3iaa + B/3a> — ~L.  (16)
&

We deduce from (15)-(16) that

. 1
¥ — cosh(Ly/3a? — —)
p=ua £,
sinh(L,/3a% — %)

and

1 1
—3aa + I (B)/3a*> — — = —3ac cos(2aL) + ay/3a> — — sin(—alL)
3 &

<sinh(L 3a? — %) + Z(B) cosh(L+/3a®> — é))

+4/3a% - écos(aL)ﬂ(,B) cosh(L4/3a% — é).

From these equations, one obtains that a satisfies the following one

1 1 1
—3asinh(L/3a’—-) sin(al)+/3a?—— cos(2aL)— cosh(/3a’—-) cos(aL)=0.
3 & &

17
If one neglects the terms e~2V3% =% as @ — 00, one gets

oL V3T _ cos(2al) . cos(2aL3T
cos(aL — 5)

3 1
\/7— sin(al) + 3 cos(aL)

and hence there exists a unique solution ayy, , defined by equation (17) and given
asymptotically by



300 H. Dbebria and A. Salem

5tk sm_k
ak:6_7LT+TH+O( ) (respectively a_ k—6—L7T——7T+0( ). (18)

The associated eigenfunction ¢ is

i 1 &3l — cosh(L/3a? — %) ) 1
dk(x) = oy | e | cosh(xy[3a2 — —) + sinh(xy/3a? — —)
€ sinh(L,/3a2 — 1) €

— e (19)

where oy is chosen in such a way that || ¢ ||z = 1. Thus, from (18), one
deduces the asymptotic behavior of the eigenvalues and therefore the proof of this
proposition is complete. O

From the proof of the last proposition, we deduce the following lemma.
Lemma 2. There exists a constant C > 0 such that

o L]

R =C. (20)

Proof. By using the formula of the eigenfunctions, we get

| (L) 1= o |

1 [ cosh(Ly/3a} — 1) oL
—3iay + 3a,% - - _
€ \ sinh(L(/3a? = 1)  sinh(L/3a? - 1)

With (18), we find that

@) | _ o ‘_3 T, f‘

k—+o00 | k
27r\/§
> 0.
L

=|a|

We apply the Ingham’s inequality lemma to the function:

F) =Y e = e2,(1.L)

kEZ

where
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Vi = ezsdp(L).
VkeZ, =3, b € H(O, L),
Br = Ar.

Then, we get the existence of two constants ¢;(T), ¢2(T) > 0 (see [8]) such that for
any 2 e H(0,L),

T
ciy &z Pl IP< / | ezo(t.L) [P dt < 2y & | 26 [P] ¢u(D) |7 .
kEZ 0 kEZ
Q1)

Remark 2.1. The left-hand inequality in (21) is called an observability inequality
and the right-hand one is called an admissibility inequality.

We can estimate by above this two inequalities in terms of the H'-norm of z°. In
order to do that the following condition

Vk e Z, ¢(L) # 0 (22)

is required.
In the following lemma we focus on the length of the domain L such that ¢; (L) # 0.
Lemma 3. Let L > 0. Consider the following assertion:

(&) : 31 € C, 3p € H*(0,L)\{0} such that:

% A(p_i_(p/_i_gw/// — 07
9(0) = o(L) = ¢'(0) = ¢'(L) = 0.

Then (/) & L€ N, = %2n,/gk2+’++ﬂ; k1€ N*} :

Remark 2.2. 1. Y ,c; k* | 25 |? is the square norm of ||zo||?

H(0.L)" In fact, we have

2

Z 200k

kEZ

= A+ [ D) (23)

H'(0,L) keZ

2
”ZOHHI(()!L) =

From the asymptotic form of the eigenvalues, we can deduce

lzollz 00y = (14 | 1 D?? 1 26
keZ

= > (CE@)PR | 2 [ +o(1/k)*".
kEZ
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2. Given the asymptotic behavior of ¢; (L) as k — o0, there exist two constants
m(L) and M (L) such that

| m(L) | k =| ¢p(L) |<| M(L) | k

With those remarks we obtain the following result:

Theorem 2.2. Let7° € H! (0, L), there exist two positive constants cr e and Crp ¢
such that

T
CT,L.SHZOHEI(OYL) = / | e2:(1, L) |2 dr < CT,L.SHZO”zl(OYL) (24)
0
LZ 2
where crp . = _zclm(L)284/3 and Crp . = chM(L)Ze“/3 with ¢, ¢, are the

constants of Ingham’s lemma.

2.2.2 Application of HUM

Thanks to the observability inequality, we can apply the Hilbert Uniqueness Method.
We consider the map:

A: HY0,L) - H'(0,L)
2 y(T,.).

where y is the solution of nonhomogenous problem (2) and z the solution of
homogeneous problem (4). Thanks to the time reversibility of (2) and Proposition
1, A is a well-defined continuous map from H'(0, L) into its dual H~'(0, L). On the
other hand,

T
< A(ZQ),ZO >H_],H]: / | Szx(t, L) |2 dt.
0

Thanks to the following observability inequality

T
CT,L,5||Z()||211(0’L) =< [0 | ez,(t, L) |2 dt,

we conclude that

2

L
< A(z0),20 >—11> CT,L,g||Zo||,%,1(0'L) where cr 1, = mcl | m(L) |2 3.
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We deduce then from the Lax-Milgram’s theorem [1] that A is an isomorphism
from H'(0, L) into H~'(0, L). We now prove the exact controllability of the linear
KdV equation and we have the following theorem of controllability.

Theorem 2.3. Let T > 0 and L > 0 be such that L € R\ where

M 5= {2n,/8w, k, 1 € N*}. Let yo, yr € H'(0, L). Then there exists
a control v € L*(0, T) such that the solution of (4) satisfies y(T,.) = yr.

Remark 2.3. Thanks to the HUM, one can choose a control v € L? (0, T) of minimal
L?-norm among all the controls driving the system from y* at = 0 to y” at 7 = T.

Remark 2.4. Thanks to the linearity and the reversibility in time of the KdV
equation, we have equivalence between the exact controllability and the null
controllability.

3 Cost of Null Controllability

In this section our goal is to define the quantity which measures the cost of the null
controllability for system (2) and to give an estimate to this cost as ¢ is brought
to 07. We begin by introducing some results. Then in the second paragraph we
study the behavior of the cost of the null controllability.

3.1 Main Results

The cost of null controllability for linear KAV equation has been studied by O. Glass
and S. Guerrero (see [6]). The control problem is the following:

Vi + (My)x + EVyxx = 0» in (07 T) X (07 1),
Vix=0 = U1, Yje=1 = U2, Yxjx=1 = u3 in (0, 7), (25)
Yii=0 = Yo in (0, 1).

when ¢ is a positive dispersion coefficient, M is a transport coefficient, u; (i =
1, 2, 3) are time-dependent functions which constitute the controls of the system.
In this section we use only the Neumann boundary control on the right (1, = uz =
0). Our system is the following one:
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Yt +yx + EVxxx = 0»
y(#,0) =0, y@1)=0, y(t,1)=u(®) (26)
¥(0,x) = yo(x).

Performing the change of variables

u(?) = yx(1,0) + v(?)
our system becomes

Vi +yx+8yxx_x - 07
y(t,0) = y(t,L) = 0,

27
Wit L) — y,(1.0) = v(0), @7)
¥(0,x) = yo(x).

Now we focus on the behavior of the cost of null controllability when ¢ vanishes.

3.2 Behavior of Cost of Controllability

Fory® € H7'(0, L), we denote by U(e, T, L, °) the set of controls v € L*(0, T) such
that the corresponding solution of (2) satisfies y(7',.) = 0. It’s easy to see that the
set U(e, T, L,y°) is a closed affine subspace of L?(0, T). Let us denote by 7 (1°)
the projection of 0 on this closed affine subspace, i.e., the element of U(e, T, L, y°)
of the smallest L?(0, T)-norm. Then it is not hard to see that the map

T :H7Y(0,L) — L*0,7)

YW %100

is a linear continuous map. Let us now define the quantity which measures the cost
of the null controllability for system (2):

K(e, T,L) = supy,oy, - {min{|[v{l 207 @ v € U(e, T,L.Y°)}}, (28)

Lo.L)=1

1.e.,

K T.L) =| %" | 2@-100 201 -

Our result is the following:

Proposition 3. Let T > 0. Let 7° be the initial data and z(t,x) the solution of the
homogeneous problem (4). The control system (2) is exactly controllable in time T
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if and only if there exists cy . > 0 such that

T
crrel Pl o < /0 | eze(t, L) |* dt (29)

Moreover, if such a crp . > 0 exists and if ¢! is the maximum of the set of crp.¢ > 0
such that (29) holds, one has

1
K(é‘, T,L) = ﬁ
c

Then from the observability inequality

T
craclpa < [ leat) P a

we have

T
/ | ez,(t, L) |? dt.
0

lzoll3 <
H! CT.Le

1

T.L.g

On the other hand, from the admissibility inequality:

The constant

is called constant of observability C,p;.

T
/|%@mﬁmsammﬁl
0

we have

T
/ | e2(t.L) P dt < |0l
Crre Jo
1

T,Le
Given the definition of the cost of controllability, we have

The constant

is called admissibility constant C,g.

Cu < K& T,L) < Cups.

In order to study the behavior of K (g, T, L) as ¢ leads to 0, it is natural to look at the
limits of the observability’s constant and the admissibility one as ¢ leads to 0.

2
lim Cps il

e—>0t =0+ L | m(L) | &2/3 Vel (T)

+o0o

and
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. 21
lim Cad =

= lim
=0t =0t L| M(L) | €**/ea(T)

= 400.

It follows directly that

Theorem 3.1.

lim K(e,T,L) = +o0.
e—>0t
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Existence of solutions of a class of second order
sweeping process in Banach spaces

F. Aliouane and D. Azzam-Laouir

Abstract In a previous work the authors proved in a separable Banach space
under the assumption of the global upper semicontinuity of the perturbation, the
existence of Lipschitz solutions for second order non convex sweeping processes in
a separable reflexive uniformly smooth Banach space. In the present paper we prove
the same results, where the perturbation is assumed to be separately measurable and
separately upper semicontinuous.

1 Introduction

In [1], the authors proved the following theorem which is an extension of sweeping
processes from Hilbert spaces to Banach spaces

Theorem 1. Let I = [0,T] (T > 0) and E be a separable reflexive uniformly
smooth Banach space, which is I-smoothly weakly compact for an exponent
p € [2,00). Let F : I X E X E =2 E be an upper semicontinuous set-valued mapping
with nonempty closed convex values. We assume that there exists a constant m > 0
such that

F(t,x,u) C mBg, V(t,x,u) €I xE x E. (1)
Letr > 0 and K : [0,T] == E be a set-valued mapping taking nonempty ball-
compact and r-prox-regular values. We assume that K(.) moves in a Lipschitz way,

that is, there exists a constant k > 0 such that for all s, t € I,

H(K(1),K(s)) < k|t —s]. 2
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Then for all xy € E and uy € K(0), the differential inclusion

u(0) = uo;

x(t) = xo + fot u(s)ds, vVt I;

u(t) e K(t), Ve e I;

—i(t) € Ngoy(u(®)) + F(t,x(t), u(?)), ae. t €l,

(ZF)

has Lipschitz solutions u,x : I — E. Moreover, we have for almost every t € [
li(r)|| < 2m + k.
In other words, the differential inclusion

—X(f) € Nk (x(1)) + F(t,x(t), x(1)), a.e. t € I
(ZF) § x(t) e K(@¥), YVt eI,
x(0) = xo; X(0) = uo

has at least a Lipschitz solution x(.) € CL(I).

In this paper, our main purpose is to obtain the existence of solutions of (<), in
the case when the perturbation F' is assumed to be separately Lebesgue-measurable
on [0, 7] and separately upper semicontinuous on E x E. Before proving our main
result in Theorem 2, we recall some needed concepts and definitions.

2 Notation and Preliminaries

Let (E, ||.||) be a separable Banach space, E’ its topological dual, and (.,.) their
duality product. Bz(0, 7) is the closed ball of E of center 0 and radius r, B the
closed unit ball and Sg is the unit sphere of E.

Let Cz([0,T]) (T > 0) be the Banach space of all continuous mappings u :
[0, T] — E, endowed with the sup-norm ||.||c and CJ([0, 7]) be the Banach space of
all continuous mappings u : [0, 7] — E with continuous derivative, equipped with
the norm

u = max{ max |lu(?)||, max ||w(?)||}.
Juer = max{ max (). max. o)}

We denote by .Z([0, T]) the o-algebra of Lebesgue measurable subsets of [0, T,
A = dt is the Lebesgue measure on [0, T], (LL([0, T]), ||.|[) is the Banach space
of Lebesgue-Bochner integrable E-valued mappings, and (L$([0, T1), ||.|lco) is the
Banach space of essentially bounded E-valued mappings.

We said that a mapping u : [0,T] — E is absolutely continuous if there is a
mapping v € LL([0, T]) such that u(f) = u(0) + fo v(s)ds, for all ¢ € [0, T], in this
case v = i a.e.

For A C E, co(A) denotes the convex hull of A and co(A) its closed convex hull.
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We denote by 6*(x', A) the support function associated with A, i.e.,

8* (¥, A) = sup(x’, y).
yEA

It is well known that the support function of an upper semicontinuous set-valued
mapping is upper semicontinuous.

For closed subsets A and B of E, the Hausdorff distance between A and B is
defined by

JC(A,B) = sup(e(A, B),e(B,A))
where

e(A,B) = supd(a, B)

a€A

stands for the excess of A over B and
d(a,B) = inf ||a — x||.
XEB
We recall that for a closed convex subset A of E, one has

d(x,A) = sup ({x',x) —8§*(x',A)). 3)

x! EEE/

Definition 1. A subset A C E is said to be ball-compact if for all closed ball B =
B(x, R) of E, the set BN A is compact. Obviously, a ball-compact subset A is closed.

Definition 2. Let A be a closed subset of E. Then the set-valued projection operator
P, is defined by

Vx€E, PaA(x) ={y€E, |x—y|| =dx,A)}.

Definition 3. Let A be a closed subset of E and x € A, we denote by N4(x) the
proximal normal cone of A at x, defined by

Na(x) ={v €E, Is >0, x € Po(x + sv)}.

We now come to the main notion of prox-regularity. It was initially introduced by H.
Federer [14] in spaces of finite dimension under the name of positively reached sets.
Then, it was extended in Hilbert spaces by A. Canino in [7] and A. S. Shapiro in [16].
After, this notion was studied by F. H. Clarke, R. J. Stern, and P. R. Wolenski in [11]
(see also [12]) and by R. A. Poliquin, R. T. Rockafellar and L. Thibault in [15].
Few years later, F. Bernard, L. Thibault, and N. Zlateva have defined this notion in
Banach spaces (see [2] and [3, 4]).
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Definition 4. Let A be a closed subset of £ and r > 0. The set A is said to be
r- prox-regular if for all x € A and v € Ny (x)\{0}

v

B(x+r ,
vl

r)NA=40a.
Now we recall some useful definitions due to the geometric theory of Banach
spaces (we refer the reader to [13] for these concepts and more details).

Definition 5. The vectorial normed space (E, ||.||) is said to be uniformly smooth

if his norm is uniformly Fréchet differentiable away of 0, it means that for any two

unit vectors xg, & € E, the limit
o+ bl = ol
im—

t—0 t
exists uniformly with respect to i, xg € Sg.

As we know that the norm could be non-differentiable at the origin 0, we study the
function x —> ||x||” for an exponent p > 1.

Proposition 1. Let E be a uniformly smooth Banach space and p € (1,00) be an
exponent. The function x —> ||x||” is C' over the whole space E.

Definition 6. For E a uniformly smooth Banach space and p € (1, c0), we denote
1 » ,
Jp(x) = ];(VII-II )(x) € E.

Definition 7. Let I be an interval of R. A separable reflexive uniformly smooth
Banach space E is said to be “I-smoothly weakly compact” for an exponent
p € (1, oo) if for all bounded sequence (x,), of L (1), we can extract a subsequence
(¥n)» weakly converging to a point y € L$°(/) such that for all z € LEP(/) and

¢ e LL().
ﬁﬁ[w@@+hmrw@m»hmmmm

= /I(Jp (1) +y(1) = J,(y(0), y(1) $(1)dr. “)

The following proposition describes a useful property of weak continuity of the
projection operator. For the proof, we refer the reader to [5].

Proposition 2. Let (E, ||.||) be a separable reflexive and uniformly smooth Banach
space. Let C,, C : I = E be set-valued mappings taking nonempty closed values
and satisfying

sup 2 (Cu(1), C(1)) —>n—00 0.

tel
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We assume that for an exponent p € [2, 00) and a bounded sequence (vy,), of Li°(I),
we can extract a subsequence (Vi(y)), weakly converging to a point v € LY (I) such
that for all z € Lg°(I) and ¢ € LI}Q(I),

lim sup /[ (Ip (1) + Vicin) (1) = Tp (Vi) (D), Vi) (1)) P (D)t

n—>o00

= /I(lp(Z(t) +v(@®) = Jp(v(0), v(0)p(1)dr. ®)

Then the projection Pc() is weakly continuous in LY (I) (relatively to the directions
given by the sequence (v,),) in the following sense: for all r > 0 and for any
bounded sequence (u,), of LY (I) satisfying

% u, — u in LE(I);
un(t) € Pe,i(uan(t) + rv,(1))), aet el

one has for almost every t € I,

u(t) € Pe(u(t) + rv(z)).

3 Main Results

Now, we are able to prove our main theorem.

Theorem 2. The conclusion of Theorem 1 holds true if we replace the assumption
of global upper semicontinuity of F : I X E X E = E by the following hypotheses

V(x,u) € EXE, t+—> F(t,x,u) is measurable; (6)
Vtel, (x,u) —> F(t,x,u) is upper semicontinuous. @)

Proof. By the Scorza-Dragoni’s Theorem (e.g., [8, 9]), there is a multifunction Fj :
I x E x E = E, which is measurable and has the following properties.

(1) Thereis aset N C I, independent of (¢, x, u) such that A(N) = 0 and
Fo(t,x,u) C F(t,x,u), forall t € I\N and for all (x,u) € E x E;
(2) ifu, x, z: I — E are measurable mappings with z(¢) € F(t, x(¢), u(z)) a.e.,
then z(¢) € Fo(t, x(1), u(t)) a.e.;
(3) for every € > 0, there is a compact subset J. C I such that A(/\J.) < €, the
restriction of Fyy on J. x E x E is upper semicontinuous and
@ # Fo(t,x,u) C F(t,x,u); for all (t,x,u) € Je X EXE.
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By the property (3), there exists a sequence of compact sets J, C I with

A(I\J,) = €, —> 0 when n — oo such that the restriction of Fy to J, X E X E
is upper semicontinuous and has nonempty values. We may also assume that (J,,)
is increasing. By Dugundji’s Theorem (e.g., [6]), there is an upper semicontinuous
extension F,, of Fo\s,xexe to I x E x E, and

Fn(t, x,u) C mB, V(t,x,u) €I X EXE. )

So F, satisfies the hypotheses of Theorem 1. Thus, for every xy € E and uy € K(0),
there are Lipschitz solutions u,, x, : I — E for the differential inclusion

un(0) = uo;

Xa() = X0 + [y un(s)ds, Vi € I;

u,(t) € K(t), vVt e I,

—ita(t) € Nio (un(t)) + F(t, %,(8), un(2)), ace. t € I.

Moreover, we have for almost every ¢ € [
lin (D < 2m + k. ©)
Consequently, for each n € N, there is a measurable mapping z,(.) such that
2n(t) € Fut, (1), s (1)), V1 €1, (10)
and
— i, (t) € N (un(t)) + 2,(2), ae. t €I (11)

In other words, the differential inclusion

—5a() € Ny Gen(0)) + Fo(t, xa(8), (1)), a.e. t €1
X, (1) € K(1), YVt eI,
x,(0) = x0; %,(0) = uo

has at least a Lipschitz solution x,(.) € CL(I).

From the relation (9), we see that (iz,(.)) is uniformly bounded by (2m + k). So
(un(.)) is a bounded sequence of Cg(I) since for every ¢ € [

t
lun (] < lluoll +/ lin(s)llds < |luoll + T(2m + k) := M. (12)
0

Now, we will show that (u,(.)) is relatively compact. Obviously, (u,(.)) is equicon-
tinuous. Let us prove that for every fixed ¢, the sequence (u,(f)) is relatively
compact. We have, for all 7 € I,

u, (1) € K(t) N B(0, M) := A(r). (13)
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Remark that the set A(f) is compact since K(f) is ball-compact. Consequently
(u, (1)) is relatively compact. By Ascoli-Arzela’s Theorem, the sequence (u,(.)) is
relatively compact in Cg(I), by extracting a subsequence still denoted (u,(.)) we
may suppose the uniform convergence of (u,(.)) to some mapping u(.) € Cg().
Obviously u(0) = ug, u(.) is a Lipschitz mapping and for all 1 € [

u(t) € K(r) (14)

since K(¢) is closed.
Now, we will prove the convergence of (x,(.)) in Cg(I). For all ,s € 1

a() — ()] < o + [0 un(2)dt — o — [0 un(o)de ]

t
5/ lu.(z)|ldr < M|t —s|.

That is, (x,(.)) is equicontinuous. Furthermore for all ¢ € 1
t t
IOl = o + [ (sl < oall+ [ n(9)ds < Lol + 7.
0 0

On the other hand, as

X, (1) = x0 + /:u,,(s)ds,

by the relation (13), we get

x,(f) € xo + / tﬁ(A(s))ds = A1),
0

which is a compact set since for all + € I, co(A(r)) is a convex compact set
(see [10] for more details). Therefore, (x,(.)) is relatively compact. By, the Ascoli-
Arzela’s Theorem we conclude that (x,(.)) has a subsequence (still denoted (x,(.)))
converging uniformly on / to some mapping x(.) € Cg(/). Obviously x(0) = xo and
x(.) is a Lipschitz mapping with ratio M. Observe that for all 7 € I,

t t
x(t) = lim x,(t) = xo + / lim u,(s)ds = xo + / u(s)ds (15)
n—oo 0 n—>oo 0

using Lebesgue’s theorem since (u,(.)) is equibounded (relation (12)), hence, x(.) =
u(.) a.e. We see by the relation (9), that (i,(.)), is bounded in Lg°(/), up to a
subsequence, we may suppose that (i,(.)), weakly* converges in L3°(/) to some
mapping w(.) and that w(.) = i(.). Indeed, for all y € L}E, ),
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Jim (i, (), y()) = (W), y()),

ie.,

Tim /0 (i (5). y(5))ds = /0 (w(s). y(s))ds.

in particular for y(.) = 1jo,(.)e;, with ¢ € I, 1| 4 the characteristic function of the
interval [0, 7], and (e;) a sequence of the space E’ which separates the points of E
(such a sequence exists since E is separable), then we obtain

1

( lim ity (s)ds, e;) = (/tw(s)ds, e), Vj.
0

n—>oo 0

which ensures
t t
lim ity (s)ds = f w(s)ds.
n—>o0 0 0

As (u,(.)) is a sequence of absolutely continuous mappings, we have the following
equality

lim (u,(f) — u,(0)) = lim /titn(s)ds = /tw(s)ds,
n—>o0 n—>o0o0 0 0
then
u(t) = u(0) + /tw(s)ds,
0

so u(.) is absolutely continuous, and hence w(.) = (.).

By the relation (8) and (10), we deduce that (z,(.)) is a bounded sequence
in LE°(I), then we can extract a subsequence still denoted (z,(.)) converging
0(L°°,L}E,) to z(.) in Lg°(/). We will show that for all + € [, z(t) €
F(t,x(t), u(r)) a.e.

As x,, uy, and z, are three measurable mappings and satisfy the relation (10),
then by the property (2), we get

z0(1) € Fo(t, x,(2), uy(1)), ae.,
that is, for all n € N, there is a Lebesgue null set N, C J,, such that
zu(t) € Fo(t, x, (1), un(1)), V1 € J,\N,. (16)
Let Ny := (I\ U, J,,) U (U,N,)) which is Lebesgue-negligible. Indeed,;

A(]\'70) = A((]\ Un Jn) U (UnNn))
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< AU\ Uy Jn) + A(UN,)
< AN + D AN,
We have that the set Jy has finite measure and the sequence (/\J,) is decreasing
because (J,) is increasing, thus
AN, (I\J,)) = lim A(I\J,) = lim ¢, =0,
n—>oo n—o0
and therefore

A(No) < Tim AU\J,) + 3 S A(Ny) = 0.

For all t € I\Nj, there is an integer ny = ny(f) € N such that for all n > ny,
t € J,\N,, so by the relation (16), we obtain

Zn(t) € F()(l,xn(t), un(t))v vn > np.

On the other hand, since F|, is upper semicontinuous on J,, X E x E and
x,(t) = x(t), u,(t) — u(f) when n — oo, it follows that for all x’ € E’,

lim sup 8* (¥, Fo(t, x, (1), un(£))) < 8* (¥, Fo(t, x(2), u(?))).

n—00
For t ¢ Ny and n > ng, we have

(W, zn(0) < 8 (', Fo(t. (1), un(1))),
thus

lim sup{x’, z,(£)) < limsup §*(x', Fo(t, x,(¢), u,(¢)))

n—>oo n—>o00

< 8*(X/, FO(I’ x(t)? u(t)))7

by Fatou’s Lemma, we deduce that for every measurable set A C I and every x’' € E,
/ (', z(t))dt = lim / (X', z,(1))dt
A n—>oo A

= lim sup/(x’,zn(t))dt
A

n—>odo

< flimsup(x/,zn(t))dt
A

n—>oo
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= [ 5w Fotexo.ua
So,
(', 2(1)) < 8*(X, Fo(t, x(2), u(r))) a.e.,
then

sup ({x', z(1)) — 8" (', Fo(t.x(1), u(1)))) = 0,

X' €E/
since F has closed convex values, by the relation (3), we get
d(z(1t), Fo(t, x(1), u(t))) = 0, this known to imply that, z(z) € Fo(t, x(¢), u(t)) a.e..
We have shown that there exists a negligible set Ny C I such that
72(t) € Fo(t,x(1), u(t)), Vt € I\Ny.
By property (1),
z(t) € F(t, x(t), u(r)), Vi € I\Ny,
this shows that
z(t) € F(t,x(¢t),u(t)), ae.t €l. a7
Now, we have by (11)
—ity (1) € Ny (n(1)) + za(1), ae. t € 1.

By the definition of the proximal normal cone, we deduce that there exists « > 0
such that

un (1) € Pr(y(un(t) — a(it,(t) + 2,(1))); a.e. t € 1. (18)
Set A, (1) = i1,(t) + z,(f). By the arguments given above we know that (A,(.)),
weakly*-converges in LZ° (/) to iz(.) 4 z(.) := A(.). Supplying the property

“I-smoothly weakly compact” supposed on the space E to the sequence (A, (.)),
we get that for all y € L°(7) and all ¢ € L (1),

Jim [, 00) = a,0) = o, 0). 4,0)¢ 0

- / Uy () — aAD) — Iy~ D). AD)$ (e
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On the other side, we have that the sequence (u,(.)) strongly converges in LZ° (/) to
u(.) (because of its uniform convergence to u(.) in Cg(7)).

Then, by the relation (18) and the Proposition 2, we have for almost every ¢ € [

u(t) € Pxqy(u(t) — aA(1)),

that is, —A(#) € Nk (u(t)), or equivalently

—i(t) — z(t) € Nxy(u(?)), ae. t €1,

and then by (17) we get

—i(t) € Ng(u(®)) + F(t,x(t), u(®)), ae. t €l.

Finally, by the relation (14) and (15) we conclude that our problem (Zr) has at least
a Lipschitz solution x € C}E (I). Furthermore,

||| <2m+k, a.e. t el

This finishes the proof. O
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Concave and convex nonlinearities
in nonstandard eigenvalue problems

Nawel Benouhiba and Amina Bounouala

Abstract This work deals with eigenvalues of the p(x)-Laplacian with a concave-
convex nonlinearity in a bounded domain, subject to Dirichlet boundary conditions.

1 Introduction

In this paper we discuss the eigenvalue problem

—Aplt + R |u) @20 = Ag(x)|u)992u 4+ k(x)|u[2P2u in 2,
u(x) =0 ondf2

ey

where £2 is a bounded domain with smooth boundary 92 in RYN > 2. g, hk:
2 — RT are measurable functions, p, q,51,52 : £ — (1,400 are variable
exponents, and A is a real parameter. The operator Apu = div (|Vu|P(X)_2Vu)
is the p(x)-Laplacian which is the natural generalization of the p-Laplacian when p
is constant.

The study of the p(x)-Laplacian equations is being of an increasing interest in
the recent years due to their applications in elasticity theory and electrorheological
fluids. Further information, modeling and applications of the p(x)-Laplacian can be
found in [4, 9] and [10].

Besides being of a nonstandard growth type, Problem 1 lies in the category of
convex-concave problems. In the constant case, i.e. p(x) = p > 1, the authors in
[6] establish the existence of infinitely many solutions that have negative energy.
A similar problem is considered also in [8] when p is not constant. More precisely,
the considered problem was
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—Dpyu = Alul*"u + Blu|’?u, in 2
u=20, ondf2

2

where a, b A, and B are constants. Under the assumptions 1 < a < p~ < pt<b<
mm(N , N_p ) and A, B > 0, the author shows that there exists A > 0 such that for
any A, B € (0, 1) Problem 2 has at least two distinct nontrivial weak solutions.

In [7], the authors investigate the following problem

—Apu = Aa@)|ul?72u + b(x)|u|"2u), in 2
u=0, onds2.

3)

Assuming that 1 < ¢~ <qg™ <p~ <pT <h™ <h' < Aiv_Lp_, and pT < N they
establish the existence of a nontrivial weak solution with positive energy for any A
in some neighborhood of zero.

In this paper, we consider 1 as an eigenvalue problem. Using adequate variational
methods we set the existence of A such that for any A € (—oo, ) there exists a weak
solution of the considered problem with no positive energy.

We study Problem 1 under the assumptions

(A) 1 <s1,8,q,parein C(£2), s1(x), s2(x), g(x) < p*(x) in £2 and
s2_<s;'<q_<q+<s1_<s?'<p_<p+<N.

(A7) The functions g, h, and k are such that

(Azg) 0 < g e L'™(82) where 1 < r(x) € C(2) is such that 2~ < r(x)

. P (x)—q(
in £2, . .

(Az;) 0 < h € L"W(£2) where 1 < m(x) € C(82) is such that I#ﬁi() < m(x)
in £2 and

(A2g) 0 < k € L'(82) where 1 < I(x) € C(2) is such that -2 — < i(x)
in £2.

Organization of the paper.
The rest of the paper is organized as follows. In section 2 we state some elementary

properties of variable Lebesgue and Sobolev spaces. In Section 3 we prove the
existence of a global minimum with no positive energy.

2 Notations and auxiliary results

Let £2 be an open bounded subset of RN, Write

LY(2) = {hlh € LW(§),essin£h(x) > 1},
X€
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h~ =ess 1nfh(x) ht = ess suph(x).

XER

Forp € LY (£2) the variable exponent Lebesgue space L™ (£2) is defined by

17 (§2) = { ulu is a measurable real-valued function, [ lu(x)[PYdx < oo

2

with the norm

p(x)

u(x) dx <1

m

|u|p(x) = inf M > 0: /
2

Define the variable exponent Sobolev space W'»™ (£2)
WO (2) = {u e I’'Y(R2) : |Vu| € '™(2)}
equipped with the norm
lullipey = lulpey + 1Vilpey.-

We also define the space Wé‘p @ (£2) the closure of C{°(£2). Assuming p~ > 1,

the spaces L™ (£2), W'2)(£2), and W, *" (£2) are separable and reflexive Banach
spaces [5] and we have the following properties.

Proposition 1 ([5]).

(i) The conjugate space of L’ (§2) is L' (§2) where p/ (x) = p(};(%)l.

(ii) Ifpi(x) < pa(x) for all x € 2, then [P*¥(2) — [7'®) () and the embedding
is continuous if |2| < +oc.

(iii) For any f € I’™(2) and g € L9 (82) such that —= p(x) + = q(x) = 1, we have the
Holder inequality
1 1
| Jedy) = (p—_ + q—_)lf|p<x)|g|q(x> = 2/flpw [8lqe- S

(iv) For any f € PY(R2), g € L19(R) and k € L' () such that -~ p(x) + ﬁ +

r(x) =1, we have

fgkdx

1 1 1
< (p— s ) Floolelaiolkh < 3o el Ko
5)
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Proposition 2 ([3, 5]). Define 0, (f) = [, If (x) [PX) dx. We have
(i) forany f € [’™(82) we have

— + .
lf|i(x) < opw() = lf|£(x) i flpw > 1.

et e (6)
lf|p(x) < opw() = lf|p(x) i flpo = 1.
(ii) Forf,.f € [’™(2) we have
fo = f in IP(82) if and only if 0y (f, — f) — O. (7

Proposition 3 ([2]). Let p and q be measurable functions and 1 < p(x)g(x) < oo
fora.e. in Q. Let f € L19(R2), then

- +
4 P .

lf|p8f)q(x) = |lf|p(x)|q(x) = lf|p(x)q(x) if lflp(x)q(x) > 1,
p

ha )
i = W7 g0 = Fliogy # Vo < 1.

In particular, if p(x) = p is constant, then
— |ylP
Tl g = lul.
Let us define the critical Sobolev exponent of p

Np(x) :
pr = T PO =Y ©
400  ifp(x) > N.

Proposition 4 _([3]). Let 2 be a bounded domain in RN with Lipschitz boundary
and p,q € C(82) such that p(x) < N and 1 < g(x) < p*(x) Vx € §2. Then there is
a compact and continuous embedding Wol'p @ (2) = L19(R).

On the Sobolev space Wé »() (£2) we can consider the equivalent norm

lull = [Vulpey.-

3 Global Minimum

We begin this section by giving the definition

Definition 1. We say that A is an eigenvalue of Probleml if there exists u €
Wé’p(x) (£2) \ {0} such that
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/ |VulPO72 VuVudx + / R(x) |u)"™ ™% wvdx
2 2

-1 / g(0) [u|7972 yudx — / k(x) |22 uvdx = 0 (10)
2 2

forall v € Wé’p(x)(.Q).

Let us recall that u satisfying 10 is a critical point of the functional defined in
W, (£2 by

1
I(u) = / —— | Vu""™ dx+
J p(x)

h k
+/ @ |1 dx—A/ = |07 dx — M) 2 dx. (1)

s1(x) q(x) 52(x)
2 2 2

Standard arguments show that / € C' (Wé ?®(£2), R) and that

(I'w),v) = / [Vul/ ™% Vu.Vodx+
2

+ /h(x) w72 yvdx — A [ g() [u]"972 yvdx—
2 2

- /k(x) |u|?9 72 yvdx

2

for all u,v € W,"™(2).

In order to prove that / attains its minimum in W(;"’ @ (£2) let us begin with the
following Lemmas.

Lemma 1. There exists A > 0 such that for every A < A there is a real M), such
that

I(u) = M),

forallu e WS"”(X) (£2).
Proof. We begin to prove the following inequality

a)a/(ﬂ—a)

at® — bt < a (Z L Vi>0 (12)

forany a,b > 0and 0 < o < .
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Fort > (%)ﬂ%" we have

/(B—a)
“(a — btP~ "‘)<O<a(b>a )

Now if 0 < 1 < (%)ﬁ%“ we get

a/(B—a)
at® — bt? < a* <a(b)

since ¢ > t* is an increasing function.
We set

[o = e |Vu|P™ dx

uGWOP(X)(.Q)\{O} Jo zgx) |ult@dx

A* = (13)

It is known (see [1]) that A* is a positive number. Then, we have for all
u e Wy"(2)

f}% |Vu|"’(x) dx
R A—
f g('x) | |q(x) dx
2 qx)

SO

/ ¢ [ul® dx <
2

For A > 0 we have

I(u) > _/ |Vu|p()c) dx — /g(x) |u|q(X) dx — —+/k(x) |u|s2(x) dx
pt qt 53/

2 2

and then

1
7 Vulr® g _/k 20
W= (-t r) / 9 v — L [ k) = .

Applying the Holder inequality and Proposition 2 it yields

[k(x) |29 dx < 2 Iklir) |u|sz(x)l,(x) Ji=+or—.
2
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We have by (A, ;) that 1 < s,(x)/'(x) < p*(x). So the embedding W(;’p ©(2) —
L2 @ () is continuous. So there exists ¢; > 0 such that

/ k) [ dx < e [kl ul| . i = +or —. (14)
2

This together with 6 gives

¢ ¥ 1 Aq™ bl
1w > — | <Lk Y (. - =+
(u) = L; [l [l (p+ A*p_q+) el | 1.) = +

If we suppose that A < A;ﬁqﬁ we get by relation 12

f’z /vt —fé

) > — C1 |k|l(x) C1 |k|l(x)
- s st (L _ M_—)
2 \pF T gt

: gt :
This means that for 0 < 1 < Apﬁqq, there exists My = M(A,A*,p,q.k,s2) <0
such that

I(w) = M,
for any u € W(;’p(x) (2).
Now if A < 0 it yields by relations 6 and 14

C1 i 1 j ..
I(u) = — (—+Ik|1(x>||u||‘y - —+||u||”’) j =4
Sy P

Using again relation 12 we have

i
sp

1 cilkl; =5
I(“)E—s—+|k|l(x)< “") =+,

2 S;r pt
This means that [ is also bounded from below in the case where A < 0. Hence the
lemma is proved.

Lemma 2. The functional I is coercive and weakly lower semicontinuous on
W1~17(X) Q
0 (82).

Proof. For any u € Wé »() (£2) we have by the Holder inequality and Proposition 2
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[ #0100 ax < 21gl g il 1 =+ (s)
2

By assumption (A, ;) we get 1 < g(x)r’(x) < p*(x) so there exists a constant ¢, > 0
from the continuous embedding of W, ”™ (£2) into L4®"' @ (2) such that

/%mwmw5qm@wWJ=af (16)
2

If A > 0 and ||u| > 1, it follows by relations 6, 14, and 16 that
1 + A P J
Iw) = — [ull” = = 18| lull® — — 1RO Nuell™
p q 5

2l (el = s =l 7).
Since we have by assumptions s; < s;' < g~ < gt < p~ < p?" then by the last
inequality I(#) — 400 when ||u|| = +oo.

Same argument shows that 7 is also coercive on Wé’p @ (£2) in the case where
A <O.

For the second part of the lemma we put

1 h
Ji(w) = —|Vu|p(")dx+/ﬂ|u|s‘(x)dx and
J p(x) J s1(x)

Jo(u) = I(u) — J1(w).

Since J; is a continuous convex functional on Wé P (£2) (see [8]) it follows that it
is weakly lower semicontinuous.

Let now (u,) C WS"”(X)(.Q) such that u,, — u for some u in Wé’p(x) (2). So u, is
bounded in Wé'p (x)(.Q). By assumption (A, ) and Proposition 4 the embedding of
w,? @(£2) in L19"® () is compact. Then, we get a subsequence still denoted
by u, that converges to u in Lq(x)’/(x)(.Q). This together with 15 yields that
ur | o % |u|79 dx is a weakly strongly continuous functional.

lg(sing similar arguments we get the same result for the functional u +—

/, o X, |u[2@dx. Tt follows that J, is weakly lower semicontinuous and the proof
52(x)

of the lemma is complete.

We state now the main result of this section.

ot
Theorem 1. For any A < Apiqq_ where A* is given by 13 there exists

uy € W(;‘p(x) (2) and uy # 0 solution of Problem 1.
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Proof. By lemmas 6 and 7 we deduce the existence of a global minimum
uy € Wé'p(x)(.Q) of I for any A < %
Let now ¢ € C3°(£2) be fixed and 0 < ¢ < 1. We have

< L O gy _ 944 8
I(tg) < ¢ /Qp(x)quv’ dx Atq/Q ()|¢|‘7 dx

- hX) e Sl B C) I
+f/ Sl s f/ R

and then

1(t¢) < 2 f(1)

-+ it -+
where f(1) = 1 % [ SV PWdx — A= [ £ g[aWdx 4 #T f 20
k
¢ Vdx — [ {1912 ax.
It is clear that f is a continuous function and that f(0) < 0, then there exists

0 < fp < 1 such that f(¢y) < 0. It follows that
I(Lt()) <0

where uy = ty¢, then I(u)) < 0 and this means that u, is not trivial. The proof of
the Theorem is complete.
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On the time asymptotic behavior of a transport
operator with bounce-back boundary condition

Salma Charfi, Asrar Elleuch, and Aref Jeribi

Abstract This paper deals with the spectral properties of multidimensional
transport equations with bounce-back boundary conditions arising in L,-spaces
(1 < p < 00). These properties are closely related to the large dependent solutions
of transport equations. An adequate assumption allows us to investigate the uniform
stability of solutions for the Cauchy problem without restriction on the initial data.

Keywords Cauchy problem ¢ Cj-semigroup e transport operator ® asymptotic
behavior

1 Introduction

The main aim is to investigate the time asymptotic behavior of the solution of the
following initial-boundary-value problem in L,-spaces (1 < p < 00).

° 8fw(x, v,t) = —v.Voy(x,v,0) — T (x, v, 1) + / k(0,0 Y (x, v, 1) dv’
ot 1%

@ =Tuy¥(x,v,t) + K¢ (x,v,7), (x,v) €EDXV, >0

® i (x,v,0) = Yo(x,v).

Here D C RY is a convex-bounded domain, V be a symmetric bounded subset
of RV, and H denotes the boundary operator relating the outgoing ¥ and the
incoming fluxes ¥ ~. The collision frequency X'(.) is a non-negative function. The
scattering kernel « (., .,.) is non-negative and defines the linear operator K called
the collision operator, which is assumed to be bounded on L,(D x V,dx ® dv)
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(1 < p < 00). The operator Ty appearing in (I) is called the streaming operator,
whereas Ty + K denotes the transport operator. The bounce-back boundary condi-
tions are modeled by:

Yo =HWY"),
where
Hyt(x,v) =y ¥ (x,—v), forany (x,v) € I'_.
Here, y is a real constant belonging to (0, 1) and I'% represents the incoming and

outgoing parts of the boundary of the phase space (see Section 2 for more details).
Then, Eq. (I) can be written formally, as the first order Cauchy problem

Y
o =AnY :=Tpy + K¢

ey
v (0) = o,

where Y € L,(D x V,dx ® dv).

It is well known that, if ||[H| < 1, Ty generates a Cy-semigroup of contractions
(U()i=0 in L, (D X V,dx ® dv) (see [7]). Since Ay is a bounded perturbation of
Ty, then, by the classical perturbation theory [6, Theorem 2.1, p.495], it generates
a Cy-semigroup (V(t));>o0.

The time asymptotic behavior of V() was studied for the first time, in a general
setting, by I. Vidav [12]. His approach relies on the spectra of perturbed semigroups
and consists in expressing the solution v (f) as an inverse Laplace transform of
the resolvent of Ay. This technique was systematized in an abstract setting by M.
Mokhtar-Kharroubi [9] and it was based on the following conditions:

e There exists an integer m such that [(A — Ty) ™~ 'K]" is compact for Rel > 1,
()3 ® There exists an integer m such that

lim  ||[(A — Ty) " 'K]™|| = O uniformly on{A : Red > w,w > n},
|ImA|— 400

where 7 is the type of (U(?))>o0.

The spectral analysis of the streaming operator subjected to bounce-back bound-
ary conditions is studied in [8], where the authors showed that

lim ||[K(A —Ty) 'K|| = 0 uniformly on{A : ReA > w,w > 7},
|[ImA|—+o00

where 7 is the type of (U(?))>o0.
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Combining this result with the compactness of [(A — Ty) 'K]* (see Theorem 1
and 2), we remark that condition (&%) is fulfilled then, o(Ay) N {A €
C such that ReA > n} consists at most of discrete eigenvalues with finite algebraic
multiplicities {1, A2, ..., A4, Ayt1, ...} which can be ordered in such a way that
the real part decreases [6], i.e., ReA; > ReA, > ... > ReA,+1 > ... > n and
{A € Csuchthat ReA > n} \{A, : n = 1,...,} C p(Ag), where p(Ag) is the
resolvent set of Ay. Moreover, for any initial data ¥y € Z(A%), the solution of the
Cauchy problem (1) fulfills

HW(I) - ZeliteD”Piwo = o(ef") where B < B* < B> ()

i=1

B1 = sup{ReA such that A € 0(Ag),ReA < w}, and B, = min{ReA;, 1 < i < n},
P; and D; denote, respectively, the spectral projection and the nilpotent operator
associated with A;,i = 1,2,...,n.

Hence, the estimate of |K(A — Ty)~'K||, for large |ImA|, given in [8] leads to
a characterization of the time asymptotic behavior of the solution of the transport
equation with bounce-back boundary conditions only for ¢y € & (Az).

Our interest in this paper is to ameliorate the description of the time asymptotic
behavior for large times of the solution without restriction to initial data ¥, €
DA2).

To this purpose, we are based on the spectral analysis given in [1] where the
estimation (2) has been ameliorated and the time asymptotic behavior of solution
of the abstract Cauchy problem (1) is given by an estimation similar to (2) when
the stern condition ¥y € Z(A%) is eliminated. This analysis is applied by S. Charfi
et al. in [2, 3] for the study of solution of transport operators with diffuse reflection
and Maxwell boundary conditions on L;-spaces.

In our paper, referring to [1, 4], we have to show that for all r € [0, 1)

lim  |ImA|" |K(A — Ty)"'K|| = 0 uniformly on R,
|ImA|—~+o00
where R,, := {1 € C such that ReA > —A* + w}.
This interesting result enables us to investigate the time asymptotic behavior of

the solution of multidimensional transport equation and we prove that, for any initial
data ¥ € 2(Ag):

(i) For each & > 0, there exists M > 0 such that

n
V(t) — il p,

i=1

<M eRert1 %9 i 0and p € [1,2).

Xp
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(it) Further, if K is positive, then for each p > 1 there exists M’ > 0 such that

[Via =P, <M W= vis o

and for every & € (0,2r(1 — p™')) (resp. £ € (0,2rp™ ")) if p < 2 (resp. p > 2),
where s(Ag) is the spectral bound of Ay which is defined by

s(Ap) 1= sup {Rek TA € O'(AH)},
P denotes the projection operator corresponding to
{A € 0(Ay) : Rek = s(AH)},
and r be the real defined by
r = s(Ay) — sup {Rek deo(An), A # s(AH)}.
This paper is organized as follows: in the next section, we fix notation and derive
fundamental preliminary. In Section 3, we give crucial lemmas for future use. In
Section 4, we prove under some conditions that, for all r € [0, 1)

lim  |ImA|" |K(A — Ty)"'K|| = 0 uniformly on R,
| ImA|—+o00

where R,, := {A € C such that ReA > —A* + w}. This estimation will be useful in
Section 5, in which we investigate the asymptotic spectrum of Ay and we describe

the time asymptotic behavior of the solution of our problem without restriction on
the initial data.

2 Preliminary and Compactness Results

In this section, we gather the different notions and notation facts connected to our
problem. Let

X, :=L,(DxV,dx®dv) (1 <p<o0),

where D be a smooth-bounded open subset of RY whilst V C RY is a symmetric
bounded subset. We define the partial Sobolev spaces as

Wy i= (v € X, 0.V € X, ).
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We denote by I (respectively /) the incoming (resp. outgoing) part of the
boundary of the phase space D x V defined as

ry = {(x, v) €D X V: + vn(x) > o},

where n(x) stands for the outward normal unit at x € dD.
Suitable L,-spaces for the traces on Iy are defined as

LT := L,(Iy; |v.n(x)| dy(x) x dv),

P

where dy(.) being the Lebesgue measure on dD. For any ¥ € W,, one can define
the traces Y+ := ¥/r, on I'y; however, these traces do not belong to L:E but to a
certain weighted space. For this reason, one defines

Wy i={w e Wy yyry e LE)

Moreover, these boundary spaces endowed with norm

||¢_||Lp— = (/1" [ (x, v)|P|v.n(x)| dy(x) dv>17

and

ol = ([ wwor il aye av)”

Iy

Definition 1. For any (x,v) € D x V, define

ty(x,v) ;= sup{t>0; x =+ sv eD,V0<s<t},
= inf{s>0; X+ sv ¢D}.

Furthermore, set

T(x,v) :=t_(x,v) + 14 (x,v) forany (x,v) € Dx V.

We define the streaming operator Ty with bounce-back boundary condition:

TH . Q(TH) - Xp —> Xp
v — Tuy(x,v) = —v.Voy (x,v) = Z)¥ (x,v)

D(Ty) = {1// € Wp such that ¥~ = H(Wﬂ}v
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where H is the boundary operator defined by

H: L;_ — L;
vt — Hyt; Hy T (x,v) := y ¥+ (x,—v) forany (x,v) € I'_,

where 0 < y < 1.
We will assume that the collision frequency is non-negative and bounded. Set

AT = 316152(1)).

Now, let us investigate the resolvent of Ty. Let us define the following operators for
Red + A* > 0:

My Ly — Lf
u —> Myu; Myu(x,v) = u(x — t(x,v)v,v) exp { — 7(x, v)(/\ + E(U))},

By : L, — X,
u — Byu; Byu(x,v) = u(x —t_(x, v)v,v) exp { —t—(x, v)()L + E(v))},

Gy : X, — Lf

(x.v)
0 — Gp; Grp(x,v) = / o(x —sv,v) exp { -(A+ E(U))s} ds,
0

G :X,—X
t—(x,v)
o — Crp; Cro(x,v) = / @(x —sv,v) exp { - ()t + E(v))s} ds.
0

These operators are bounded in their respective spaces. In fact, for ReA > —A*,
the norms of the operators M), B), G,, and C) are bounded, respectively, by 1,
[P(Re) + A*)] 77, [g(Rek + A*)] "7 and (Rek + A*)~" where ¢! 4+ p~! = 1.

Now, we have ||H| < 1, then for any A satisfying ReA > —A*, we have
|[M;H| < 1 hence (I — M;H)™" exists and the resolvent of the operator Ty is
given by

(A—Ty)' =BH(I — MyH)"'G) + C;. (3)
Next, the transport operator Ay can be written as follows:
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where K is a bounded linear operator on X, defined by
K:X,—X,

w—>/;/K(x,v,v') Y(x,v') dv,

where the scattering Kernel k : D x V x V — R is assumed to be measurable.
We observe that the operator K acts only on the velocity variable v’, so x may be
viewed as a parameter in D. Consequently, we can consider K as a function

K():D — Z(L,(V.dv))
x — K(x),

we consider the following assumption:

e The function K (.) is strongly measurable,
(&7) § e There exists a compact subset C € .#(L,(V, dv)) such that K(x) € C a.e on D,
® K(x) € X (Ly(V,dv)) ae,
where 2 (L,(V, dv)) is the subspace of compact operators.
Let us denote by Z := & (L,,(V, dv)). Using the second point of the above
assumption, we obtain

K() € L®(D, Z).

If € X, then it is easy to see that (Ky)(x, v) = (K(x)¥)(v); and so

[ &GP dv < KO [ 0P o
\%4 |4

Therefore,

/D/V|(Kw)(x, V)P dv dx < ||K(.)||{;JO<,(D.Z)/D/V|1/f(x, )P dv dx.

Consequently,
1Kll.2ex,) < 1K) l.zoom.2)-

In this paper we will use the concept of regular collision operators introduced by M.
Mokhtar-Kharroubi.

Definition 2. A collision operator K is regular if it satisfies the assumption (). <
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Definition 3 ([8, Definition 4.1]). If the collision operator K is regular, then it can
be approximated in the operator norm by operators of the form:

peX, — Zai(x) ﬂi(v)/ 0;(w) o(x,w) dw € X,,,
iel v
where [ is finite, o; € L (D), B; € L,(V,dv) and §; € L,(V,dv); p = q(p — 1). <

Remark 2.1. We can assume in the above definition that 8; and 6; are measurable
simple functions with compact supports in V. <&

The compactness results are established in [7] and given by the following theorems:

Theorem 2.1. Let 1 < p < oo. If K is a regular operator, then for any complex
number X satisfying RedA > —\A*, the operators K(A — Ty) ™" and (A — Ty)~'K are
compact on X,,. <&

Theorem 2.2. Let K be a regular operator on X,. If H is weakly compact operator,
then for Red > —A* we have K(A — Ty) 'K is weakly compact on X;. <&

In the next, we will prove the following result.
Proposition 1. Let the boundary operator H be non-negative, then Ty generates a
strongly continuous semigroup positive (U(t)) >0, satisfying

U@ < e o

Proof. According to [7, Lemma 2.2] we have for any A satisfying ReA > —A%,

A—T) ' < ———.
1= <

Combining this result together with [11, Corollary 3.8, p. 12], we may immediately
deduce the result.

In all the sequel, we shall assume that X'(.) is an even function of the velocity,
ie. foranyv € V, ¥ (—v) = ¥(v).

3 Auxiliary Lemmas

The goal of this section is to establish some lemmas which we will use in the next
section.
Let w > 0 and set

R, :={)A € C such that ReA > —A* + w}.
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Note that if A € R, then

Rek+l*—zzz>0
2 2
and forallv e V
w_w
YW)=A*4+—=>—=>0.
W -2 +35273

We consider

@x : [_g» g] —C
t—> Gu(1) = exp {(A* — D) - g)z} exp { (A + 2(=Y)
x (207 (x+ 2, =) + 2 (x + 2, —;))},

where x € D and @, € L, ([—5, S]).
Indeed,

/_d |@c(0)|dt < /_d exp {(,x* - 2(—;) - g)t}
exp { — (ReA + A*)(2nt(x + z, —)-:) +2t-(x +z, _é))} dt

/_ (1) ldr < [_ exp {(A* = B(=2) = D)i} e

= [k* - suple(v) iy (1 — exp { - (A= sup X(v) - g)g})

Let x € D and denote by (,5,(,,)(.)) . a sequence of continuous functions with
y4S]

compact support which converges to @,(.) in L; ([—%, ‘;’])
Setforv e V

h(v) := 61 (v)B1(—v).
Clearly, h(.) is a simple measurable function with compact support.

Let] := (—t_(x+z,—)-t‘),t+(x+z,—f ) and we introduce

Gp(x) = sup

Z€ED—x

[ = esp {= (347 = 2) 0 100 5
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and

G = sup. /Rh(—)—;) exp { - (A + 2(—?)) (z +onr(x+z, —%C)
+2t_(x + z, —;))} x1(t) %

)

where y;(.) denotes the characteristic function of /.
Lemma 1. Letp € Nand A € R,, then:

(i) G, € Li(D).
(ii) G,y € Li(D).
(iii) The sequence (G, )pen converges in Ly (D) uniformly on R,, to the function G.

<&
Proof. (i) We have

)/}Rh(—;) exp { - ()L + E(—%)) (t + 2nt(x + z, _)_:)

+21_(x+z, —};C))} xi1(t) |;iTt|)

< /R ‘h(—’-;)‘ exp | — (Rer + 2(—’-:))z}
exp { — (Rel + )L*) (an(x +z, —)—:) +2t_(x+z, —);C))} ;th'

There is no loss of generality assuming that there exist two constants @, b > 0 such
that

Suppth) C{v e V:a < |v| <b}.

In this case, in the above integral, one can see that # € R is such that

which implies that || < % This means that the above integral over R can be
reduced actually to an integral over [—f;l, g]’ where d is the diameter of D.

Gi(x) < /_z ‘h(—%‘)( exp { _ (Re)k + 2(—)-;))4 %~
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Therefore,
/DGA(x) dx < /D/_(; ‘h(—%‘)‘ exp { — (Rek + sup z(v))z} I:thl dx
+ /D/Od ‘h(—)—;)‘ exp{— (Re/\ n x*)t} |:th| dx.
The change of variable v = > gives
/D Gy (x) dx < /V /_ Oz h(~v)] exp{— (Rex + sup E(v))t} dt dv
.
+/V/O Ih(—v)| exp{— (Re)k +A*)t} dt dv.
/D Gi(x) dr < [V [h(~v)| dv [W(l—exp{(ReHsgpz(v))Z})]

+ [1oonpie [z (e - @+ 205 - 1)

Using Holder’s inequality, we get

Rex +;ip > () (1 e {(Rd +sup 2(”))3})

[ 639 e < 1611, 18110
n ;(exp{ — (Re + A*)fl} - 1)] < .
ReAd + A* a
(i7) Since we have

[ e f = (32 = )} s 1000 |

2
d
< sup 30| / d

h(—)—;)‘ exp { - (Re)t +AF - ;—v)t} %

we get after making the change of variable v = )—;

/DG,;,A(X) dx < sup|p(.)] /V/; |h(—v)| exp { — (Re)k +A*— g)t} dr dv.
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Now using Holder’s inequality, we obtain

G dx < o()| |16 —_—
| Gt e < 5 5O1 1911, 111y | o5

( exp {(Re/\ +A* = %)%} —exp { — (ReA + A* — %)%})]
(iii) Forallp € Nand A € R, we have
|Gpa(x) — GL(%)|

Jor et (x5 o 0

= | sup
z€ED—x
= Ah(-?) ol (i+ 2<—§>)
fﬁﬁxéh“éewi Q+** )}mA0m®||

. /Rh(—)—;) exp { - (x + 2(—);6))
(t + 2nt(x + z, —)—;) +2t_(x+z, —;))} x1(0) %

< sup
Z€ED—x

I R e e
This implies
|Gp,)t (x) — Gy (x)l

<exp {(Rel + A" - g)g} sup

a’ ;ep—x

./)M—ﬂMmAO P01 ).

Therefore

1Gps — Gallyw) <exp {(Re/\ + A% — %)g} /D f_dl h(—%))

sup |pxlz([) ‘px(t)|| |

z€D—x
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d
. ow\d a x
§exp{<Rek+/\ _5)5}[0[4 h(_;)‘
_ . dt
sup sup |Px.p(t)_¢X(t)|de'

xeD €D—x

The change of variable v = )—: gives

d
w\d a - -
1Gra = ol < exp {(Ret+ 47 = )%} [ [ fi-0)| 150 6 0lar .
ViJi—q

Applying Holder’s inequality, we get

w\ d - ~
1Gpa = Galluwy < exp { (Rea + 2% = Z) = 160,01 181, 150 = B g2

a

Consequently,

lim [|G,, — Gall, ) = O uniformly on R,,..
——+00
Lemma 2. Letr € [0,1) andp € N, then

lim |1m)u|’[ Gy (x) dx = 0 uniformly on R,,.
D

|ImA]—4-00

Proof. Observe that
Gpa(¥) <G, (1) + G (),

where

Gy, = sup

z€ED—x

[ = b = 2 o -0 ]

—00

and

G;,x (x) = sup

zED—x

’

[THD el = (42 =2 0 20

with I~ = IN] — 00,0] and IT = I N [0, +o0.
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Consider now the sequence of operators (GP Jnen and (G .6, JneN Where

Gran = o | [ =) exp (= (3t 27 = 5)e} ) 10 i

zED—x

p A o (x) = sup
Z€ED—x

/:oo h=2) exp { = (3427 = )t} fupl) s, ) |;1_Nt|‘

Clearly the sequence (Gp nen (resp. (G ).e, JneN) converges to G 5 (resp. G )
uniformly on R,, when &, goes to zero. So, 1t suffices to show that, for all £ > O '

lim |Im)t|”/ G;_,x L) dx=0and lim |Im)&|r/ e () dx = 0.
D e A 00

[ImA]—>+o00 [TmA|—+
Set

L.y [e,+oo[— C
1 —> h(=7) Pup(1) 2+ (D) |,lT|

Ly, is a simple function. Let (#;);<i<» denote a subdivision of its support satisfying
Lep(t) = Ly p(t;), forall ¢ € [t;, t;11[, withi € {1,...,m — 1}. Hence

[T enl- (=D)L
D R

m—1

= m i:ZILx’p(t,-)<exp { - ()L + A% - %/)ti}

el 43 Ein).
Since we have
‘exp{ (k+/\*—w) A}—exp{ ()L+)&*——) l+1}‘ <2

1 _ 1
A+ A% — 2] = |imA|

Lepli)] = sup )] 2O
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then

/ R e e N S sup O] sup 7)1

Therefore

2
[ G war < |1(mx| 7 sup )] sup 501 [

So,

lim  |[ImA|" / A (x) dx = 0 uniformly on R,,.

[ImA|——+o00

As the same way, we prove that

lim |Im/\|"/ v (X) dx = 0 uniformly on R,,.
D

|[ImA|—+o00

Let ¢ > 0, for x € D, we consider

¢y @ e, +oo[— Ry
5§ —> le exp{ — (2(’;‘) + 3 —A*)s}.
0 < ¢.(.) € Li([e, +00[). We denote by ((ﬁx,n(.))neN, an increasing sequence of
non-negative step functions with compact support which converge to ¢, (.).

Let A} (A) be the operator defined by

{ A5\ : L,(D) — L,(D)

¢ — (A5()e)
tf(x,?)
A (W) (x) = /D / h

We introduce the sequence (A, (1))

) ol 52l

neN of operators defined, for all n € N, by

A, (A : Ly(D) —> Ly(D)
» — (A5, (M)e)

(AL, ()g) () = /D / e,

exp { - ()k - % + k*>s}<§x_y,,,(s)ds dy.

—2) e
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Lemma 3. The sequence of operators (Aé,n(/\)),, o converges uniformly on R,, to
AS(A) in Z(L,(D)). <
Proof. Foralln € Nand A € R, we have

@, ws— s | [ [ o m(=) e (= (A= % +2)s)

p

[fes09) = bis(5) | 9) ds dy

This implies

(A3, (M)g)x — (A5 (M)g)x

([T ) Bt = 0t

’P

)4

()] dsdy)

Then

| |z oo - s as

<[LLL T I oo

The change of variable z = x —y € D gives

15,000~ a0l < [ [ [ i )| [ent) - 09

Therefore

p
x lo(y)| ds dy] dx.

P
o)l ds dv] dz.

145,00 = 450017 = [ ([ Gooor + nay)

+oo »
sup A1 ()[” (f sup ds) dz.
& zZ€

‘l;z,n (5) — ¢:(5)

Thus

1

145,00 =500 = ( [ o) (1ol + [ a)sup ] |0

Li(fe.+o00])

Consequently

¢~)11,n - ¢11

145,30 = A1 = ( /D &) (1+ /D dy) sup 11 ()

Li([e.400])
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4 Estimation of the Resolvent

The objective of this section is to establish Theorem 4.1 which is required in the
proof of our main result.

Theorem 4.1. Let p € [1, +00[, assume that the collision operator K is regular.
Then for all r € [0, 1), we have

lim  [ImA|" |[K(A — Ty) " K|| = 0 uniformly on R,,.
[ImA|—+o00 &

The proof of Theorem 4.1 is very technical, so it will be decomposed into several
lemmas. For any A belonging to the half-plane {)t € C such that ReA > —)L*}, we
have

KA —Ty) 'K = KB,H(I — MyH) 'G,K + KC,K.

Remark 4.1. According to Lemma 3 and Remark 2.1, it suffices to establish the
result for a one rank collision operator K with kernel in the form

K (x,v, ") = 01(x) Bi(v) 61 (v))

where a1(.) € L°°(D), while $81(.) and 0;(.) are measurable simple functions with
compact supports in V. &

Lemma 4. According to the hypotheses of Theorem 4.1, we have

lim  |ImA|" |KByH(I — MyH)™'G,K|| = O uniformly on R,,.

[ImA|—~+o00

Proof. It is shown in [8] that

B\H(I = MH)'Gy =) _7,(),

n>0

where [ 5,41 (0)] v v) = /0 " xpln) [Ua100] vy s

and
[ 72 v) = /0 " ewptoan (V22| v) di ¥ n = 0

Where for any fixed r > 0, [Up(#)¢](x, v) = ¢(x—tv, v) exp {— E(v)t} Nit<t—(xv)})
Y (x,v) € D x V. While for any n > 0
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[Uni2(0g1(x,v) = 1+ exp { = SO} L1100 0
px—1tv+ 2n+ 2)t(x,v)v,v)

and
Va1 0g1x,v) = 7+ exp { = SO} 100 (0)
0(x + 10— 21_(x. v)v — 207 (x, V)V, —V),
with
L(x, v) = [k‘[(x, V) + - v); (k+ D v) + - (x, v)] for any k € N.

So it suffices to establish the result for _#5,41(A) and _#5,(A) forall n € N.
Letg € X),,

[K Ao WK |5, v)
= K S W@ @pi0) [ 6:00ptw) dv)

+00
= k( / Y exp{—t} expl— (W)} i (1) 01 (x + 10 — 21 (x, V)
0

—2nt(x, v)v)B1(—v) / 01 (W)p(x + tv — 2t_(x, v)v — 2nt(x, V)V, W)dw dt)
14

= a1(x) B1(v) /v 01 (w) /0+°° y" T exp{—Ar} exp{—Z (W)} x o (x + 1w/
— 2t (x, W)W = 2nt (e, wWOW) x1 ) () Br(—w)
/v O (W)p(x + ' — 2t_(x, W)W — 2nt(x, W)W, w) dw dt dw'.
As a result, we can see that

[K /2,,+1()L)K(p](x, v) = [A3A2(A)A1<p](x, v),
where

A X, — L,(D)
¢ — (A19); (A1) (x) = Oél(x)/ @(x, w)0;(w) dw ¥ x € D,
14

{A3 :L,(D) — X,
v — (A3¥); (Asy)(x,v)=y?" T oy (x) B1(v) Y (x) V (x,v)eD XV



On the time asymptotic behavior of a transport operator with bounce-back. . . 347

and

{A2(A) : L,(D) —> L,(D)
¢ — (A2(L)p)

such that for all x € D we have
+o00
0@ = [ prewy o) [ exp | G o
v 0
x4+ tw' =2 (x, W)W = 20t (x, W)W xpew) (£) dt dw'.

A and Aj are bounded. Indeed
P P r
(AP dx < ol | ([ ot w)l 16100 dw)’a
D D v

< leillzeopy 10117, ) lellx, -
Consequently,

AL < llectlzeey 1011L,0v)-
Furthermore,

A1l < llerllzeey 111z, v)-
Since A; and A; are independent of A, it suffices to show that

lim  |ImA|" ||A2(A)|| = O uniformly on R,,. 4)

[ImA|—+o00
To do so, let ¢ € L,(D),

@Cn+1D)Tew)+1—(x,w)

(D)) = /V Bi(=w) 6y (w) exp { = O+ T

2nt (x,w')+1— (x,0')
x @(x + tw — 2t (x, W)W — 2nt(x, w)w') dtdw'.
The change of variable s = ¢t — 2nt(x, w') — t_(x, w') gives
(A2(V)e) (x)
T(x,w’)
- / Bi(=w) 61 (W) / exp{ = (A + T())(s + 207 (W) + 1-(x. )
% 0

o(x + sw —t_(x,w)w) dsdw'.
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Set u(w') = A + X' (w') and make the change of variable t = s — 7_(x, w’), then we
get

(A (@) () = /V hOw'Yexp { — pw) (27 W) + 20 0) )|

4 (xw')
X / exp { - /L(W/)t} o(x+ ') drdw'.

—t—(x,w')
Since for all (x,w’) € D x V we have
te (—t—(x,w),t+(x,w)) <= y=x+mw €D,

so the change of variable y = x + /' gives

R0 = /D/‘:((’”_i h(y:x) exp | - M(y%x) (r+ 207 (. y:x)

y—Xx dt
2 0) o) [ dy

- /Dm,x,y) o) dy

where

K(/X,x,y):/Rh(y_

y—Xx
t

Hew{=n(57) (e ()

))} x X(—f_(x.Q). t+(x.¥)) ® W

+ 2t (x,

Notice that the very rough estimate

ol = ([ ([ woxnea) a)’

apparently does not lead to (4). We have to estimate the norm of A,(A) more
carefully.
The difficulty in estimating [|A(1)]| is that A(A) is not a convolution operator.
To overcome this difficulty, we set

Ni(x.2) = th( - ;) exp { - M( - );C)(t + 2m(x +z, —%C)

+2t_(x+z,—)—;))} X X( i

) =
—t—(ebz =), 1y (x+z,—f)) |V
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where (x,z) € D x D with x + z € D. This approach is inspired from [8]. Therefore

Gi(x) = sup [N, (x,2)].

z€ED—x

Observe that Ny (x — y,y) = k(A,x,y) and denote by G, (resp. @) the trivial
extension to RV, then we have

[(A2(M)e) (0] = /D|NA(X_Y’Y)| lo() dy

< /DGA(x—y) o) dy

< (G * [@]) ).

This yields
[ At v [ 1@ bl s
”W”LP(RN) < |G, = 1@z, @
< |Gl &M @1z, @
Consequently

ANl < Gl o) lellL,m,
[A2(D) = Gl @)-
Using Lemma 2, we obtain

lim  |ImA|"||GyllL,p) = O uniformly on R,.
[ImA|——+o00

So

lim  |ImA|" |K_Z2,41(A)K|| = 0 uniformly on R,,.
[ImA|—>—+o00
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A similar reasoning allows us to prove that

lim  |ImA|" |K_Z2,(A)K]| = 0 uniformly on R,,.

|ImA|—+00

This ends the proof of Lemma 4.

Lemma 5. With same hypotheses as Theorem 4.1, we have
lim |ImA|" |[KC,K| = O uniformly on R,,.
o0

|ImA|—+

Proof. Consider the sequence of operators (C) 4, )nen, Where

t—(x,v)
(Cre,@)(x,v) = / @(x —sv,v) exp { -+ E(v))s} ds.

This sequence converges to C, uniformly on R,, when ¢, goes to zero. Hence, it
suffices to prove that, for ¢ > 0

lim  |[ImA|" |KC) (K| = O uniformly on R,,.
ImA|—+o00

Let ¢ € X, an immediate calculation shows that

[kcs.KeJie ) =enpi [ a0 [~ e i)
/V 0 (W)@ (x — sw', w) X exp { — A+ x(w’))s} dw ds dw'
= [ ate e v),
where

A} X, — Ly(D)
¢ — (Alp); (A19)(x) = ai(x) /Vw(x, w)0,(w) dw V x € D,

A, L,(D) — X,
¢ — (A59): (A3p)(x.v) = a1(x) f1(v) @(x) V (x,v) €D XV
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and

{ A5(A) 1 L(D) —> L,(D)
¢ — (A5(D)e)

t— (W)
such that (A5(A)@)(x) = /Ql(w’) B1(w) [ o(x — sw') exp{ - (A +
\4 e

E(w’))s} ds dw'.
A/ and A’ are bounded and independent of A, so it suffices to show that

lim  |[ImA]" ||A5(A)|| = O uniformly on R,.
|ImA|—>4o00

Let ¢ € L,(D),

t—(x,w)
W00 = [ [ o) g o) exp{ = G+ S} dsa

where by (W) = 0; (W) B1(W').
We have

s € [, t—(x,w)[<= y=x—sw €D.

The change of variable y = x — sw’ € D gives

Ay(N)p)(x) = /D/:(x’w Iy (’%) o(y) exp { ~(r+3(% _y))s}% dy.

N

According to Lemma 3, it remains to show that, for alln € N,

lim  |[ImA|" ||A;,(A)]| = O uniformly on R,
oo

|[ImA|—+

where

w0 = [ [ R E) 0
exp { - (A - % + k*)s}fﬁx_y,n(s)ds dy.
Set

fry i [e, +oo[— R
s —> hy (xTy) (f;x—y,n(s) X[e,tf(x.?)[(s)
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is a simple function. Let (s;)1<;<n denote a subdivision of its support satisfying
Sfey(8) = fiey(si), forall s € [s;, si [ withi € {1,...,m — 1}. So,

+o00

() exp { - (A FA - g>s} ds

= me(sz)/ exp{— (A +1"— 5) sds

- i Sl (-3
—exp { - (x P g)si+1}).

Since
lexp{ = (A + 27— 5)s} —exp{ = (A + 2" = ¥)sina ] =2
L
’)L+)L*—% ~ |ImA|
[fis(s)| < sup | ()] sup [$(.)],
then
[ o epd = (420 = 2o as] < 20D a1 sup )
This yields

e[ < (2 i M)sup|h1(.)|sup|¢3(.)|)”( IREE)

Therefore
p
map [ s, o] ax
D

2(m—1)
<
- <|Im/\|1_’

sup i ()] sup1501)( [ Qoo + )’ [

Consequently,

map e, 0l = S s O s G011+ [ ) ([ )
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5 Asymptotic Behavior of the solution

In this section we will discuss the part of the spectrum of the transport operator Ay
in the half-plane {/1 € C: Re) > —)&*}, such that

P(An) = o(Ag) N {A €C: Red > —A*}.

Lemma 6. Let p € [1, +o0o[ and assume that the collision operator K is regular on
X,. If H is weakly compact operator, then

(i) P(Ap) consists of, at most, isolated eigenvalues with finite algebraic multiplic-
iry.

(ii) If w > 0, then the set 0(Ay) N R, is finite.
(iii) Ifw > 0, then ||(A — Ag) ™" || is uniformly bounded on R,, for large |ImA|. <
Proof. Let A such that ReA > —A*. Since K is regular, then the use of Theorems 2.1

4

and 2.2 implies the compactness of [(A - TH)_lK] on X, forl < p < oo.
Furthermore, applying Theorem 4.1 for r = 0, we obtain

4
lim ” [()L — TH)flK] H = 0 uniformly on R,,.

[ImA|——+o00

We have (i), (ii), and (iii) follow immediately from Lemma 1.1 in [9].

In all the sequel, we denote by Ty, and Ay ,, the streaming operator and the
transport operator on the space X, respectively. Then, we designate by o,(.) the
point spectrum and r, (.) the spectral radius.

Lemma 7. Let A € C such that ReA > —A* and p € [1, +00[. Assume that the
collision operator K is regular on X,. If H is weakly compact operator, then

(i) A € 0,(Any) if and only if 1 € 0,((A — Tu,) 'K) and the corresponding
eigensubspaces coincide.
(ii) A € p(An,) if and only if 1 € p((A — Ty )" 'K). &

The above lemma can be checked as the same way as [1, Lemma 7.2]. Now, we state
the following result:

Lemma 8. Let E := {k € C: Re) > —)L*} and p € [1, 400[. Then, we have

rg[((/\ - THJ,)_IK)“] < 1 for some A € E.
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Proof. Let A € E, so we can write

1K1y

(3= 7un 5] = oy

Then, there exists @ > 0 such that for every A satisfying ReA > o we have:

rg[((x — TH,I,)—IK)4] <1

In the remainder of this section, we denote by P, , the spectral projection associated
with A which is an eigenvalue of Ay, with finite algebraic multiplicity. Let § > 0
besuchthat {u € C:0 < [A —u| <8} NP(Anp) =0, s0

Py, = (u —AH‘,,)_l du.

207 Jjp=2)=5
Lemma 9. The spectral projection P, , satisfying for every k > 1,
N[(A _AH,p)k] - R(Pl.p)y

where N[(A — Au,)X] and R(P;,) designate, respectively, the null space of
(A — An ) and the range of P;. . <&

Proof. We argue by recurrence, we have:

fork =1, N[(A — Anp)] € R(Pyp).

We assume that the inclusion is true until the order k — 1 and we prove that it
remains true to the order k. Let f € N[(A—Ax ,)*|\N[(A—An )], where N[(A—Ap )]
is a subspace of finite dimension on X),. Then, there is a closed subspace H satisfying
N(A _AH.p) D H = N[(A —AH’p)k]. Set,f =f1 ~|—f[.1 Since ()\. —AH'p)f S N[()L —
An )" then Py ,[(A — An p)fu) = (A — App)fu. Therefore, Py pfu —fu € R(P; ).
Consequently, fz € R(Pj p).

Now, we are ready to prove the following result.

Theorem 5.1. Let p € [1, +00[ and assume that the collision operator Kis regular
on X,,. If H is weakly compact, then:

(i) P(Aup) is independent of p.
(ii) Foreach A € P(Ap,) and k € N*, N[(A — Ay ,)"] is independent of p. <

Proof. Recall that E := {)L € C: Red > —)L*}. Let A € E and K is regular

operator. Using Lemma 8, we obtain that / — [(A — T ,) "' K]* is invertible for some
A € E. We know from Theorems 2.1 and 2.2 that the operator [(A — Ty ,,) ' K]* is
compact on X, for p € [1, +o0l. Since E is connected open subset of C, applying
the Gohberg-Shmul’yan theorem [5, Theorem 11.4, p. 258] we infer that, for p > 1,

[I —(x - TH,p)_lK)A'] is invertible on E except a set S, of isolated points which
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are poles of finite orders. Since
-1
[1- 0 =Tup7'k]

- [1 + (- TH,,,)—IK] [1 (O — TH,,,)—lK)Z] [1 — (A - TH,,,)—lK)4]_l,

—1 —1
the function [I—(A—TH.,,)_IK] has a similar behavior as [I—((/\—TH,,,)_IK)“]
in the half-plane ReA > —A*. Using Lemma 7, we obtain that P(Ay,) = S, for
every p > 1.In [1], it is shown that §), is independent of p, hence the proof of this
assertion is completed.

(ii) Since

(A _AH.p)_l = [1 - (A - TH,p)_lK]_l (A - TH,p)_la

then Py 1,/X, = P) ,. Furthermore, P ,(C5°(D x V)) = R(P; ;) this implies that
R(Pyp) = Py ,(C3°(D x V)) ¥V p > 1. Thus, the use of R(P)y ;) = R(Py,) and
Lemma 9 leads to N[(A — Ay 1)] € X,. Consequently, N[(A — Ay )] = N[(A —
A )M € X,.

Since Ty is an infinitesimal generator of a Cy-semigroup (U(f)),>o acting on X,
p € [1,+o0o[ and K is a bounded linear operator, then by the classical perturbation
theory [6, Theorem 2.1, p.495], the operator Ay = Ty + K generates also a
Co-semigroup (V(#))>0 on X, given by the Dyson-Phillips expansion

n—1
V() =) Uit) + R(1),

j=0

t

where Uy() = U(1),Ui(1) = / U(s)KUj—i(t—s) ds, j = 1,2,..., and the n™

0
order remainder term R, (f) can be expressed by
R,(t) = / U)K ... U(s)KV(t—s1 —...—sy) ds;...dsy,.
s1+..5,<t.s;i>0

We suppose that K is regular on X, and H is a weakly compact operator. Then,
from Lemma 6 (i), the asymptotic spectrum P(Ag) consists of, at most, isolated
eigenvalues with finite algebraic multiplicity {A{, A2, ..., Ay, Ayt1, ...} which can
be ordered in such way that the real part decreases [6], i.e., ReA; > Red, > ... >
ReA, > ReA,y+1 > ... > —A*, and {A € C suchthat ReA > —A*} \ {4, :n =
1,2,3,...} C p(Ap).

Now, using the spectral decomposition theorem corresponding to the set
{A, A2, ..., A} and o(Ag) \ {A1,A2,...,A,} which was established in [10],
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we can write

V() = V() + Z itelip

i=1
where P; and D; denote, respectively, the spectral projection and the nilpotent
n

operator associated with A;,i = 1,2,...,n. P = Z P; is the spectral projection of
i=1
the compact set {A1, A5, ..., A,} which commutes with V(¢) and Vgt) = V(@®)(I-P)
is a Cy-semigroup on the Banach space (I — P)X,, with generator Ay = Ay (I — P).
In the same way as in [1], we prove the following lemma.
Lemma 10. Let K be a regular collision operator. If H is weakly compact, then for
any ¢ > 0 we have:

(i) Forall g € {0.....3), H[(A — TH)_IK]q
ReA > ReA,+1 + 8}.

(ii) |(A —Ag)~'(I — P)| is uniformly bounded on {)& € C: Red > Redyqy + 8}.
&

is uniformly bounded on {)& eC:

Now, we will prove the main results of this paper.

Theorem 5.2. Letp = 1 and assume that the hypotheses of Lemma 10 are satisfied,
then for each & > 0, there exists M > 0 such that

V(l)—z Ait D,

< M eRetnt1te) iy (. &

Proof. From Proposition 1, the type of U() is less than or equal to —A*. Let us first

4
recall that by Theorems 2.1 and 2.2 we obtain [()k - TH)_IK] is compact on X,

for 1 < p < oo. Furthermore, inspired on [1, Lemma 4.3], it is easy to check that
{A € Csuch that ReA > ||K|| — A* + 1} C p(Ay) and

A=A~ < 1.
Now, according to Theorem 4.1, we have
(i)l (A — Agr)~"| is uniformly bounded on {x € C:Rek > |K|| — A* + 1},
(if) areal rg and for w > —A™*, there exists C(w) such that

4
|[ImA |0 I:()t — TH)_IK] H is uniformly bounded on {k € C;ReA = w, |ImhA| > C(w)}

Hence, the result follows from Lemma 10 and [1, Theorem 1.1].
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Let r be the real defined by
r = s(An) — sup {Rek A eo(An), A # s(AH)}.

By virtue of Lemma 6, we can see that r > 0. Let P denote the projection operator
corresponding to {A € 0(Ay) : Red = s(AH)} which is compact. Therefore, the

spectral decomposition theorem [10, Theorem 3.3, p. 70] can be applied.
We close this paper with the following theorem which can be checked in a similar
way as [1, Theorem 1.2].

Theorem 5.3. Let K be a regular collision operator on X,,, 1 < p < oo. If H is
weakly compact operator, then

(i) Foreach g > 0, there exists M > O such that

n
V()= Y MePipy| < M RPNy s 0and p € [1.2].
i=1 X,

(ii) Further, if K is positive, then for each p > 1 there exists M' > 0 such that

[Via =P, <M W= vis o

and for every g € (0,2r(1 —p~)) (resp. € € (0,2rp™)) if p < 2 (resp. p > 2).
<&
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Construction of MATLAB adaptative step
ODE solvers

E. Alberdi Celaya and J.J. Anza Aguirrezabala

Abstract MATLAB software package offers a set of open source adaptative step
functions for solving Ordinary Differential Equations (ODEs) which are easy
to use by non-experts. Two of these functions are the well-known ode45 and
odel5s. The ode45 is adequate when solving nonstiff problems, while the odel5s
is recommended for stiff problems. Due to the wide utilization of MATLAB in
science and engineering and taking into account that some issues of interest are
found, we have studied the numerical methods in which these two ode solvers are
based, describing the error estimation and the step size control implemented in
the codes. First and second order linear ODEs are solved as two extreme examples
to characterize the functions response and finally, some conclusions related to the
stability of these solvers and the inefficiency of odel5s in stiff problems with pure
imaginary eigenvalues are presented.
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1 Introduction

A set of codes to solve initial value problems (IVPs) [1, 12] is implemented in
MATLAB:

Y@ =f@y@), yt) =y (D

Some of these ode solvers are recommended for nonstiff problems and others for
stiff problems. The ode45 based on the Dormand Prince (5,4) pair [3] is one of
the codes recommended for nonstiff problems, and the odel5s for stiff problems,
which uses the Backward Differentiation Formulae (BDF) [4] and the Numerical
Differentiation Formulae (NDF) [14].

The term stiffness has been defined in different ways [2, 5, 7, 8, 10, 15],
sometimes leading to confusion. The definition used in this work is given in [6, 9],
which says that the greater the ratio of the eigenvalues of the Jacobian matrix, the
more stiff becomes the system of ODEs.

We have considered the first order ODE given by:

Y =1-y, y(0) =1, where A <0 (2)
And the second order ODE:
y' =A%y, (»(0),y(0)) = (1,0), where A*> <0 3)

which has been reduced to a system of two first order ODE:s:

YY_ (0 1\ (y -
(Z/) = (Az 0) (Z) ., (¥(0),z(0)) = (1,0) @
being z = y'.

The eigenvalues of (2) and (4) are, respectively, A and & |A|i, which represent
two extreme cases: the problem with real eigenvalues and the one with pure
imaginary eigenvalues. Problems (2) and (4) have been solved in the time interval
T = [0, 10] using the ode solvers ode45 and odel5s, for different values of A and A2,
with default values for relative and absolute tolerances. The number of steps given
by each ode solver is listed in Tables 1 and 2, respectively.

For the smallest eigenvalues, the ode45 takes less steps than the odel5s when
solving problem (2); while the odel5s results more efficient (less steps) with the
largest ones, as expected for a specialize function for stiff systems. Nevertheless,
this does not happen in problem (4), where the ode45 is more efficient than the
odel5s, even for the large eigenvalues. In order to understand the low efficiency
of the odel5s when solving second order stiff systems associated with vibratory
or wave-type problems, this work studies the algorithms that support the functions
ode45 and odel5s: the methods on which they are based, the local error estimation,
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T.able 1 Number of steps A ode45 | odel5s NDF | odel5s BDF
given by the ode45 and the

odel5s when solving -1 13 42 42
problem (2). —2 19 55 55
—4 24 62 64
—8 36 68 70
—20 73 75 74
—100 | 314 80 78
T.able 2 Number of steps +|Ali | oded45 |odel5s NDF | odel5s BDF
given by the 0de4:5 and the 11 T 76 Sl
odel5s when solving
problem (4). +2i 31 81 82
+4i 57 151 146
+8i 109 291 281
+20i 262 711 689
+100i | 1281 | 3515 3406

the implementation of the adaptative step size and the stability regions of each
method as the eigenvalues multiplied by the step sizes may lie inside these regions
in order to obtain an accurate solution. When a stiff ODE is solved using a numerical
method with small stability region, the step sizes will be smaller in order to retain
stability requirements [10].

Characteristics of the ode45 and the odel5s have been studied in Sections 2
and 3, respectively. In Section 4, both codes have been used to solve the ODEs (2)
and (3) and among other features, the step sizes, the error estimations, and the
positions of the eigenvalues multiplied by the step sizes with respect to the stability
regions have been analysed. Conclusions derived from this study are presented in
Section 5.

2 The ode solver ode45

The ode solver ode45 is based on an embedded Runge-Kutta method, the Dormad-
Prince pair known as DOPRI(5,4) [3]. The Butcher table of an embedded Runge-
Kutta method is given by Table 3.

The general s-stage Runge-Kutta method is given by:

N
Yatt =Ya+h Y biki )

i=1

where the coefficients k; are given by:

ki =fta+ choyn +h Y agk). i=1.2.. s (6)
j=1
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Table 3 Butcher table of an c A

embedded Runge-Kutta T
b

method. o
bT
ET

When the vector b” of DOPRI(5,4) is used to calculate (5), the method is
4-order accurate, while the method obtained using b7 is 5-order accurate. The values
obtained with the 4th and 5th order methods will be denoted by y,+; and y,4,
respectively. It is the 5-order formula the one used by the ode45 to advance:

Ynt1 = Yo+ h Z biki, Y41 =yn+h Z bik; (N

i=1 i=1

2.1 Error estimation in the ode45

The ode45 uses the difference between the values obtained with the 5-order and
the 4-order formulae as the local error estimation. This value results the 4th order
method local truncation error [13] :

est = Yut1 — Yntl

= Lya+ O (KT") ®)

being L, 4 the local truncation error of the 4th-order formula. By substituting the
expressions of (7) in (8), the local error estimation results:

est = i — w1 = h Y (bi— i) ki ©)

i=1

2.2 Step size control in the ode45

Suppose that after having given a step of size i, we want to calculate the next step
size. This step size could be for a new step or for the repetition of the previous step
because the requirement of the tolerance has not been verified. In both cases, the
next step size is calculated by multiplying the previous step size by a constant o:

Rtol \'/° (10)
o =
llest|]
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successful| fajled step
step

- =

Z
Fig. 1 The factor F as function of the variable z.
being Rrol the specified tolerance. A safety factor of Fg = 0.8 is used to guarantee

that the next step will be under tolerance [13]. So the new step is calculated as
follows:

Myew = F - h 1)

where F = Fg -0 = 0.8 - 0. Introducing a new variable z defined by:

_ U s (et 12

‘080 7\ Rl
the factor F takes the form F = 1/z which represents the hyperbola of Figure 1.
In this figure two regions can be distinguished, separated by ||est|| = Rtol, where

zs = 1.251is verified and which marks the limit between successful and failed steps.
The factor F takes the value of the safety factor, Fg = 0.8, when zg = 1.25. In
each step, the ode45 computes the values of ||est| and z, and the step is considered
successful if z < zg = 1.25 is verified. Otherwise, the step is considered failed.
When the given step has been successful, that is to say z € [0, 1.25], or equivalently,
F = % € [0.8, 00), an upper threshold Fy is introduced to avoid excessively long
steps, see Figure 1. The ode45 uses the value Fy = 5. This makes F € [0.8, 5] and
the next step size, &, verifies:

0.8-5 < hyey <5-h (13)
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Hence, the next step size is defined as:

Fy-h, <
e (14)
F-h, zy<z=Zgzs

being zy = - = 0.2,z = F = 1.25. When the given step results failed, that is
to say z > 1. 25 or equ1valently, F < 0.8, the step is repeated. For the first trial a
lower threshold F is set to avoid excessively short steps, which in the ode45 takes

the value F; = 0.1. This makes F € [0.1, 0.8] and the repetition of the step verifies:
0.1-h <hyw <08-h (15)
And the expression used in the first trial after a failed step is:

F-h, <z<
hnew = s ‘= (16)
Fr-h, z>z

where z;, = —L =10,z5 = —5 = 1.25. The expressions of (16) are replaced by h/2
in second or posterior trials after an unsuccessful step.

3 The ode solver odel5s

The odel5s is based on the BDF methods [4], and it is possible to use the BDFs of
orders 1 — 5. The final s of the odel5s indicates that the algorithm is usually used
to solve stiff differential equations [13]. By default odel5s uses NDF methods [14]
which based on BDF methods, anticipate a backward difference of order (k + 1)
when working in order k. The code always starts solving in order k = 1, and the
maximum order to be reached can be given to the code as data. In Figure 2 the
stability regions of DOPRI (5,4), BDFs and NDFs can be seen.

3.1 Error estimation in the odel5s

The odel5s uses the local truncation error as the error estimation:
est ~ LTE = CH*Ty (1) + O (h*1?) (17)

being C the error constant of the method. Backward differences are used to calculate
an approximation of y**1(z,). An approximation of y(¢) is obtained by using the
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Fig. 2 Stability regions of DOPRI(5,4) (interior to curves), BDFs and NDFs (exterior to curves).

backward interpolating polynomial of Newton that passes from the (k + 2) points
{(tn-i—iyyn-l—i)} fori=-1,0,1,2,...,k:

k+1 j—1

. 1
N~ Q) =y, Vypak— t— byt k—m 18
y(@) ~ O(t) y+k+]§=1 y+kj!h’m|:|0( +k—m) (18)

And the (k + 1)th derivative of expression (18) is calculated:

1
(k+ D)= Vly — (19)

Q(k+1) (1 = \vZad! Vnik e

1
(k + DIk

Obtaining:

1
y(k+1) (t) ~ Q(k+1) (t) — Vk+1yn+kW (20)
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Substituting the approximation (20) in (17), the error estimation of the odel5s in
terms of backward differences is obtained:

LTE ~ C-V¥ly L = est (1)

3.2 Step size control in the odel5s

The odel5s is not allowed to change either the order or the step size until a minimum
of (k + 2) consecutive steps are given with the same order and step size. If one of
the steps results failed, the order of the method or the step size is reduced. When
the compulsory (k + 2) successful steps are given, it is possible to change the order
and the step size. In this case, the step sizes which correspond to orders (k — 1) (for
k > 1), k and (k + 1) (whenever the maximum order defined has not been reached)
are calculated. If we are solving in order k, the odel5s calculates the next step
which corresponds to order k by multiplying the actual step size by a constant o

1
R T
o= tol 22)
[lest|

The odel5s uses a safety factor Fg = g and the new step size is:

he=F-h (23)

where F = Fg-0 = g - 0. Again, a new variable z is defined as follows:

llest|| 1/ &+
=12 — 24
¢ ( Rtol ) @4)

resulting the factor F = 1/z. When the given step is successful, that is to say z €
[0, 1.2], or equivalently F € [%, oo], an upper threshold Fy = 10 is set and the step
size of the k-order method is defined as:

Fy-h, <
p=1"vh f=w 25)
F-h, zs<z=<zy
where Fiy = 10, zy = - = 0.1 and zg = 1.2. In a similar way, the step sizes hy—

F
and hg4; which correspcgjnd to orders (k — 1) and (k + 1) are calculated, being the
safety factors % and %, respectively. The error estimations of the methods of order
(k—1) and (k + 1) are calculated, ||esty—; || and |lesty+1||. And the actual step size
1

is multiplied by the factor Fj—; = o O Fipr = ﬁ, respectively, where:
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lestii [ '/* lestir |1/
=13 (2l = 1.4 (18010 26
=t ( Riol Gt Riol (26)

Depending on the values of z;—; and zz+, the step sizes /;—; and A4 with upper
threshold Fj—| y = Fy+1.y = 10 are defined:

Froiv-h, zr—1 < zk—1v

hi—1 = (27)
Fiei1-h,  zZi—15 < Zk—1 < G—1u
Fiviv-h zer1 S %+u

hiv1 = ' (28)
Fir1-h Zirrs < Tt < Zt1u

where 73—y = 0.1 and 73— s = 1.3 and 31,y = 0.1 and 7415 = 1.4. Once the
step sizes that correspond to orders k, (k — 1) and (k + 1) are available, the process
that the odel5s follows to set the next step size is:

1. It compares the step size of order (k — 1) and the one of order k. If iy > hy is
verified, the value A is saved in A, and the order that corresponds to h;_; is
considered: k., = (k — 1). If hy—; > hy is not verified, K., = Iy and ke, = k
are considered.

2. Next, the step size that corresponds to (k + 1) is compared with h,,,. If Iy >
Nyew, the value hyy is stored in h,,,, and the order k,,,, increases one unit.

3. Finally, the value h,,,, is compared with the step size of the last step &. If A, > h
is verified, the next step size will be A,,,, and it will be given with order k,,,,. If
not, the order and the step size of the last step are maintained: order k and step
size h.

When the given step results failed, the step is repeated. The step size which
corresponds to order k is calculated using a lower threshold F; = 0.1 as follows:

F-h, zg<z=Zz

hy = (29)

Fr-h, z>z

where z;, = FLL = 10 and zg = 1.2 has been defined before. In the case in which

k > 1, the step size for order (k — 1) is also calculated as:

) = Fiei1-h, 215 <21 < -1 30)
Fioir-h, zZi—1 > -1
where Fi—1 1, = 0.1, zx—1L = L —10and Zk—1.s = 1.3 has been defined before.

Fr—1L
If hy—; > hy, the next step will be given in order (k— 1) and the step size A, will be

the minimum value of the present step 4 and h;—,. In second or posterior trials after
an unsuccessful step, the new step size is calculated by dividing by 2 the actual step.
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4 Some numerical results

In this section we will analyse the performance of the ode solvers ode45 and odel5s
in the ODEs (2) and (4).

4.1 First order ODEs

Consider the first order initial value ODE given by (2). The solution of (2) in the
time interval 7' = [0, 10] has been found using ode45 and odel5s. The problem has
been solved for different values of A and using the default values defined in the codes
(Rtol = 1073 and being 107 all the components of the vector Atol). The number
of steps given by each ode solver to solve (2) is listed in Table 1, resulting the
ode45 more efficient with the smallest values of A and the odel5s with the largest.
In particular, we have studied the value A = —100 where the odel5s works better.
The step size and the error estimations of both codes have been calculated. For the
odel5s the order in which each step has been given has been represented too and for
the ode45 positions of the values h in the complex plane have been drawn. These
positions have not been drawn for odel5s, as R™ belongs to the stability regions
of BDFs and NDFs. The graphics of these section correspond to use NDFs in the
odel5s. For A = —100 and ode45, some values h are outside the 5th order stability
region, Figure 3. A step size h for which h lies outside the 5th order stability region
is generally followed by a smaller step size that reduces the error estimation and
which makes / be inside the stability region or closer to its exterior limit. The steps
given by the ode45 are very regular although slightly oscillatory, see Figure 4, and
the smaller the error the greater the next step size, see Figure 5. In the odel5s, the
error estimation decreases a lot as long as we advance in the time interval and this
makes the steps longer, Figures 4 and 5. The greatest steps of the odel5s are given
when the function solution has not significant variations (values that are near to
Zero).

4.2 Second order ODEs

Consider the second order initial value ODE given by (3), which is reduced to a
system of two first order ODEs (4). The eigenvalues of the problem (4) are £ |A| .
Problem (4) has been solved in the time interval T = [0, 10], using the ode solvers
ode45 and odel5s, and using the default values defined in both codes. Again, we
have analysed the case A> = —100?. In the case of the odel5s, the problem has
been solved using BDFs. For A2 = —1002, the odel5s gives 3406 steps and the
ode45 1281 steps. The result obtained by the odel5s is worse than the one obtained
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Fig. 4 Step sizes in problem (2), being A = —100 (right detail).

by the ode45, Figure 6. The main reason is that for the ode45, the values h are all
inside the 5th order DOPRI(5,4) stability region, Figure 7. But this does not happen
for the odel5s. In the first image of Figure 8 all the positions of the values % in
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Fig. 5 Error estimations in problem (2), being A = —100 (right detail).
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Fig. 6 Solutions of the problem (4), being A> = —1007.

the BDF stability regions can be seen and the other figures show the detail. With
the exception of the values corresponding to orders k = 1, 2 and 5, all the rest are
outside the stability region.

Figure 9 and Figure 10 show the step sizes and the error estimations of the two
solvers when Rtol = 1073. It can be observed that the error estimations of the
odel5s are bigger than in the case in which the first order ODE (2) was solved.

5 Conclusions

From this analysis we conclude that:

* The ode solvers ode45 and odel5s do not do additional calculations to control the
eigenvalues of the jacobian matrix [11]. This means that the values h=hA may
lie outside the stability regions of the method, although the control of the local
error and the subsequent adaptative step size will avoid an unstable solution.
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Fig. 8 Positions of hin problem (4) in the stab. regions BDF, being > = —1002.

The local error estimation of the odel5s results very small when the solution
decreases exponentially. This is the reason why the odel5s results very effi-
cient when solving first order ODEs, mainly when |A| increases. Nevertheless,
when solving second order ODEs with pure imaginary eigenvalues, the strong
variations of the oscillatory solution produce a greater error estimation and the
advantage that the odel5s has in first order ODEs disappears.

The construction of each ode solver (their local error estimations, the formulae
for the new step sizes, and so on) is what makes each of the codes more efficient
when solving some type of problems.
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Fig. 9 Step sizes in problem (4), being A2 = —100.
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Fig. 10 Error estimations in problem (4), being A2 = —1007.
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An overview on bounded elements in some
partial algebraic structures

Giorgia Bellomonte

Abstract The notion of bounded element is fundamental in the framework of the
spectral theory. Before implanting a spectral theory in some algebraic or topological
structure it is needed to establish which are its bounded elements. In this paper, we
want to give an overview on bounded elements of some particular algebraic and
topological structures, summarizing our most recent results on this matter.

1 Introduction

Though the notion of bounded element has been considered, in different forms,
within the theory regarding the structure of (topological) *-algebras, it is not so
for the algebraic structures that do not possess a multiplication or possess just a
partial one. Indeed, for (topological) *-algebras, the notion of bounded element is
strictly linked to the operation of multiplication. In 1965, Allan wanted to construct
a spectral theory for locally convex algebras. He judged natural to mimic the spectral
theory of a closed operator on a Banach space: it is well known that if A is a closed
operator on a Banach space 4, then its spectrum is the set of the complex numbers
A such that the operator A — Al has no bounded inverse. It became fundamental for
him, therefore, to fix the concept of bounded element for a locally convex algebra.
He defined (see [1, Def. 2.1]) bounded those and only those elements a of the locally
convex algebra 2[t] for which there exists a complex number A # 0 such that the
set {(Ax)"; n = 1,2,...} is a bounded subset of 2([z]. This definition does not apply
to the algebraic structures we will examine in this overview: in general, neither a
partial *-algebra nor a C*-inductive locally convex space possesses an everywhere
defined multiplication, hence powers of a given element need not be defined.
Another notion of bounded element of a *-algebra is due to Vidav [11, Definition
in Section 2] and involves a convex pointed cone P of positive elements of the
algebra (which are all and only those elements that can be written as the finite sums
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of elements of the form a*a, with a € 20): an element a € 2 is bounded if there
exists a positive number & such that e € 2 the identity of 2.

In order to extend the notion of bounded element to our case we have at disposal
more than one possibility: we can define bounded elements taking into account
both the topological structure and the algebraic structure of the set where we pick
elements.

The paper is organized as follows. In Section 2 we will summarize the definitions
and results we gave in [2] about bounded elements in a *-semisimple topological
partial *-algebra: in that paper we considered the elements that are bounded with
respect to a sufficient family 9T of invariant positive sesquilinear (ips) forms (see
also [4]) and elements that are bounded with respect to some positive cone, hence
defined in purely algebraic terms. The outcome is that, under appropriate conditions,
order bounded elements reduce to 9)i-bounded ones. In Section 3, in the setting of
C*-inductive locally convex spaces, we consider both bounded elements defined
starting from the C*-inductive structure and those we have defined by means of an
order cone and finally prove the equivalence of the two different notions we have
given in [5].

2 Bounded elements in *-semisimple partial *-algebras

This section summarizes the results showed in [2] by J-P. Antoine, C. Trapani, and
the author. We refer to that paper for the proofs and further readings. Before going
forth, let us recall, for convenience of the reader, the main definitions we need.

A partial *-algebra 2 is a complex vector space with conjugate linear involution
* and a distributive partial multiplication -, defined on a subset I" C 2Ax %2, satisfying
the property that (x,y) € I' if, and only if, (y*,x*) € I' and (x-y)* = y* - x*. From
now on we will write simply xy instead of x - y whenever (x,y) € I'. For every
y € U, the set of left (resp. right) multipliers of y is denoted by L(y) (resp. R(y)),
ie, L(y) ={xe: (x,y) € I'} (resp. R(y) = {x € A : (y,x) € I'}). We denote
by L2 (resp. R2l) the space of universal left (resp. right) multipliers of 2 (for more
details, we refer to [3]).

In general, a partial *-algebra is not associative, but in several situations a weaker
form of associativity holds. More precisely, we say that 2l is semi-associative if
y € R(x) implies yz € R(x), for every z € R, and

(x)z = x(yz).

The partial *-algebra 2 has a unit if there exists an element e € 2 such that e = ¢*,
e € RA N LA and xe = ex = x, for every x € .

Let 2 be a partial *-algebra. We assume that 2( is a locally convex Hausdorff
vector space under the topology 7 defined by a (directed) set {py }oc.~ of seminorms.
Assume that
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(cl) for every x € 2, the linear map L, : R(x) — 2 with L,(y) = xy, y € R(x),
is closed with respect to 7, in the sense that, if {y,} C R(x) is a net such that
vo — yand xy, — z € %, then y € R(x) and z = xy.

in this case, 2l is said to be a topological partial *-algebra. If the involution x + x*
is continuous, we say that 2l is a *-topological partial *-algebra.

Starting from the family of seminorms {p, }c_», we can define a second topology
7* on 2 by introducing the set of seminorms {p); (x)}oe.7, Where

pa @) = max{p, (x), po (x*)}, x €A

The involution x +— x* is automatically t*-continuous. By (cl) it follows that,
for every x € 2, both maps L,, R = (L)* are t*-closed. Hence, 2[t*] is a *-
topological partial *-algebra.

Let 7 be a complex Hilbert space and & a dense subspace of 7. We denote
by ZT(2, ) the set of all (closable) linear operators X such that D(X) =
2, D(X*) D 2. The set £1(2, ) is a partial *-algebra with respect to
the following operations: the usual sum X; + X, the scalar multiplication AX,
the involution X +— X' := X* | 2 and the (weak) partial multiplication
X,0X, = XlT*Xz, defined whenever X, is a weak right multiplier of X; (we
shall write X, € R¥(X;) or X; € L¥(X>)), that is, whenever X, 2 C D(XIT*) and
X7 2 C DX3).

It is easy to check that X; € L¥(X;) if and only if there exists Z € .Z1(2, )
such that

(X£1X[n) = (ZEn), VEne 2. (1)

In this case Z = X; OX,». Z7(2, 5#) is neither associative nor semi-associative. If
I denotes the identity operator of 77, I := I | 2 is the unit of the partial *-algebra
LT(2, #). We will indicate by t, the strong topology on L1 (2, #), defined by
the seminorms

peX) = IXEll, X e LMD, 7). §€ 2.

Let 2[t] be a topological partial *-algebra with locally convex topology t. Then
a subspace B of R is called a multiplication core [2, Definition 2.3] if

(dy) e € B if A has a unit e;

(d2) B-B C B

(d3) B is t*-dense in ;

(dy4) forevery b € B, the map x — xb, x € 2, is T-continuous;
(ds5) one has b*(xc) = (b*x)c, Vx € AU, b,c € B.

A[z] is called Ay-regular if it possesses a multiplication core 2y which is a *-algebra
and, for every b € 2y, the map x — bx , x € 2, is t-continuous [4, Def. 4.1].

A *-representation of a partial *-algebra 2 in the Hilbert space 7 is a linear
map 7 : A — LT(2(r), #) such that: (i) w(x*) = m(x)7, for every x € A;
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(i) x € L(y) in & implies 7 (x) € LY (7 (y)) and 7 (x) O 7w (y) = w(xy). The subspace
9(r) is called the domain of the *-representation 7. The *-representation 7 is said
to be bounded if w(x) € HB(IC) for every x € A. We will denote by Rep, () the
set of all (z, t;)-continuous *-representations of 2. Let ¢ be a positive sesquilinear
form on D(¢) x D(¢), where D(¢) is a subspace of . Then we have

p(x,y) = @(y,x), Yx,y€ D(p), 2
lo(x.)I* < p(x, x)0(.y), VYx.y € D(p). )

We put
Ny, = {x € D(¢) : ¢(x,x) = 0}.
By (3), we have

N, ={x € D(p) : p(x,y) =0, VyeD(p)}

and so N, is a subspace of D(p) and the quotient space D(¢)/N, = {A,(x) =
x+ Ny;x € D(¢)} is a pre-Hilbert space with respect to the inner product

(AL, (1) = @(x.y).  x.y € D(p).

We denote by 7, the Hilbert space obtained by completion of D(g)/N,.

Our overview on bounded elements starts focusing on the so-called *-semisimple
topological partial *-algebras. A topological partial *algebras. 2A[z] is called *-
semisimple [2, Definition 3.5] if, for every x € 24 \ {0} there exists = € Rep, ()
such that 7 (x) # 0 or, equivalently, if the *-radical of 2

Z*QA) :={xeU: nw(x) =0, forall = € Rep,(2)}

is equal to {0}.
A positive sesquilinear form ¢ on 2 x 2{ is said to be invariant, and called an ips-
form, if there exists a subspace B(¢) of 2 (called a core for ¢) with the properties

(ips1) B(p) C R;

(ips2) Ay (B(g)) is dense in J7;;

(ips3) ¢(xa,b) = ¢(a,x*b), Vx €A, Va,b e B(p);

(ipss) ¢(x*a,yb) = ¢(a, (xy)b), ¥ x € L(y),V a.b € B(p).

We will denote by P (2) the set of all t-continuous ips-forms with core 8.

A family 90t of continuous ips-forms on 2 x A is sufficient if x € 2 and
@(x,x) = 0, for every ¢ € .4 imply x = 0.

Proposition 1. Let 2([t] be a topological partial *-algebra with unit e. Let *B be a
multiplication core. For an element x € 2 the following statements are equivalent.
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(i) x e Z* ().
(ii) ¢(x,x) = 0, for every ¢ € Py ().

Remark 1. By Proposition 1, 2A[z] is *-semisimple if, and only if, for some
multiplication core 23, the family Py () is sufficient.

If the family 90 is sufficient, any larger family 9% D 91 is sufficient too. In this
case, the maximal sufficient family (having B as core) is obviously & (21). Hence
if a sufficient family 9t C P () exists, then A[z] is *-semisimple.

We say that the weak multiplication xOy is well defined (with respect to 9) if there
exists z € 2 such that:

o(ya,x*b) = ¢(za,b), Ya,b € B,V ¢ M.

In this case, we put xOy := z and the sufficiency of 90t guarantees that z is unique.
The weak multiplication O clearly depends on 91: the larger is 90, the stronger is
the weak multiplication, in the sense that if 90T C 9" C P () and xOy exists w.r.
to 9V, then xOy exists with respect to 9t too.

Since it may be difficult to identify in practice such a sufficient family of
continuous ips-forms that guarantees the *-semisimplicity of 2A[zr], we examine
in what sense ips-forms may be replaced by a special class of continuous linear
functionals, called representable.

Definition 1. Let w be alinear functional on 2l and B a subspace of R2(. We say that
w is representable (with respect to ®B) if the following requirements are satisfied:

(r) w(a*a) = 0 for all a € B (B-positiveness);
() w(b*(x*a)) = w(a*(xb)), Y a,b € B, x € U,
(r3) Vx € 2 there exists y, > 0 such that |o(x*a)| < y, w(a*a)'/?, for all a € B.

We will denote by Z,.(2l, *B) the set of 7-continuous linear functionals that are
representable (with respect to B).
In this case, one can prove that there exists a triple (7.2, A2, #®) such that

w*w

(a) 72 is a *-representation of 2 in /.7 ;

(b) A2 is a linear map of 2 into H2F with AZ(B) = 2(n2) and 72 (0)AZ (a) =
A2 (xa), for every x € 2, a € B;

(©) wb*(xa)) = (T X)AE (a)|AZ (b)), for every x € A, a,b € B.

In particular, if 2 has a unit e and e € *B, we have:

(ay) 71;)3 is a cyclic *-representation of 2 with cyclic vector &,;
(b1) A% is a linear map of 2 into S2° with A2 (B) = Z(n2), &, = 22X (e) and
72 (A2 (a) = A2 (xa), for every x € 2, a € B;
(c1) o(x) = (12 (x)E,|&,), for every x € 2A.
For what we have already noted, it is interesting to identify a class of topological

partial *-algebras for which representable linear functionals and ips-forms can be
freely replaced by one another, since every representable linear functional comes
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(as for *-algebras with unit) from an ips-form. These partial *-algebras are called
fully representable: a topological partial *-algebra [r], with multiplication core ‘B
is fully representable if

(fry D(p,) = 2, for every continuous linear functional @ on 2 which is repre-
sentable w.r. to the same core 8.

The following definitions and results can be found in [2, Subsection 5.1].

Definition 2. Let 2 be a topological partial *-algebra with multiplication core B
and a sufficient family 9t of continuous ips-forms with core 5. An element x €
is called 9-bounded if there exists y, > 0 such that

lp(xa, b)| < yep(a,a)o(b,b)"/?, Yo € M, a,beB.

A useful characterization of 9i-bounded elements is given by the following
proposition.

Proposition 2. Let [t] be a topological partial *-algebra with multiplication core
B. Then, an element x € 2 is M-bounded if, and only if, there exists y, € R such
that ¢(xa,xa) < y?¢(a,a) forall g € M and a € B.

If x,y are 91-bounded elements and their weak product xOy exists, then xOy is
also Mi-bounded.

2.1 Order bounded elements

Before giving the definition of order bounded element of a topological partial
*-algebra 2[t] with unit and endowed multiplication core, we need to introduce an
order structure in 2([t]. We have done it by defining several order cones or wedges
of A[z].

2.1.1 Order structure of 2([7]

Let 2A[z] be a topological partial *-algebra with multiplication core 2. If A[z] is
*-semisimple, there is a natural order on 2 defined by the family &g (2() or by any
sufficient subfamily 9t of Py (), and this order can be used to define a different
notion of boundedness of an element x € %A [8, 10, 11].

Definition 3. Let 2A[z] be a topological partial *-algebra and B a subspace of R.
A subset 8 of 2, := {x € A : x = x*} is called a B-admissible wedge if

(1) e € R, if A has a unit ¢;
) x+ye R Vx,ye R
(3) Axe R, Vxe R A >0;
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@) (a*x)a = a*(xa) =:a*xa € R, Vx € R, a € B.

As usual, R defines an order on the real vector space 2, byx <y & y—x € R

In the rest of this section, we will suppose that the partial *-algebras under
consideration are semi-associative. Under this assumption, the first equality in (4)
of Definition 3 is automatically satisfied.

Now, let us define a series of admissible cones with respect to some subspace
of R2I.

* Let 2 be a topological partial *-algebra with multiplication core 8. We put

B = {Zx;:xk, x, €B,ne N} .

k=1

If B is a *-algebra, this is nothing but the set (wedge) of positive elements of B.
The *B-strongly positive elements of 2 are then defined as the elements of
AT (B) = B@" . Since A is semi-associative, the set AT (°B) of B-strongly
positive elements is a ‘B-admissible wedge.

*  We also define

’

n

+

Ay = {Zx,ka, xx €RA neN
k=1

—)T
the set (wedge) of positive elements of 2l and we put Ql{gp = Ql:fg . The semi-
associativity implies that R2( - Rl € Rl and then m:gp is R2(-admissible.

o Let M C Py (). An element x € 2 is called M-positive if
¢(xa,a) >0, VYo eM, aec’B.

It can be proved that an 9i-positive element is automatically hermitian. We
denote by Ql;)"ﬁ the set of all 91-positive elements. Clearly 2[;;1 is a ‘B-admissible
wedge.

As can be easily checked, the following inclusions hold

AT(B) S AT S AT VM S Poy(A). )
Moreover, it can be proved that, if the family 91 is sufficient, then Ql;'ﬁ is a cone,
ie., Ql;)"n N (—Ql;'n) = {0}; this automatically implies that [ (8) is a cone too.
Put Ql;, = Ql;% ) It can be proved that, if 2 is a fully-representable *-
semisimple *-topological partial *-algebra with multiplication core ‘B and unit
e € B and if ™A[r] is a Fréchet space and the following property holds

(P) y € 2 and w(a*ya) > 0, for every w € Z.(2,B) and a € Ay, imply y € AT (B)
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then the chain of inclusions (4) collapses: A1 (B) = Qlj/}, (see [2, Propositions 5.13,
5.14 and Corollary 5.16]).

The following statement shows that 2 (2()-positivity is exactly what is needed
if we want the order to be preserved under any continuous *-representation.

Proposition 3. Letr 2 be a topological partial *-algebra with multiplication core B
and unit e € °B. Let x € 2. Then, the following are equivalent:

1. xe€ Ql}; ;
2. the operator 7 (x) is positive for every (T, k;)-continuous *-representation w with
JT(e) = I@(n).

2.1.2 Order bounded elements

Let 2([7] be a topological partial *-algebra with multiplication core ‘B and unit e €
5. As we have seen in Section 2.1.1, [z] has several natural orders, all related to
the topology 7. Each of them can be used to define bounded elements.

Letx € 2; put fN(x) = %(x +x*), J(x) = %(x—x*). Then N (x), J(x) € Ay, (the
set of self-adjoint elements of ) and x = N(x) + iIJ(x).

Let now £ be an arbitrary 5-admissible cone.

Definition 4. An element x € 2 is called KR-bounded if there exists y > 0 such that
+R(x) < ye; +3J(x) < ye.

We denote by 2(, () the family of R-bounded elements.
The following statements are easily checked.

1) ax+ By € Ap(R), Vx,y € Ap(R), o, B € C.
2) x e Up(R) & x* e Ap(R).

For x € A, put
lx|lp := inf{y > 0: —ye <x < ye}.

|l - I» is a seminorm on the real vector space (A (R))s.

Let 2([z] be a *-semisimple topological partial *-algebra with multiplication core
8. We can then specify the wedge £ as one of those defined above. Take first & =
Ql;rn, where MM = Py () is the sufficient family of all continuous ips-forms with
core *B. For simplicity, we write again & := Py (), hence Ql} = Ql;"}% () and
Ap(2P) 1= Ap(A).

Proposition 4. If x € 2,(L?), then w(x) is a bounded operator, for every (z, t)-
continuous *-representation of A. Moreover, if x = x*, ||r(x)|| < ||x]|p-

Hence, as it is natural, the 2(,(£?)-bounded elements are those that are repre-
sented by a bounded operator in any (z, t;)-continuous *-representation of 2.
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The following theorem states the equivalence, under opportune hypothesis, of
the notions of order bounded element and of element bounded with respect to a
sufficient family of ips-forms.

Theorem 1. Let U[t] be a *-semisimple topological partial *-algebra with mul-
tiplication core B and unit e € ‘B. For x € 2, the following statements are
equivalent.

(i) xis Py (A)-bounded;
(ii) x € Ap(P);
(iii) m(x) is bounded, for every m € Rep (), and

sup{|lx(®)|l, 7 € Rep,(A)} < oo,

Another possible choice for the order cone is, for instance, A (B). It is clear that
Ay (AT (B)) € Ap(P2); it can be proved also that the two wedges coincide if A[r]
is a Fréchet space which is also a fully representable, semi-associative *-topological
partial *-algebra, with multiplication core B and unit e € B and the property (P)
(see Subsection 2.1.1) holds.

3 Bounded elements for a C*-inductive locally convex space

In this section we recap what S. Di Bella, C. Trapani and the author have done in
[5], i.e. extending the notion of bounded element to the case of C*-inductive locally
convex spaces; for this reason, we refer to that paper for the proofs of every result
we report on.

Before going forth, we recall the notions of directed system of C*-algebras and
of C*-inductive locally convex space we introduced in [7].

Let 2 be a vector space over C. Let F be a set of indices directed upward and
consider, for every o € F, a Banach space 2, C 2l such that:

(L1) A, S Ag,ifa < B

(12) A =yep Aos

(I.3) Ya € T, there exists a C*-algebra B, (with unit ¢, and norm || - ) and a
norm-preserving isomorphism of vector spaces ¢, : B, — Ay

(I4) xy € B = x5 = (95 ' Pa) () € ‘B;, for every o, B € F with 8 > a.

We put jgy = qﬁﬁ_l(ﬁa, ifa,BelF, g>a.

If x € 2, there exist o € F such that x € 2, and (a unique) xg € By such that
x = ¢g(xp), forall B > a.

Then, we put

Jpa(Xe) 1= xp ifa < B.
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By (1.4), it follows easily that jg, preserves the involution; i.e., jgo (X)) =
(jﬂa(xa))*~

The family {B,.jga, B > a} is a directed system of C*-algebras, in the sense
that:

(J.1) forevery a, B € F, with B > «, jgo : By — B is a linear and injective map;
Jae 18 the identity of B,

(J.2) forevery o, B € F, witha < 8, ¢ = ¢gjga-

(J.3) Jypipa =Jjyas® < B < y.

We assume that, in addition, the jg,’s are Schwarz maps (see, e.g., [9]); i.e.,

(sch) jﬁa(xa)*jﬁa(xa) Sjﬂa(x;xa)» Vx, € By, a < f.

For every «, 8 € F, with a < B, jg, is continuous [9] and, moreover,
IUﬂOt(xa)”ﬂ =< ”xa”av Vxy € By.

An involution in 2 is defined as follows. Let x € 2(. Then x € 2,, for some
o € F,ie., x = ¢y(xy), for a unique x, € By. Put x* 1= ¢y (x7). Then if § > «,
we have

¢5' () = 95 (Bu () = jpa(x}) = (pa )™ = x5

It is easily seen that the map x +— x* is an involution in 2. Moreover, by
the definition itself, it follows that every map ¢, preserves the involution; i.e.,
O (1)) = (o (xy))*, forall x, € By, @ € F.

Definition 5. A locally convex vector space 2, with involution *, is called a C*-
inductive locally convex space if

(i) there exists a family {{B,, ¢, },« € F}, where F is a direct set and, for every
a € F, B, is a C*-algebra and ¢, is a linear injective map of B, into 2,
satisfying the above conditions (I.1)—(1.4) and (sch), with 2, = ¢, (B,), a €
I,

(ii) A is endowed with the locally convex inductive topology 7i,q generated by the
family {{Bq. o}, € F}.

The family {{Bq, ¢o}, o € F} is called the defining system of 2. We notice that the
involution is automatically continuous in [ tia].

A C*-inductive locally convex space has a natural positive cone.

An element x € 2 is called positive if there exists y € FF such that ¢, ! (x) € B},
Ya > y.

We denote by 2 the set of all positive elements of 2.

Then,

(i) Every positive element x € 2( is hermitian; i.e., x € 2, := {y € A : y* = y}.
(ii) AT is a nonempty convex pointed cone; i.e., AT N (=2A1) = {0}.
(iii) If o € Fandx, € B, Po(xy) is positive.
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Moreover, every hermitian element x = x* is the difference of two positive

elements, i.e. there exist x7,x~ € At such that x = xT —x~.

Now, let 2l be a C*-inductive locally convex space with defining family of
C*-algebras {B,;a € F} (F is an index set directed upward). There are also in
this case several possibilities: the first one consists in taking elements that have
representatives in every C*-algebra ‘B, of the family whose norms are uniformly
bounded; the second one consists in taking into account the order structure of 2, in
the same spirit of the quoted papers of Vidav and Schmiidgen.

3.1 Bounded elements and the C*-inductive structure of 21

In this section we will report definitions and results that can be found in [5],
regarding bounded elements defined through the C*-inductive structure of the space.

Definition 6. Let 2 be a C*-inductive locally convex space. An element x € 2 is
called bounded if x € 2, for every o € F and sup, ¢y ||x4 ]|« < 00.

The set of bounded elements of 2l is denoted by 2.

It is easy to see that the set 2, is a Banach space under the norm ||x|, =
supyer [I¥ello-

In what follows we will consider *-representations of a C*-inductive locally
convex space. We recall the basic definitions.

Let IF be a set directed upward by <. A family {7, Uge, 0, B € F,. B > a},
where each .77, is a Hilbert space (with inner product (-|-),, and norm || - ||,) and,
for every o, 8 € F, with B > «, Ug,y is a linear map from %, into 23, is
called a directed contractive system of Hilbert spaces if the following conditions
are satisfied

(i) Ugq is injective;

(ii) ||U/3a§a||ﬂ < €ulles V& € H4;
(iii) Uy = Iy, the identity of J75,;
(iv) Uya = Uy,BUﬁoua =< IB =y.

A directed contractive system of Hilbert spaces defines a conjugate dual pair
(2, 2) which is called the joint topological limit [6] of the directed contractive
system {5%;, Ugy, o, B € F, B > «} of Hilbert spaces.

Definition 7. Let 2 be the C*-inductive locally convex space defined by the system
{{B,, Dy}, a € F} as in Definition 5. For each o € T, let 7z, be a *-representation of
B, in Hilbert space .7Z;,. The collection 7 := {7, } is said to be a *-representation
of A if

(i) for every o, B € [ there exists a linear map Up, : S, — 3 such that the
family {J%,, Ugy, o, B € F, B > a} is a directed contractive system of Hilbert
spaces;
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(i1) the following equality holds

7 (ipe (X)) = UpaTa(Xa) Upy.  VXa € Bo. p = c. Q)

In this case we write 7w (x) = li_r)nna (xy) for every x = (x4) € 2 or, for short,
7 = limm,.
—

The *-representation 7 is said to be faithful if x € A+ and 7 (x) = 0 imply x = 0 (of
course, (x) = 0 means that there exists y € I such that 7, (x,) = 0, fora > y).

Remark 2. With this definition (which is formally different from that given in [7]
but fully equivalent), 7w (x), x € 2, is not an operator but rather a collection of
operators. However, as it was shown in [7], 7 (x) can be regarded as an operator
acting on the joint topological limit (2>, ) of {J¢,, Ugs, o, B € F, B > a} (see
[6]). The corresponding space of operators was denoted by Lg(Z, 2%); it behaves
in the very same way as the space £5(Z, 2*) studied in [5, Section 3] and reduces
to it when the family of Hilbert spaces is exactly {##:A € Z7(2)}. The main
difference consists in the fact that the .7%,’s need not be all subspaces of a certain
Hilbert space 7.

Let m = li_r)nm,, be a faithful representation. Then, for every o € T, m, is a
faithful *-representation of B,.

As shown in [7, Proposition 3.16], if a C*-inductive locally convex space 2(
fulfills the following conditions

(r) if xy € B, and jgo (xe) > 0, B > «, then x, > 0;
(r2) eg Gjﬂa(%a)a Va, :3 €T, ﬁ >
(r3) every positive linear functional @ = 1i_r>na)a on 2 satisfies the following

property

o if o € F and wg(jga(x))jpa(xa)) = O, for some B > « and x, € By, then

Wo (X3 %) = 0;
then, 2 admits a faithful representation. These conditions, in fact, guarantee that 2
possesses sufficiently many positive linear functionals, in the sense that for every
x € AT, x # 0, there exists a positive linear functional w such that w(x) > 0 [7,
Theorem 3.14].
The following theorem provides a relation between the bounded elements of 2

and its bounded representations.

Theorem 2. Let 2 be a C*-inductive locally convex space and x = (x,) € 2.

(i) If x € Uy, then, for every representation w1 = llr_)n 7y of AU, one has

sup || 774 (xo) [lea < 00,
o€l

where | - ||oo denote the norm of B(H,).
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(ii) Conversely, if 2 admits a faithful *-representation n/ = 11_) JTZ; and

sup ||7T£(xot)”aa < 00,
a€lF

then x € Uy,

3.2 Bounded elements and the order structure of 2

Here we collect a series of definitions and results given in [5] about bounded
elements of a C*-inductive locally convex space defined by an order cone. As
before, we refer to that paper for the proofs.

The reader will immediately realize that the following definitions are very similar
to those given in Subsection 2.1.2, however we search here a characterization of
bounded elements that originates from the bounded elements of the C*-algebras
that give raise to the C*-inductive locally convex space.

Let 2 be a C*-inductive locally convex space. If x € 2, we put, as before,

rhx and J(x) = x—.x
2 2i

R(x) =

Both N (x) and J(x) are symmetric elements of 2.

Assume that 2 has an element u = u* such that ||uy|l, < 1, for every « € F,
and there exists y € I such that ug = jg,(e,) VB > y (e, is the unit of B,). For
shortness we call the element u a pre-unit of 2. It is not difficult to prove that the

pre-unit # € £, if any, is unique.

Definition 8. Let 2 be a C*-inductive locally convex space with pre-unit . We say
that x € 21 is order bounded (with respect to u) if there exists A > 0 such that

—Au < R(x) < Au —Au < J(x) < Au.

The following theorem shows that the notions of bounded element and of order
bounded element we gave within the present section are equivalent.

Theorem 3. Let 2 be a C*-inductive locally convex space satisfying condition ().
Assume that A has a pre-unit u. Then, x € A, if, and only if, x has a representative
for every a € F (i.e., for every a € T, there exists x, € B, such that x = ¢y(xy))
and x is order bounded with respect u.

Now, recalling that the set 2, is a Banach space under the norm |x||, =
Sup,er |1« |la> We can draw a consequence of Theorem 3.
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Proposition 5. Let x = x* € 2, and put

px) =inf{A > 0; —Au < x < Au}.

Then, p(x) = |x|»-
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Some spectral properties for operators acting
on Rigged Hilbert spaces

Salvatore Di Bella

Abstract Operators on Rigged Hilbert spaces have been considered from the 80s
of the 20th century on as good ones for describing several physical models whose
observable set didn’t turn out to be a C*-algebra.

A notion of resolvent set for an operator acting in a rigged Hilbert space
9 C A C 2> is proposed. This set depends on a family of intermediate locally
convex spaces living between 2 and 2%, called interspaces. Some properties of the
resolvent set and of the corresponding multivalued resolvent function are derived
and some examples are discussed.

1 Introduction

Spaces of linear maps acting on a rigged Hilbert space (RHS, for short)
9 CHCD”

have often been considered in the literature both from a pure mathematical point
of view and for their applications to quantum theory [2, 4, 5, 11-13]. One of the
motivations about the introduction of partial *-algebras (that came up during the
80s) is within their possible applications in several physical models. In 1964 R.
Haag and D. Kastler proposed the algebraic approach to quantum systems with
infinite degrees of freedom. In this it was supposed that the set of the observable of
the system were a C*-algebra and that all the operations concerning the topology
could be done without any problem. Nevertheless, this didn’t take physicists long to
show the existence of quantum models in which this assumption was no longer true;
then a new approach was needed. A first step was to introduce topological partial
*-algebras (G. Lassner 1980), the use of which showed a good approach to describe
some spin-systems. Since then, the development of topological partial *-algebras
went straight both in mathematical and physical applications [3, 4, 6, 7, 14].
In this paper we consider the case of £(Z, ™).
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Let 2 be a dense linear subspace of Hilbert space .7 and ¢ a locally convex
topology on &, finer than the topology induced by the Hilbert norm. Then the
space 2 of all continuous conjugate linear functionals on Z[], i.e., the conjugate
dual of 2], is a linear vector space and contains S¢, in the sense that ¢ can be
identified with a subspace of 2. These identifications imply that the sesquilinear
form B(-, -) that puts 2 and 2™ in duality is an extension of the inner product of Z;
ie,B(&,n) = (§|n), forevery &, n € Z (to simplify notations we adopt the symbol
(-|-) for both of them). The space 2> will always be considered as endowed with
the strong dual topology t* = B(2*, Z). The Hilbert space ¢ is dense in 2 [¢*].

We get in this way a Gelfand triplet or rigged Hilbert space (RHS)

Dlt] — H — D*[t"], (D

where < denotes a continuous embedding with dense range. Clearly this includes
the well-known triplets of distribution spaces

D(2) — LX(2,d"x) — 2*(2)
where £2 is an open of R”, or
S ([R") = LR") = > (R").

Let £(2, 2*) denote the vector space of all continuous linear maps from Z[t]
into 2[*]. In £(2, 2*) an involution X — X' can be introduced by the equality

(X§[n) = (XTnl§). VEneg.

Hence £(2, 2*) is a *-invariant vector space. As it is shown in [3, 6, 7, 10],
L£(2,2*) can be made into a partial *-algebra by selecting an appropriate family
of intermediate spaces between Z and Z*.

2 Operators in RHS

Let 2[tf] C 2 C 2*[r*] be arigged Hilbert space and &'[ts] a locally convex space
such that

D[] — Elte] — 2*[¢"]. ()
Let & be the conjugate dual of &[r¢] endowed with its own strong dual topology

t. Then by duality, & is continuously embedded in 2™ and the embedding has
dense range. Also Z is continuously embedded in &, but in this case the image of &
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is not necessarily dense in &> [4, Example 10.2.21], unless & is endowed with the
Mackey topology 7(&’, &™) =: te, [8]; in which case we say that & is an interspace.
If &, .% are interspaces and & C %, then Tt is coarser than 7.

Let &, % be interspaces. Let us define

C(E,T) =X e 82,97 : Y € &(&, F), Yi = XE,VE € D),

where £(&, %) denotes the vector space of all continuous linear maps from &’[t#]
into ZF[tz]. Itis clear that X € ¥(&£, %) if and only if it has a continuous extension
Xg 1 Elte] = Ftz]. In particular, if X € (&, F), then X € € (&, 7). The
continuous extension of X from & into 2> clearly coincides with X,s. Obviously, if
X, Y e %(5), _@x), then (X + Y)g = Xp + Y.

Let now X,Y € £(Z, 2*) and assume there exists an interspace & such that
Ye £(2, &) and X € €(&, 2); it would then be natural to define

X-YE=Xe(YE), £€9. 3)

However, this product is not well defined, because it may depend on the choice of
the interspace &. There are in fact examples, due to Kiirsten [9, 10], showing that
this situation may really occur.

Definition 2.1. A family § of interspaces in the rigged Hilbert space (Z[t], 77,
2*[¢*]) is called a multiplication framework if

1. 2 e5g;
2. V& € §, its conjugate dual & also belongs to §;
3.VE, %€, ENTF 5.

Definition 2.2. Let § be a multiplication framework in the rigged Hilbert space
(211], 72, 2*[*]). The product X - Y of two elements of £(Z, 2*) is defined, with
respect to §, if there exist three interspaces &, . #,¥9 € § such that X € € (%#,9)
and Y € (&, .%). In this case, the multiplication X - Y is defined by

X-Y=WXzYs) | 2
or, equivalently, by
X-YE=XgYE Ec€9.

Actually, the product so defined does not depend on the particular choice of the
interspaces &, .7, ¥ € § but it may depend on the choice of F.
As shown in [4, Theorem 10.2.30], we have

Theorem 2.3. Let § be a multiplication framework in the rigged Hilbert space
(Dt), 2, 2*[¢*]). Then £(2, D), with the multiplication defined above, is a
(non-associative) partial *-algebra.
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3 Resolvent and spectrum

In this section we introduce and discuss a notion of spectrum for operators in
£(2, 2). Even though it would be natural to define the inverse of an injective and
surjective X € £(2, 2) as the operator X~! : 2™ — & such that XX~ = I
and X~'X = I, this approach, as shown in the next proposition, turns out to be too
restrictive.

Proposition 3.1. Let D[t] <— H — D*[t*] be a rigged Hilbert space and X €
L£(D, D) a linear bijection. Then there exists a triplet of Hilbert spaces 7 —
H — J such that 9 C Ay and 9™ C 5~

Since the existence of global inverses of operators of £(Z, 2™) is a so strong
condition, one may try to exploit the intermediate structure between 2 and 2™ for
a more appropriate definition of the inversion procedure. The fact that once fixed a
multiplication framework §, £(Z2, 2*) becomes a partial *-algebra [Theorem 2.3]
suggests an algebraic definition: Y € £(2, ) is the inverse of X € £(2, 2*) if

X-Yand Y- X are well definedand X - YE =Y - XE =&, VE € 2. @

This equality, however, does not define Y uniquely, because of possible lack of
associativity.

Actually, as we are going to see, this lack of uniqueness will play a fundamental
rule on our definition of spectrum, [1].

Let X € £(2,2) and § a family of interspaces. Assume that there exist
&, F € Fo such that X € € (&, . 7). If the extension X is bijective from & into
Z, then X;l exists. If X;l is continuous from .% onto &, then its restriction to &
is automatically continuous from Z[f] into Z*[t*]; i.e. Xz' }o9€ £(2, 2*) and,
moreover, X;l bge C(F,&). If this is the case, and if §( is a multiplication
framework, then (4) holds. So that X;l Mg is the algebraic inverse of X. The
converse may fail to be true. For this reason there is no need, in what follows, to
consider § as a multiplication framework.

Definition 3.2. Let X € £(2,2*) and A € C. We say that A is a generalized
eigenvalue of X if there exists an interspace & such that X has a continuous extension
Xs from &tg] into 2[¢*] and Xs — Als is not injective. Any nonzero vector
§ € NXe — Ag) C & is called a generalized eigenvector. If & = 9, we say
that A is an eigenvalue of X and elements of N(Xy — Aly) are called eigenvectors.

Definition 3.3. Let X € £(Z, 2*) and o be a family of interspaces. The Fo-
resolvent set of X, 03°(X), consists of the set of complex numbers A satisfying the
following conditions: there exist &, # € Fo, with & C .%, such that

1. X e 48, F)and Xe — Ag)E = F;
2. (Xs — Mg)™! exists and it is continuous from % [t.#] onto &[te].
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For consistency of notations we put og 2 (X) = 0 if X & €(&,.%). With this
convention, one has

X = |J esrX. 5)

(9,963"0

The set 05°(X) := C \ 0%°(X) will be called the Fo-spectrum of X.

Remark 3.4. The assumption of continuity in condition (1) can be omitted if we
suppose that &,.% are Banach spaces; in this case, in fact, the inverse mapping
theorem guarantees the continuity of (Xg — Als)™'.

In particular, as it is shown in [1], if we suppose that § is a family of interspaces
whose elements are Hilbert spaces (in this case we will prefer the notation (&, %)
to £(&,.%) ), we get the following properties:

Theorem 3.5. Let &, F € §oand A € B(&, F). Then

1. the set G(B(&, F)) of all invertible elements of B(&, .F) is open;

2. themap A € G(B(E,.F)) — A~ € B(F, &) is continuous;

3. 0e.7(A) is open;

4. the function A € 0e.7(A) — (A — Mg)™! € B(F,&) is analytic on every
connected component of 0.7 (A).

Proposition 3.6. Let X € £(Z, 7)), & C F and Ay € 0&.(X). Then there exists
8 > 0 such that, for every A € Cwith |A — Ao| <6, A € 5.2 (X) and

+00
Rf,ﬂ'(x) — Z(}L _ AO)nRi»y(X)(n-l-l)’
n=0

where the series converges in the operator norm of (%, &).

By the definition itself of resolvent for an operator X € £(Z2, %), it may
happen that a complex number belongs to more than one local resolvent, i.e.,
Ao € 06.92(Xe) Nog 7/ (Xgr) for some &, &', F, F' € Fo. In this case we denote
(X — AoI)~! the collection of all resolvent operators corresponding to Ao and by
A € 0%9(X) — (X — -I)~! the corresponding multivalued resolvent function, where
its restriction to any & € §o can be seen as a single valued branch.

Definition 3.7. Let &,&", %, %' € §pand B € B(&,F), C € B(&E', F'). We
say that B and C are equivalent, and write B = C,if B 4= C |g.

Some favorable situations are given by the two following propositions:

Proposition 3.8. Let Ay € 05,7 (Xs) N 05 .7/ (Xgr) for some &,&', F,.F' € Fo.
Let us assume that & C &'. The corresponding resolvent functions are equivalent
on some open neighborhood of Ay and they are direct analytic continuations of
each other.
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Proposition 3.9. Let Ay € 0.2 (Xe) N 0g. 7/ (Xgr) for some 8,8, F, F' € Fo.
If there exist ¢ and ' in Fo such that ¢ € & N &' and Ay € 0« 4 (X), then the
functions A — (Xg — AMg)" and A — (Xer — Mg/)~" are analytic continuations
of each other in some open connected set containing A.

3.1 Examples

Let A be a self-adjoint operator in Hilbert space ¢. The space 9 = Z°°(A),
endowed with its natural topology z, defined by the seminorms p,(§) = ||A"¢]|,
n € N, generates in canonical way an RHS, with & a Fréchet space. For every
n € N we denote by 7%, the Hilbert space obtained by endowing D(A") with its
graph norm || - ||, := ||(I +A%")!/2-|| and by .Z.,, the space obtained by completing
A with respect to the norm || - ||, := ||(I +A>")~V/2.||. Put % := . Then, the
family of spaces {%,; n € Z} is totally ordered; namely,

"'%H—lC%C"'C%:%C%ncn%ﬂ—n—l"'

LetusputS = A |  and take §y = {J%;,; n € Z}. The operator A (or its extension
by duality denoted by the same symbol) maps 77, in J,—, Vn € Z continuously;
hence, S € C(5%,, F,—,), for every n € Z. Let us denote by 0~ (A) the usual
resolvent of A. For shortness, we will put 9, ,,(S) := 0.%,.2,(S).

Proposition 3.10. Let A be a self-adjoint operator, 2 and §y as above. Then
0% (8) = 0 (A).

Example 1. Let S be a closed symmetric operator with equal and finite defect
indices. Again we put

2°°(8) = () d(s"

n>0

and, also in this case, Z°°(S) is dense in ¢ [13, Prop. 1.6.1]. If S isa self-adjoint
extension of S, we clearly have

21" c 26", Vn>1
and then
°(S) C 2°(S).

Let us assume that S has a family {S, },e; of self-adjoint extensions. We put /7, =
2(S,) endowed with the graph norm as before and consider

So ={Hnx €l,neN}
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Then § € € (5, #3,) if and only if « = B and m < n — 1. By the previous
result, it follows that

O Sy, Aoy =1 (S) = Qﬁi”(sa)-

Hence 0%°(S) = Uger 0.2(Sy).

Example 2. Let us consider the operator Hy = —j72z~ A case of interest arises if we
impose a boundary condition by taking, for instance, 7 := .7, 1= {f € .7 f(y) =
0}, y € R, with the topology induced by .#. This domain is used when perturbing
the free Hamiltonian with a §-interaction centered at y [2]. The domain of the closure
H, of Hy is W?2([R) = {f € W**(R);f(y) = 0}. As shown in [2, Th. 3.1.1], the
operator H is no longer self-adjoint; it has, in fact, defect indices (1,1) and, for each
o € R, it possesses a self-adjoint extension H,. The domain of H, is

D(Hy) = {g € W?R) N W?R\ {H}) : &0 —g' (7)) =ag0)}.

As for the spectrum, we have

R+ U {0} ifa >0

H,) = 2
O He) =3 e 2 0y it < 0,

. 2, .
since for o < 0, —"‘T is an eigenvalue of H,.

Then, proceeding as in Example 1, we get that

oS H) = | J o (Hy) = C\{R* U{0}}

o €R

where §o = {4 ;o € I,n € N} (with J%,, = Z(H),) endowed with the graph
norm, as before). Hence, also in this case, we get

o3 (H) = RT U {0}.

Example 3. As it is well known, the Hermite functions defined by ¢o(x) =
V4?2 and

dn(x) = (Z”n!)_l/z(—1)"71_1/46"2/2 (i) e
dx

constitute an orthonormal basis of L?(R). If f € .7, then f has the expansion

oo
f= ch¢n, with sup |¢,|n™ < 00, Vm e N (6)
n=0 "
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and the series converges in the topology of .. The space of sequences {c,}
satisfying, for a given m € N,

sup |c,|n" < oo,
n

will be denoted by S,,. We will indicate with S the so-called space of rapidly
decreasing sequences;i.e.,S = ﬂmeN Si-
An element F € . can be represented as

o0
F =" bug,. with |b,| < M(1 +n)°, forsomeM >0, s €N, (7

n=0

the series being weakly convergent.
Let now {a,} be a sequence of complex numbers such that

V{c,} € s, 3m € N such that sup % < 00. 8)
n n)y"

Then

/= ch(;bn = Af = Zancn¢n

n=0 n=0

defines a linear map from . into .¥*. Since . is a reflexive Fréchet space, it is
sufficient to check that A is continuous from . [0 (., )] into ./ *[o (>, F)].
Continuity follows immediately from the fact that the map

AT f = idnqbn > Alf = ia_ndnqbn, {d,} €s,

n=0 n=0

is the adjoint of A. Hence A € £(., ). A natural choice of § consists in taking
the spaces .7, whose elements are all F € S$* for which the expansion (7) has
coefficients in S,, and their dual .. It is easy to check that every a, is an eigenvalue

of A. Thus, if A & {a,, n € N}, the sequence {#} is bounded. For these values

ap,—A
of A, the operator (A — AI)~! maps ., into .%,, (and .#,* into .#,%) continuously.
Hence 63°(A) = {a,, n € N}.
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