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Preface

Chapter 1 describes basic concepts of the theory of ordinary differential equations.
Namely, solutions to ODEs, a notion of extended phase space, orbit (phase trajec-
tory), motion, cascades and flows, trajectory, wandering point, & ()-limiting point,
attractors and repellers are defined, among others. Picard’s and Peano’s theorems are
introduced. Furthermore, global existence and uniqueness of solutions are defined
and proved, and examples illustrating the introduced definitions are added.

Chapter 2 deals with ODEs of the first order. First, a general introduction to
nonlinear ODE:s is given, and a few illustrative examples are provided. Definitions
and examples regarding separable homogenous and linear, as well as the exact and
implicit differential equations are given.

Chapter 3 is concerned with second-order ODEs. Firstly, we begin with linear
homogenous ODEs with time-dependent coefficients, and four illustrative examples
are added. Then the hyper-geometric (Gauss) equation, Legendre equation and
Bessel equation supplemented by examples are studied. Particular attention is paid
to ODEs with periodic coefficients including the Hill equation, Meissner equation,
Ince—Strutt and Kotowski diagrams. In addition, modelling of a generalized para-
metric oscillator using the nonlinear Milne—Pinney equation is carried out. Then
ODEs with constant coefficients are briefly revisited.

Variational Hamiltonian principle, exhibiting physical aspects of a studied
dynamical system, is applied to derive the Lagrange equations. Next, in Sect. 3.4,
a reduction of the second-order ODE:s to that of the first order is presented. Then,
the canonical (Jacobi) form after application of a dual (Legendre) transformation
is derived and discussed. Both Lagrangian and Hamiltonian functions, and their
mutual relationships are presented including the illustrative geometric interpreta-
tion. Canonical transformations, Poisson brackets, as well as generating functions
are described in Sect. 3.5, and two illustrative examples are provided (Sect. 3.6).
Section 3.7 deals with normal forms of Hamiltonian systems. Furthermore, it is
shown how to solve the Hamiltonian equations with damping terms. Problems
related to Riemannian formulation of dynamics and chaos exhibited by Hamiltonian
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systems using the example of a swinging pendulum are described in Sect.3.8. The
Jacobi—Levi—Civita (JLC) equation is derived governing the evolution of geodesic
separation. The original 2-DOF system oscillations have been reduced to consid-
eration of one second-order homogenous ODE with time-dependent coefficient.
Numerical results including the quasi-periodic and chaotic dynamics are reported.
Next, the so far applied geometric analysis has been extended to study double pendu-
lum dynamics. In particular, a connection between the JLC equation and the tangent
dynamics equation is illustrated allowing us to define the Lyapunov exponents via
the Riemannian geometry approach. This qualitatively different explanation and
interpretation of chaotic dynamics as a parametric instability of geodesics has been
illustratively supported by numerical results. Section 3.10 is devoted to a study of
the linear second-order ODEs with constant coefficients presented in a matrix form.
Both conservative and non-conservative non-autonomous systems are analysed and
important question regarding their decoupling is rigorously considered. Then, a few
problems of modal analysis and identification are addressed.

Chapter 4 is devoted to linear ODEs. Firstly, we show how a single nth order
ODE is reduced to first-order ODEs. Then, normal and symmetric forms of ODEs
are defined, and five illustrative examples are added. In Sect.4.3 local solutions
behaviour regarding the existence, extension and straightness are described. Classi-
cal theorems are formulated including a few well-known proofs. First-order linear
ODEs with variable coefficients are studied in Sect. 4.4. It contains some classical
theorems with their proofs, fundamental matrix of solutions, homogenous and non-
homogenous differential equations and numerous examples. Particular attention is
paid to homogenous and non-homogenous ODEs with periodic coefficients, the
Floquet theory, characteristic multipliers and exponents structure of solutions, etc.

Chapter 5 focuses on higher order ODEs of a polynomial form. First, the
Peano and Cauchy-Picard theorems are revisited. Second, a linear homogenous
nth order equation is studied. Third, it is shown how an nth order differential
equation is reduced to the nth order algebraic equation. Distinct and multiple
roots of characteristic equation are discussed. This chapter includes also numerous
examples.

Chapter 6 describes systems. It includes the system definition, as well as the
asymptotic relations between Newton’s and Einstein’s theory, classical mechanics
and quantum mechanics, and others.

Theory and criteria for similarity are introduced and discussed in Chap.7.
Geometrical, kinematic and dynamic similarities are illustrated. Three different
approaches of obtaining similarity criteria are outlined. Several examples serving
as a guide for intuition and physical interpretations are given.

Chapter 8 is devoted to a model definition and modelling. After an introduc-
tory Sect. 8.1, the mathematical modelling characterized by interdisciplinary and
universal features is described (Sect.8.2). Section 8.3 focuses on the modelling
in mechanics, whereas the next section deals with general characteristics of
mathematical modelling. Modelling approaches applied in a control are described
in Sect. 8.5. Ordinary, adaptive and distributed control systems are discussed, and
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associated block diagrams are given. The mechanical engineering oriented results
of control systems and their block diagrams are reported and discussed.

Chapter 9 deals with a phase plane and phase space based on the first-order
ODE:s. First, a general introduction of the phase plane concept is given in Sect.9.1.
Singular points are studied in Sect. 9.2, where also a classification of phase portraits
is given. Section 9.3 yields the classification of singular points with a use of
“Mathematica”. An analysis of singular points governed by the three first-order
ODE:s is carried out in Sect. 9.4, and analytical and numerical solutions of phase
space trajectories in the neighbourhood of singular points are derived.

Problems of stability are studied in Chap. 10. Introductory Sect. 10.1 gives a few
classical stability definitions of Lyapunov, Lagrange, exponential, conditional and
technical stability.

In addition, the limiting sets, attractors and repellers are also defined. Finally,
a concept of Zhukovskiy’s stability is illustrated and its impact on the stability
of quasi-periodic and chaotic orbits is discussed. Lyapunov functions and second
Lyapunov methods are discussed in Sect. 10.2, where also the so-called first and
second Lyapunov theorems of stability/instability are formulated. Then a few other
theorems are introduced including these of Chetayev and Barbashin—Krasovski, and
two illustrative examples are added as well. Section 10.3 deals with the classical
theories of stability and their impact on chaotic dynamics.

Chapter 11 is focused on modelling via perturbation methods. First section
describes advantages and disadvantages of asymptotic methods. Section 11.2
presents some perturbation techniques including the Krylov method and Krylov—
Bogolubov-Mitropolskiy method applied to autonomous and non-autonomous
oscillators. In the latter case resonance and non-resonance oscillations are studied.

Continualization and discretization approaches are described in Chap. 12. Intro-
duction is followed by a study of the 1D chain of coupled oscillators, which is
then converted to a PDE governing propagation of waves (Sect. 12.2). The approach
is extended to a model of planar hexagonal net of coupled oscillators (Sect. 12.3).
The discretization approach is briefly commented on the basis of vibrations of
a nonlinear shell with imperfections (Sect. 12.4). Finally, the modelling of 2D-
structures governed by the amplitude equation is presented, and the latter equation
is studied using a perturbation method.

Bifurcation phenomena are the subject of Chap.13. Introductory Sect.13.1
presents a relation between bifurcations and ODEs, stable and unstable manifolds,
global and local bifurcation diagrams, as well as the classification of isolated
solutions. Singular points of 1D and 2D vector fields are illustrated and analysed
in Sect. 13.2. Examples taken from mechanics are given. Local bifurcations of
hyperbolic and non-hyperbolic fixed points are studied, and next the double Hopf
bifurcation is addressed. Section 13.3 deals with fixed points of maps and the
associated bifurcations. Continuation (path following) approach using either the
Galerkin approximation or shooting method is described in Sect. 13.4. An illus-
trative example from biomechanics is added. The next section aims at illustrating
basic features of global bifurcations. Section 13.6 copes with bifurcations exhibited
by piece-wise smooth dynamical systems. First, their importance is described and
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then stability of discontinuous systems useful for numerical applications is given. In
the next section orbits exhibiting a degenerated contact with discontinuity surfaces,
bifurcations in Filippov’s systems, bifurcations of stationary points and periodic
orbits are analysed.

The optimization of systems is a subject of Chap. 14. Firstly, historical roots
are briefly revisited and variational principles are mentioned. Secondly, simple
examples of optimization are reported (Sect. 14.2). Thirdly, conditional extremes are
defined (Sect. 14.3), and then static optimization problems are revisited (Sect. 14.4),
including local function approximation and definition of stationary points and
quadratic forms. In the fourth place, Sect.14.5 addresses problems associated
with convexity of the sets of functions with a few definitions and theorems.
Next, optimization without constraints and with conditions of local optimality
is given in Sect.14.6. Subsequently, optimality conditions regarding quadratic
forms are presented in Sect. 14.7, whereas Sect. 14.8 deals with the equivalence
constraints. Afterward, both Lagrange function and Lagrange multipliers, including
their geometrical interpretations, are discussed in Sect. 14.9. Then, constraints of
inequivalent types are described in Sect. 14.10. Finally, the shock work optimization
is discussed in Sect. 14.11.

Chapter 15 describes phenomena of chaos and synchronization. Introductory
Sect. 15.1 deals with a historical background and intuitive understanding of chaos
and synchronization occurring in Nature as well as in pure and applied sciences.
Modelling and identification of chaos is presented in Sect. 15.2, whereas Sect. 15.3
describes the role of Lyapunov exponents and their geometrical interpretation in
quantifying chaotic orbits. Then, a frequency spectrum and autocorrelation function
are described in Sects. 15.4 and 15.5, respectively. Modelling of nonlinear discrete
systems with an emphasis on the chaotic dynamics is addressed in Sect. 15.6.
It consists of an introduction, Bernoulli map, logistic map, map of a circle into
circle, devil’s stairs, Farey tree, Fibonacci numbers, Henon map and Ikeda map.
Section 15.7 focuses on modelling chaotic ODEs and it includes a study of non-
autonomous oscillator with different potentials, Melnikov’s function approach,
externally driven van der Pol’s oscillator, Lorenz ODEs and their derivation. The
synchronization phenomena of a mechanical system consisting of coupled triple
pendulums with time-periodic mass distributions are analysed in Sect. 15.8, where
many different kinds of synchrony as well as rich nonlinear dynamical effects
including synchronization between chaotic as well as chaotic and regular dynamics
have been numerically reported.

Finally, in Sect. 15.9 chaotic vibrations of flexible spherical rectangular shells
loaded harmonically via the boundary conditions are investigated. In the first part
one-layer shell made from an isotropic and homogeneous material is studied. The
second part addresses nonlinear dynamics of multi-layer shells, taking into account
gaps between the layers (design nonlinearity). Phase portraits, Fourier power spectra
and wavelet spectra are constructed and investigated. Analysis of the shell curvature
and shell design nonlinearity on the synchronization phenomena is carried out using
also the phase difference as a new characteristic for monitoring and quantifying
nonlinear vibrations.
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Chapter 1
Introduction

In this book we consider only processes, which future configurations are completely
defined by their initial states, i.e. the so-called evolutionary deterministic processes.
Since this chapter deals with basic concepts of theory of ordinary differential
equations, the reader is encouraged to be familiar with the monographs [10, 11,
54,63,70,84,103,105,111,114,122,193,216,217,236,257].

A solution x = ¢(¢) to the system of ordinary differential equations

%= F(t,x), (1.1)

where x = (x,...,x,) and F = (Fy,...,Fy,), is the function ¢(¢), which
substituted into (1.1) satisfies it identically. We have assumed that Fi,..., F, are
C’(r = 1) smooth functions.

The representation of ¢(¢) in the space IR"*! of the variables (¢, x) is called the
integral curve of (1.1).

The solutions of (1.1) have the following properties:

(i) If x = ¢(¢) is a solution to (1.1) then also x = ¢(¢ + f) is a solution to (1.1).
Both of them correspond to the same initial point x, but for different time
instant.

(ii) Let the solution satisfy the initial condition xo = ¢(fy). Then it can be written
in the form x = (¢ — f9, xo), where ¢ (0, xo) = xo, t > t.

(iii) The following group property is satisfied:

@(t2, (11, x0)) = @(t1 + 12, Xo). (1.2)

There exist two geometrical representations of a solution to (1.1). Let D c R'H!
denote the so-called extended phase space D = D x R!. Changing the parameter ¢
(time) we get points in phase space D for different values of the parameter 7.

© Springer International Publishing Switzerland 2014 1
J. Awrejcewicz, Ordinary Differential Equations and Mechanical Systems,
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2 1 Introduction

When only smooth systems are considered, a velocity vector F(¢, x) is tangent
to the phase trajectory at a given point xy, and there is only one trajectory passing
through such an arbitrary point (this question will be clarified in more detail later).
The phase curves are also called phase trajectories.

As it has been mentioned earlier, the space D contains integral curves. Their
projection into the phase space D are phase trajectories or singular points (equili-
brium states). If a non-singular trajectory corresponds to a solution ¢(¢) of (1.1),
and ¢(t;) = @(t,) for t; # t,, then ¢(¢) is defined for all ¢ and is periodic.

However, there are trajectories having no points of self-intersection, i.e. quasi-
periodic or chaotic orbits. When any two distinct solutions corresponding to the
same trajectory are identical up to a time shift# — 17y, all solutions corresponding
to the same periodic trajectory are periodic with the same period.

A solution also possesses a mechanical interpretation. Trajectory made by a point
with an increase of time is called a motion. Sometimes it is useful to consider
a ‘time-reversed’ system

% = F(~t,x), (1.3)

which can be obtained from (1.1), by reversing the direction of each tangent
vector. Knowing the trajectories of one system we can easily find the corresponding
trajectories of another system, simply by reversing the direction of the arrowheads.

Dynamical systems are the systems solution of which can be continued for time
t € (—o0, 00), and the corresponding trajectories are called the entire trajectories.

Since in Eq. (1.1) the independent variable x(¢) as well as the function F are
treated as vector functions, one can investigate the system state via its vector state.
Hence, analysis of the function x, = ¢;(xo) with respect to time ¢ and the initial
condition is referred as system’s dynamics investigation.

Let Y be the metric space and ¢, : ¥ — Y be a family of transformations
depending on the parameter ¢ in a smooth way.

Definition 1.1. If Vz € D and 7,t* € [0, o], family of transformations satisfies
the identity

@ilex (2] = @r4#(2), (1.4)

then the pair (Y, ¢,) is called dynamical system (with continuous time) or a flow. In
a case of homeomorphism, when 7 € (—o0, +00), we have ¢! = ¢_,.

In a case, when time has discrete natural numbers, one obtains the definition of a
cascade.

Definition 1.2. The pair (Y, ¢), for natural values of the parameter ¢, where Y is
the metric space and ¢ : ¥ — Y, is called a cascade (or a dynamical system with
a discrete time).
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Let ¢ = @pog@...op. (Since Vz € Y and n,m = 0,1,2,..., we have
%,_/
m-times
©"[¢"(z)] = ¢"1"(z)). If we have homeomorphism, i.e. one-to-one continuous

mappings with continuous inverse, then the above identity is true for all integer
numbers n and m. The definition of cascades is used during analysis of all problems
related to numerical solutions of the ordinary differential equations. Now we give
some basic notations and definitions related to either cascades or flows.

The sequence {x,}>°  is called a trajectory of the point x;, where
Xn+1 = @(x,). There are following distinct trajectories:

1. When ¥ (x9) = xo, then x is called a fixed point (or a periodic point with
period 1).

2. When x; = ¥ (x0),i =0,1,...,k —1and xo = ¥*(xo), (x; # x; fori # j),
then each x; is called a periodic point of period k.

3. When for k — +oo, x; # x; fori # j, then a sequence {x;}*3 called
a bi-infinite (or unclosed) trajectory.

Recall that a set B is called invariant if B = ¢(t, B) for any t. If x € A, then the
trajectory (¢, x) € A.

A point x is called a wondering point if there is an open neighbourhood U (x()
of xo and T > 0, such that

U(xp) Ne(t,U(xp)) =0 fort >T. (1.5)

A set of wondering points W is open and invariant. In contrary, a set of
non-wondering points M = D/ is closed and invariant (equilibrium states
and periodic trajectories). The points on bi-asymptotic trajectories tending to
equilibrium states and periodic trajectories as ¢ — Fo0o are also non-wondering.

Definition 1.3. A point x is said to be positive Poisson-stable if for a given any
neighbourhood U(x¢) and any 7" > 0, there is # > T such that ¢(¢, xo) C U(xo).
If for any T > O there exists # such that ¢ < —T, then the point x¢ is called
a negative Poisson-stable point. A point is said Poisson-stable (p) if it is positive
(p™) and negative (p~) Poisson-stable. Note that p™, p~ and p trajectories consist
of non-wandering points.

A very important result has been obtained by Birkhoff.

Theorem 1.1. If a p(p~—, p™)-trajectory is unclosed, then its closure p(p~, pT)
contains a continuum of unclosed p-trajectories.

Considering e-neighbourhood U,(x() of a point xo and denoting by series
{1,(¢)} T2 the successive intersection of U, (xo), then values T,(&) = f,41(8) —1,(¢)
are called the Poincare return times. When the series {t,(¢)} is bounded for
a finite ¢, then the p-trajectory is said to be recurrent. A closure p, corresponding to
this trajectory, is non-empty, invariant and closed and it creates a so-called minimal
set. The return time in this case is not constrained.
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When the series {1, (¢)} is unbounded, then the closure p of D-trajectory is called
a quasi-minimal set. In this case the closure may contain other objects, like periodic
or quasi-periodic trajectories, which can be approached by a flow arbitrarily close.

Definition 1.4. A point x* is called an w-limit (a-limit) point of the trajectory

{o"(x)} if
lim ¢%(x) = x*. (1.6)

ty—>t00
A set of all w-limit (a-limit) points of the trajectory L are denoted by €2, (AL).

Observe that all of the points of the periodic trajectory L are both « and
-limit points and L = Q; = A. For an unclosed Poisson-stable trajectory
L= Q = A, where L is the closure of L. As it has been stated earlier, L is
either minimal or quasi-minimal set.

Owing to the earlier investigations of Poincaré and Bendixon, only three topolo-
gical cases can be found in two-dimensional (planar) systems: (a) equilibrium; (b)
periodic orbit; (c) cycles. In the latter case one deals with either w-limit homoclinic
(one equilibrium state) or heteroclinic (two or more equilibrium states) cycles.
A similar observation holds for negative semi-trajectories. The planar systems will
be considered in more detail later.

Another important feature of the trajectory studies is a topological equivalence.
Two objects in the phase space are topologically equivalent if there is a homeomor-
phism mapping the trajectories of one to another object. If the space D is compact
one (for instance a closed and bounded subset of IR"), then for Vx the set (x) is
non-empty and closed.

Definition 1.5. A subset / C D is called an invariant set of the cascade (D, ¢) if
o) =1.

Let us introduce a set of homeomorphism H = {A;} and the metric dist(ky, i) =
sup ||h1x — hax]|.

x€G

Definition 1.6. If the condition #;L. = L holds for all homomorphism #;,
satisfying dist(h;, I) < e, where [ is the identity homomorphism, then L € G
is called the special trajectory.

Closed trajectories are equilibrium states and periodic orbits.

In the case of cascades, the fixed points, periodic points and w-limit sets are
invariant. If the mapping ¢ is invertible, then an entire trajectory {*}, k =
0,%1,£2,... is also invariant. It can be shown that a sum or a product of invariant
sets is also an invariant set.

Finally, let us introduce a definition of an attractor (repiler).

Definition 1.7. A closed, bounded and invariant set A C D is called attractor of
the dynamical system (D, ¢), when it has a neighbourhood U(A) such that for any
x € U(A) the trajectory {¢"(x)} remains in A and tends to A forn — oo, i.e.

tl@ p((p(t,x), A), A) =0, (1.7)
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where

plx, A) = inf []x —xol|. (1.8)
X0€EA

A set of all x for which {¢" (x)} tends to A is called the basin of attraction of A.
A similar like definition can be formulated in a case of the repiler.

Definition 1.8. A closed, bounded and invariant set R C D is called repiler of the
dynamical system (D, @), if there exists a neighbourhood U(R) of R such that if
x ¢ R and x € U(R), then there is n when ¢*(x) ¢ U(R) for k > n.

The equilibrium states, periodic and quasi-periodic orbits can be either attractors
or repilers depending on their stability. The question how to find regular attractors
or repilers will be addressed later.

1.1 Ecxistence of a Solution

It is well known that Eq.(1.1) may have a unique solution on a given interval,
may have no solution at all, may have infinitely many solutions or may have a
few distinct solutions. However, finding an analytical solution explicitly to specific
initial problems governed by (1.1) does not belong to easy tasks. It is important in
many cases that even if we do not know a solution, we are still interested in getting
the answer to the following problem: how we may know that a given ODE possesses
a solution, and if it so, then we would like to know if it is a unique one.

Theorem 1.2 (Picard’s Theorem). Let a function F(t, x) of (1.1) is continuous on
the rectangular I1 = {(t, x) : |t —ty| < a,|x —xo| < b,a > 0,b > 0} and satisfies
the Lipschitz conditions uniquely regarding Xx, i.e.

|F(t,x1) — F(t,x2)] < L|x1 — x2

forallt, where |t —ty| < a, |x1 —x0| < b, |x2—x¢| < b.Let M = (m)axl_I |F(¢t,x)]|,
t,x)e

t* = min (a, %) Then the Cauchy problem associated with (1.1) has a unique

solution in the interval
[t —t*| <@, o < min (a, %, %)

A proof of Theorem 1.2 is given in [191] and it is omitted here. Picard’s theorem
allows not only to estimate a solution existence of (1.1), but it also guarantees its
uniqueness.

In what follows we apply this theorem to find the solution, when we cannot
find it using elementary approaches. If assumptions of Theorem 1.2 are satisfied,
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then a solution to (1.1) can be found as a limit of the uniformly convergent series
le {x,(¢)} defined by the following recurrent rule
n—oo

t
Xnt1(1) = Xo +/F(y,xn()’))dy, Xo(t) =x0, n=12,... (1.9)
to

Furthermore, one may also estimate an error introduced by the N approximation
{x,(¢)} via the following inequality

n—1

lx (1) = x,(1)| < (t*)". (1.10)

Example 1.1. Consider the one-dimensional initial value problem
dx — 4 x,x(0) =1
t ’ :

Equation (1.9) takes the form

o () =1+ / O + 3 (),
0

n=0,1,2,...,x(() = 1.
We substitute successively n = 0, 1,2, ... to equation in the above to get

Xo(t) = 1,

2

t
xl(t):1+/(y+1)dy=1+l+5§

1
3
xz(t)z1+/(y+1+y+y7)dy—1+t+t +§
0
t
) y 23 l4
x3(t) =1+ y+1l+y+y +37 dy =1+1+1> SEETERbTE

t

3 2n—l n
=1+ [ (y+1+y+r+Z++ 22—+ )ay
3 (n—1)!  n!
0

213 2tn tn+l
=1t 40+ T
3! (n+ 1)!
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Final result can be presented in its equivalent form

n tk tk-‘rl
(=23 C 4 T
X (0) ];k!-’_(k—kl)!

The solution to our problem follows
o0 [k
— : _ o+ _ r_ 4
x(t) = lim x,(t) = 21?—0 gl Tl=2e -

|

Example 1.2. Apply the method of successive approximations to the following
Cauchy problem: % = t—x2,x(0) = 0 defined on the rectangular |¢| < 1, |x| < 1.
Estimate an interval of the successive approximations convergence guaranteed by
the Picard’s theorem as well as an error between the exact solution and its second-
order approximation.

Observe that the function F(t,x) = t — x? is continuously differentiable
regarding x, and flj—i = —2x. Function F satisfies the Lipschitz condition with
L = max |g—f‘ = 2. Since

M = max |F(t,x)]= max |t—x°|
ltl=1;lx|<1 lt|<1;lx|<1

t"=min|{a,— ) =min(1,=- ) = —=.
M 2 2

Therefore, the Picard’s approximation is convergent in the interval —%, %]
Successive approximations obey the following rule

:2’

1
Xag1(0) 2 [(y = x2(¥))dy, n =0,1,2,...,
0
and hence
t
n=0:  x)=[(y-0dy=15;
0

n=1:xz(t)=ft(y—(y—;)2)=§—%.

0

Equation (1.10) takes the form

ML! 2.2 (1\?
() =2 = =) = == (_) _
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Example 1.3. Show that the so-called Riccati equation

‘;_’Z‘ = a(t)x> + b(t)x + c(1) = F(1,x),

where a(t), b(t) and c(¢) are continuous functions, cannot have a singular solution.

Function F(¢,x) is continuously differentiable with respect to x, and
g—f : 2ax + b is bounded in an arbitrary rectangular

T ={(t,x) € R* |t —to] <a,|x —xo| <b}.

Function F(¢,x) satisfies the Lipschitz condition in the rectangular IT with
respect to x, and hence it satisfies the Picard’s assumptions. The studied equation
does not have singular solutions. O

In the given below Peano theorem one may guarantee existence of a solution but
its uniqueness is not defined.

Theorem 1.3 (Peano’s Theorem). Let function F(t,x) of (1.1) is continuous on
the rectangular

IT = {(t,x) : t €to, to + al, |x — xo| < b},

where sup |F(t,x)] = M. Then the Couchy problem regarding (1.1) has a
(t,x)ell

solution in the interval [ty, ty + «], where @ = min (a, %)
Example 1.4. Find singular solutions to the equation ‘Zl—’t‘ =1+ %(x — t)%.

Let us introduce the new variable x — ¢ = y, and the problem boils down to
investigation of the following equation % = % y%. For y = 0 the last equation
does not satisfy the Lipschitz conditions, i.e. assumption of the Picard’s theorem
are not satisfied, although the Peano theorem assumptions are satisfied. The studied
equation can be solved by the following steps.

[y 3dy=3[di;yi =@ —C)y=(Vi=C).

Initial condition y(ty) = 0 is satisfied by y = (/7 — fy)® and by y = 0. Therefore,

y = 0 is a singular solution to equation % = % y3, and the function x = ¢ is a
singular solution to the initial equation. The remaining solutions are defined by the
formulax=t+(t—C)%. O

In general, if the function F(¢, x) satisfies the Picard’s theorem on the closed
rectangle IT, then its any solution x = x(¢), x(fo) = Xxo, (fo,Xx0) € II can be
extended outside the rectangle. Furthermore, if the function F (¢, x) in a slab ¢} <
t < ay, |x] < oo (a) > —00,ay < 400) is continuous and satisfies the inequality
|F(t,x)| < a(t)|x| + b(t), where a(t), b(t) are continuous functions, then any
solution of Eq. (1.1) can be extended in the interval o1 < ¢ < .
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Theorem 1.4 (Global Existence of Solutions). Let F be a vector-valued function
of n + 1 real variables, and let I be an open interval containing t = to. If F(t, x) is
continuous and satisfies the Lipschitz condition for all t in I and for all x,, x, € R,
then the initial value problem x(ty) = X has a solution in the entire interval I .

Proof ([84]). In what follows we demonstrate that the series {x, (¢) }§° of successive
approximation

t
x(to) = X0, Xp41 = X0 + [ F(x,(s),5)ds
0

converges to a solution x (¢) of ‘é—’t‘ = F(t,x), x(to) = xo. O

We take ) = 0 and consider ¢ > 0. We show that if [0,7*] is a closed and
bounded interval of /, then {x,(¢)} converges uniformly on [0, *] to a limit x (¢).
In other words, given ¢ > 0, there is an integer N such that

X (1) — x(1)] <,
foralln > N and all ¢ € [0,¢*]. Let M = max |F(xo,t)| fort € [0, *], then

t t

1 (1) — xo()] = / Flxo(s). s)ds| < / |F(xols). s)|ds < M1,

0 0

and similarly

[x2(2) — x1(2)| = /[F(M(S),S) — F(xo(s),5)]ds| < m/ [x1(s) — xo(s)|ds
0 0
and therefore
[x2(2) — x1(1)] < M/Msds = %thz.
0

Assuming that

M (kt)"
0 () = ot (1)] < ;%,

it follows (using induction)

Ixn+1(t)_xn(t)| = /[F(xn(s)as)_F(xn—l(s)as)]ds = m/ IX,,(S)—Xn_l(SNdS,
0 0
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and finally

(ms)" M (mt)"t! M
=————=—("" —1).
n! ds m (n+1)! m (e )

t
M
1 (1) = %, ()] < m / M
m
0
It means that the terms of the series

Xo(t) + ) [ (6) = Xp—1(1)]

n=1

are dominated in the convergent series with positive constants. Since the sequence
of this uniformly convergent series on [0, #*] is the original sequence {x, (¢)}5°, then
its uniform convergence has been proved. Standard theorems of advanced calculus
yield the following conclusions:

(i) The limit function x (¢) is continuous on [0, £*].
(i) The Lipschitz continuity of F gives the estimation

|F(xn (1), 1) = F(x (@), 0)| <ml|x,(t) — x(1)] < me

fort € [0,¢*] andn > N;it means that the sequence { F(x, (), 1) }§° converges
uniformly to F(x(¢),t) on [0, ¢*].
(iii) It follows that

t

t
x(t)= lim Xn+1(t) = xo+ lim /F(x,,(s),s)ds=xo+/hmF(x,,(s),s)ds
0 0

t

= xo+/F(x(s),s)ds.

0

(iv) Since x () is continuous on [0, #*], then the latter results imply that dx/dt =
F(x(t),t) on [0, t*]. Because this is true on every closed subinterval of /, then
it is true on the entire /.

Theorem 1.5 (Global Existence of a Solution of Linear Systems). Let the n x n
matrix-valued function A(t) and the vector-valued function f(t) are continuous on
the open interval I containingt = ty. Then the Cauchy problem

dx_

77 = AOx+ 1), x(to) = xo

has a solution on the entire interval I.
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Proof. We need to show that for each closed and bounded subinterval of I there is
a Lipschitz constant L such that

I[A@)x1 + f(O] = [A@O)x2 + f(D]] < Llx1 — xa.
It means that

|A@)x| < Lx| = [[A]] - |x],

where ||A]| = >~ (ajj)?. Further, it means that L = ||A||, and because A(t) is
\/ ij=1

continuous on the closed and bounded subinterval 7, then its norm || A|| is bounded
on the considered subinterval. The global existence theorem for linear system has
been proved. O

In the case of nonlinear ordinary differential equations a solution may exist only
on a small neighbourhood of # = 7y, and the length of existence interval can depend
on a nonlinear differential equation and on the initial condition x () = xo.

If F(¢,x) of (1.1) is continuously differentiable in vicinity of the point (xo, fo)
in (n + 1)-dimensional space, then it can be concluded that F(x,t) satisfies the
Lipschitz condition on a rectangle IT centered at (xo, fo) of the form |t — #y| < «,
|x; — xo0i] < Bi,i = 1,...,n.If one applies the Lipschitz condition

t
50 =0+ [ Fn©9)ds
fo
then the point (x,(¢), ) lies in the rectangle IT only for a suitable choice of ¢.

Theorem 1.6 (Local Solutions Existence). If the first-order partial derivatives of
F in (1.1) all exist and are continuous in a neighbourhood of the point (x, ty), then
the Cauchy problem (1.1) has a solution on some open interval containing t = t.

However, if the Lipschitz condition is satisfied, then an investigated solution is
in addition unique.

Theorem 1.7 (Uniqueness). Let on some region Q in (n + 1)-space the function
F(x,t) in(1.1)is continuous and satisfies the Lipschitz condition

|F(x1,t) = F(x2,1)| < L(x1 — x2).

If x1(t) and x,(t) are solutions to the Cauchy problem (1.1) on some open interval
I, where t = ty € I such that the solution curves (x1(t),t) and (x,(t),t) lie in Q
foralltin I, then x|(t) = x,(t) forallt in I.

Proof. We consider only 1D case, where x is real and we follow the steps given
in [191].
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Consider the function
o) = [x1(t) = 201,
where x(f)) = x2(fo) = Xo, i.e. P(to) = 0.
Differentiating equation in the above one gets

lb()] = [2(x1—x2)(X1—%2)| = [2(x1—x2)-(F (x1,)—F (x5, d))| < 2L|x;—x>> = 2L (1).

On the other hand a solution to the differential equation
@(1) =2Le(t), ¢(t) = ¢o
is as follows

0(1) = goe?H 07,

For ¢(t0) = ¢(to) it yields

$(t) < (1) for 1 = 1.
Therefore
0 < (x1(1) — x2(1))* < (x1(to) — X2(t0))** 7,
and taking into account square roots we finally obtain

0 < |x1(2) — x2(0)| < |x1(20) — x2(t0) |1,

Because x;(ty) — x2(fo) = 0, then x;(¢) = x,(¢). O

The carried out so far proof allows to illustrate how solutions of (1.1) depend
continuously on the initial value x(#y). Namely, if we take |x;(f0) — x2(¢0)| < 6,
then the last inequality implies that

Ix1 (1) — x2(0)| < 8277 = ¢

for all fp <t < t*. The Cauchy problems are said to be well posed as mathematical
model for real-world processes if the considered differential equation has unique
solutions that are continuous with respect to initial values.

As we will see further, through a point (¢, xo) may pass only one integral curve
of Eq. (1.1) satisfying a given initial condition, which in many cases corresponds to
a proper modelling of real-world processes. However, more archetypical questions
are valid before starting to solve a given differential equation. The so far discussed
theorems allow to verify if a solution actually exists, and if it is unique.

As it will be shown further, one may deal with (a) failure of existence; (b) failure
of uniqueness; (c) one, a few or infinitely many solutions.



Chapter 2
First-Order ODEs

Modelling of various problems in engineering, physics, chemistry, biology and
economics allows formulating of differential equations, where a being searched
function is expressed via its time changes (velocities). One of the simplest example
is that given by a first-order ODE of the form

dy

where F(¢) is a known function, and we are looking for y(¢). Here by ¢ we denote
time. In general, any given differential equation has infinitely many solutions.
In order to choose from infinite solutions those corresponding to a studied real
process, one should attach initial conditions of the form y(¢y) = yo.

In general, there is no direct rule/recipe for construction of an ODE. Let y = y(¢)
be a dependence between ¢t and y of the investigated process. We are going to
monitor the difference y(¢ + At) — y(¢) caused by the disturbance A¢. Then, if
we take

. dy Ly A=)
y=-—=lim — =,
dt At—0 At

we obtain a differential equation, i.e. dependence of the process velocity in the point
t governed by the function F(y).

There are also cases where a function y(¢) appears under an integral and the
obtained equation is called the integral equation, which in simple cases can be
transformed to a differential equation.

© Springer International Publishing Switzerland 2014 13
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2.1 General Introduction

A differential equation of the form

dy\
S (t,y, E) =0 (2.2)

is called the first-order ordinary differential equation, where ¢ is the independent
variable (here referred to time, but in general it can be taken as a space variable x),
and y(¢) is the unknown function to be determined. Observe that Eq. (2.2) is not
solved with respect to its derivative dy/dt. In many cases, however, one deals with
the following differential equation

dy
d_l - f(ts y)v (23)

which is called the first-order ODE solved with respect to the derivative. Alternati-
vely, one may deal often with the following form of first-order ODE

P(t,y)dt + Q(t,y)dy =0, (2.4)

where P, QO are given functions.
We say that y = ¢ (¢) is a solution to either (2.2) or (2.3) in an interval J, if

do(t)\ _
f(m(r), a ):o, 25)
or
de(t)
Tl f(t, (), (2.6)
forallt € J.

One may also find a solution to Eq. (2.2) in the implicit form ¢(t, $(t)), where
¢(t) = y is asolution to Eq. (2.2). Solution in the form of ¢(¢, ¢ (¢)) is also referred
to as the integral of Eq. (2.2).

A graph of solution y = ¢(¢) of Eq.(2.2) is called the integral curve of the
studied differential equation. Projection of the solution graph onto the plane (¢, y)
is called the phase curve (or trajectory) of the investigated first-order ODE.

A problem related to finding a solution y = ¢ (¢) satisfying the initial condition
y(to) = yo is called the Cauchy problem.

If we take a point (¢, y) for ¢ € J, then a tangent line passing through this point
creates with the axis ¢ an angle «, then tano = f(z,y). A family of all tangent
lines defines a direction field for the studied differential equation. If we draw a short
line segment possessing the slope f(¢, y) through each of representative collection
of points (¢, y), then all line segments constitute a slope field for the investigated
ODE.
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A curve constituting of points with the same slope field is called the isocline.
In other words all integral curves passing through an isocline intersect the axis ¢
with the same angle.

Example 2.1. Prove that the function y = ¢(t) given in the parametric form ¢t =
xe*, y = e * satisfies the following differential equation

dy 2
1 +ty)— =0.
(+y)dt+y

We have
_..dydx

14+ ty)— =(1 e T

(+y) +y =+ xefe™)—o-te

1
— _ 1 —X - —2x — 0,
1+ x)e (1+x)ex+e
which proves that ¢ (¢) satisfies the studied equation. O

Example 2.2. Construct a differential equation of a family of ellipses of the
following canonical form

where 0 < b < a.
Acting by d/dx on both sides of this algebraic equation yields
.

2T

Solving both equations we get

Vaz—xzj—y+ bx—O
O

Example 2.3. Construct a differential equation of the force lines of a dipole
constituted by two electric charges (4¢q, —¢) located on the distance 2a, where the
force lines satisfy the Coulomb algebraic equation of the form

x4+a X —a

:C’

r r

where: r1 (x +a)* + y%, i’zz =(x—a)’+ y~.
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A differentiation of the algebraic equation yields

n-Grof n-G-af
72 2 ’

and also

dry _x—i—a—i—y% drz_x—a—i—y%

dx i T odx r

Finally, after a few of transformations we get
x—a x—a\dy n 1 1 —0
r3 ri ) dx r3oor} y==u

Example 2.4. How many solutions of the equation (x — 1)% + y = 0 defines the
relation

O

yx =1 =C,

for each fixed C € IR. Find the solutions associated with the initial conditions
y(0) = 0, y(0) = —1, y(2) = 1. Define intervals of solution existence as well
as the corresponding integral and phase curves.

First we verify that ¢(x) = % satisfies the given differential equation. We have
o1(x) = xfl with x € (C, +00) and ¢, (x) = XSI with x € (1, +00).

The initial condition y(0) = 0 is satisfied by the solution y = 0. Its integral
curve corresponds to the axis of abscissa, whereas its phase corresponds to a
projection of the integral curve into the axis of ordinates, i.e. the point y = 0.

In the case of y(0) = —1 we find that C = 1. It means that the integral curve of
this solution corresponds the hyperbola branch y(x — 1) = 1 for x € (—o0o, 1). The
phase curve of this solution is the ray y < 0.

Finally, in the case y(2) = 1 we obtain C = 1. Integral curve of the solution
y =7 ix is the hyperbola y(x — 1) = 1 branch, where x € (1, 400) phase curve is

the ray y > 0. O

2.2 Separable Equation

The first-order differential equation of the form

L = g0 e
X

is called a separable differential equation.
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If g(Cp) = 0 in the point y = Cy, then the function y = Cj is the solution to
Eq.(2.7). If g(y) # 0, then the following relation is obtained

/% —/f(x)dx =C. (2.8)

Theorem 2.1. Let the function f(x) and g(x) are continuously differentiable in
the vicinity of points x = Xo, y = Yo respectively, where g(yo) # 0. Therefore,
there is a unique solution y = ¢(x) of Eq. (2.7) with the attached initial condition
¢(x0) = yo in the vicinity of the point x = X, satisfying the relationship

$(x) d X
/ e / f(x)dx.
gy
Yo X0
If we have the equation
d
& _ flax + by + ¢), (2.9)
dx

then introducing a new variable

z=ax + by +c, (2.10)
we get

dz

— =bf(2) +a, (2.1D)

dx

i.e. the problem is reduced to Eq. (2.7).
One may use the following physical interpretation of the differential equation

d
2= ro). (2.12)

dx
Let us attach to each point y a vector of the length | f(y)|, which direction is
defined by the axis Oy providing that f(y) > 0. Therefore, a set of all vectors
defines a vector field. The points f(y) = 0 are called singular points of the vector
field (or its equilibrium positions in the case when we deal with time). Having drawn
the vector field of the given Eq.(2.12) one may draw schematically the integral
curves.

Example 2.5. Find a solution of the following differential equation

d
x(1+y?) +y(1+ xz)ﬁ =0.
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We transform the studied equation to the form

d
/xx +/ YA omne
1+ x2 1+ y?

and hence after integration we get

In(1 + x%) +In(1 + y*) =InC,

which means that

(1+x)(1+y*) =C.

Example 2.6. Solve the following ODE

d
—y+y=2x+l.
dx

In order to transform the given ODE into that of separable variables we introduce
the following new variable

y—2x—-1=g,
and hence

9 ta=0

dx ' ° e

Separating variables and integrating we get
d
/ < + / dx =0,
7+2

Injz+2|+x=InCy, |z4+2|=Coe™", Cy>0.

which means that

Observe that 7 = —2 satisfies the studied equation directly, and therefore, all its
solutions are given by the following formula

z=-24Ce™, CeR,

and finally we get

y=2x—1+Ce™.
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In what follows we proceed with a few examples of real-world applications.

Example 2.7. A particle of mass m is subjected to action of a constant force, and
it moves with the constant acceleration a. The viscous damping of the surrounding
medium is c. Find the particle velocity providing that v(0) = 0.

The second Newton law gives

dv(t) _ ma— cv(t)

dt m ’
or equivalently
dv ¢ n
— =—-——v+a.
dt m

The trivial (time independent solution) is
m
v(t) = —a,
¢
and hence all solutions are given by the formula
m c
v(t) = —a+ Ce '’
c
The initial condition allows to find C = —7"a, and finally
m c
v(t) = —a (1 - e_W) ,
c
which means also that
lim v(?) = .
t—00 c

O

Example 2.8. A meteorite of mass M starts to move from its rest position into the
Earth centre linearly from the height & (Fig. 2.1). Determine the meteorite velocity,
when it touches the Earth surface assuming the Earth radius R.

0. Earth

Fig. 2.1 Meteorite h b
movement towards Earth
centre
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We denote by y = y(¢) the meteorite distance from its movement beginning
point y(0) = 0, and by & — y(¢) we denote the meteorite distance from the Earth
centre in time instant #. The meteorite is subjected to action of two forces: Ma and
M g. Owing to the Newton principle we have

Ma — Mg
R2 (h=y)*
and hence
_ &R
RN
Therefore,

dv dv dy dv
a = — = —+ — = —‘U’
dt dy dt dy

and the following governing ODE is obtained

dv gR?
V— = ——,
dy  (h—y)?

or equivalently

1d(v)2_ gR?
2 dy  (h—y)*

Integration of the obtained equation yields

2gR?
2 =% + C.
h—y
Taking into account y(0) = 0, we get C = —Zgh—Rz, and finally
2 _ 2gR%y
h(h — y)

On the Earth surface y = h — R, and we get

2or(1-R
v = - —
& h

Taking into account that 1— o0, the last formula yields

v = /2gR.
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Example 2.9. Two substances A and B undergo a chemical reaction yielding a
substance C. We assume amount of the C substance by y(¢) in the time instant ¢
after the reaction, and we denote by « and B the amount of substance A and B, in
the beginning of reaction, respectively. Find % assuming that the reaction velocity
is proportional to the product of reacting masses.

The governing equation is
dy
<, = Ple=y)B-y).p>0.

and p is the proportionality coefficient. Separation of the variables yields

DDy
y—a y—p

After integration one gets

Y=Y oo

y=F
Taking into account the initial condition y(0) = 0O we obtain the constant
C=u/B,ie.
y-o ge—p(ﬂ—a)t’
y—F
or equivalently
1 — e~ PB—a)
Y0 = ef e G

Observe that for § > o we have
lim y(t) = «,
—>00
whereas for f < o we obtain

eP(B—0)t _ 1

Mm () =limep oG5y = F-

In the case when o = B the governing equation is

d)’_ 2
E;—pw y).
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Separation of the variables of this equation and the integration allows to find the
following dependence

1
= pi+C.

Since y(0) = 0, therefore C = 1/«. In this case the reaction B governed by the
equation

1
y(t):a(l_1+apt)’

which for 1 — oo yield

lim y(t) = a.
—>00

2.3 Homogenous Equations

A function F(x, y) is called homogenous of order k, if for all & > 0 the following
property holds [208]

F(ox,oy) = 0" F(x,y) (2.13)
For instance the functions

x+y xX+xy
x—y’ y—x

. X2+ y* 4 2xy (2.14)

are homogenous of order k = 0, 1, 2,, respectively.
A differential equation

j_y = F(x.y) (2.15)
X

is called homogenous, if the function F(x, y) is of order zero.
Equation

Fi(x,y)dx + F(x,y)dy =0 (2.16)

is called homogeneous, if the function F;, F> are homogeneous of the same order.

In the case of a homogeneous equation the introduction of a new variable
y = zx allows to get en equation with separable variables. One may use also polar
coordinates (g, ¢) and by substitution x = pcos¢, y = gsin¢ again an equation
with separable variables is obtained.
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It should be mentioned that the equation

dy F (alx + by +c1)

- = 2.17
dx arx + by + ¢ ( )

can also be transformed to a homogeneous equation through the following linear
transformation

x=xo+X,y=y+Y, (2.18)

where (xg, yo) is the point of intersection of straight lines a;x + b1y + ¢; = 0 and
ax + byy + ¢ = 0. If the lines do not intersect then a;/b; = a,/b,, and in this
case Eq. (2.17) is transformed to that with separable variables using

aix +byy +¢; = X. (2.19)

The function G (x, y) is called quasi-homogenous of order k, if for certain & and
B the following relation holds

G(o“x,0Py) = 6*G(x. ), (2.20)

forall k > 0.

Exponents «, 8 are called weights. We say that x(y) has weight «(f), and for
instance 7x2y> has the weight 2a + 58.

Differential equation (2.15) is called quasi-homogeneous if the associated func-
tion F(x,y) is quasi-homogeneous with weights o and B of order 8 — «, i.e.
F(o%x,0Py) = oPF(x,y).

A quasi-homogeneous differential equation can be reduced to a homogeneous
one. However, in many practical cases one may use the direct variables change

B . . . .
y = zx« allowing to get an equation with separable variables.

Example 2.10. Find a solution of the following ODE

dy xy+ y2e ™y
dx x2 '

We introduce the new variable y = zx, and obtain

dZ 7 1
X——+z=z+2Z%e =,
dx

or equivalently
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Integration of the last equation yields

—et =In |x| —C,

or equivalently

e +In|x| = C.

Example 2.11. Solve the following equation

dy_2 y+1 2
dx  “\x+y-2)"

We introduce the following variables
y+1=Y,x-3=2X,
and we get

dy _, Y2
dX “(X +Y)¥

Now we introduce the following new variable

Y =uX,
and the following ODE is obtained
du 2u?
X— = —,
ax T Ut

or equivalently
In |u| + 2arctanu + In | X| = InC,

which means that
uX = C exp(—2arctanu).

In the original variable the solution is

+ 1)ex 2arctany+1 =C.
(y + Dexp 3

2 First-Order ODEs
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Example 2.12. Prove that integral curves of the equation
2x(x®—axy +y?)—y* V/x2 + y2|dx+y[2(x>—axy+y*)+x /x> + y2]dy =0

are closed curves surrounding the coordinates origin for |a| < 2.

Since the studied equation is homogenous, then we introduce polar coordinates
to get

0°[2(1 — a sin ¢ cos @) cos ¢ — sin® @](cos pdo — o sin pd @)
+0°[2sin (1 — a sin ¢ cos @) + cos” ¢](sin pdo + o cos pdp) = 0
or equivalently
2(1 —asingcosg)do + osingpdp = 0.
Separating the variables we obtain

d .
do, _sing . _4
o) 2 —asin2gp

and after integration we get

®

sinudu

an + / D an()v QO = Q(O)s
2 —asin2u

0

or equivalently

[
sin u
Q = Qo eXp
—a sin 2u
0

If we prove that the function f 2“2’;5?:‘2” is periodic regarding ¢ with the period

27, then o = o(¢) for arbitrary Q() > 0 is the 2 periodic function and its integral
curve is closed. We have

p+2m 2T o+2m
/ sinudu /‘ sinudu n / sinudu
2—asin2u J 2—asin2u 2 —asin2u
0 0 2

2

T ¢
_/‘ sinudu /‘ sinudu n / sin(2w + u)du
“J 2—asin2u 2 —asin2u 2 —asin2(2x + u)

0 T 0
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T

ke [ ¢
B sindu sinudu . sinudu B sinudu
“ ) 2—asin2u 2 —asin2u 2—asin2u 2 —asin2u

0 0 0 0
which proves that o(¢) = o(¢ + 27). O
Example 2.13. Solve the following differential equation

d_y _ 4x6 — y4

dx 2xty

Let x(y) assign the weight (). Then

4a6ax6_0,4ﬂ 4 4X6— 4
F(x’y) — —y — O_ﬂ—()t—y‘

204a+ﬁx4y 2x4y
This equation is satisfied when
60 —da—pB =4 —4da—-p=B—«

which means that 8/« = 3/2. Therefore, it has been proved that the studied
equation is homogeneous. In order to separate its values, the following variable is

. 3 .
introduced y = zx2. We obtain

dz 3 3 1 4x6 — 4x°

and multiplying both sides by X772 we get

dz 3 4
X——+-z=

dx 2 2z
or equivalently
2zdz dx
—+ — =0, z#*l
@Z+HEE-1)  «x 7
Direct integration yields
2
-1
In |§2+4| 4 5In|x] = InC. (%)

In order to verify the obtained result we use the following differentiation
formulas:

!

u
(1n|y|)’=y7 y=S u=2-1 v=7+4
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Since
,oquy v —wv 2 44) -2z —1) 10z
= (5) - v - (Z+4) (2447
hence
v/ 10z

Yy @+H@-1)
Full differentiation of (x) yields

10zd z 5

Formula (x) yields
2
=1 4
=C.
24"
Since 72 = y?/x?, therefore
y2—x3 .
y2 + 4x3

2.4 Linear Equations

Linear first-order ODE has the following form

d
d—y +a(x)y = f(x). (2.21)
x

There exist three different methods yielding a solution of Eq. (2.21)

(i) The Lagrange method. This method is based on a constant variation. We
consider first a homogeneous equation associated with (2.21) of the form

D 4y =o. (2.22)
dx

and its solution is

y = Cexp [— / a(x)dxi| ) (2.23)
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We are looking for solution to Eq.(2.21) by variation of the constant C =
C(x), namely

y = C(x)exp |:—/a(x)dx1| . (2.24)
Substituting (2.24) to (2.21) we obtain
M = f(x)exp |:/ a(x)dx:| , (2.25)
dx
and hence
Cx)y=C+ / [f(x) exp |:/ a(x)dxi|i| dx, (2.26)

where C is the arbitrary constant.
Finally, substitution of (2.26) into (2.24) yields

Y =exp [— / a(x)dx} {C + / [ f(x)exp ( / a(x)dx)]} .2

Any solution passing through the point (xo, yo) can be written in the
following form

y = exp |:—/a(z)dz:| {yo + / f(u) |:exp (/a(x)dx) du:| } .
h B " (2.28)

(ii) The Bernoulli method. We are looking for a solution of (2.21) in the following
form

y = u(x)v(x). (2.29)
Substitution of (2.29) to (2.21) gives

ﬂv + ud—v 4+ a(x)uv = f(x). (2.30)
dx dx

If we take u(x) as the solution of equation

ﬂ +a(x)u =0, (2.31)
dx

then

u(x) = exp [— / a(x)dx:| . (2.32)
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Substituting (2.32) into (2.30) gives
dv
exp [—/a(x)dxi| — = f(x), (2.33)
dx
and therefore
v(x) =C + / f(x)exp [/a(x)dxi| dx, (2.34)

where C is a constant.
(iii) The method of an integrating multiplier. We multiply both parts of Eq. (2.21)
by exp ([ a(x)dx), and we get

j_x |:y exp (/ a(x)dx):| = f(x)exp (/ a(x)dx) (2.35)

or equivalently

y = exp (— / a(x)dx) [c + / f(x)exp ( / a(x)dx) dx] (2.36)

Equation of the form

dy
AW +[BO)x —C(y-= =0 (2.37)
can be transformed to the form (2.21). We multiply both sides by %‘dl—; and we
get
dx
-, teO)x=50) (2.38)
y
where
B C
= —, =—. 2.39
aly)=—. B =~ (2.39)
It should be emphasized that equations of the form
NCA)
F'3)7- + F(alx) = b(), (2:40)

where ’ denotes j—y can be transformed to the linear equation by introduction
of the relation u = f(y).
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A particular role in theory of first-order differential equations play the Bernoulli and
Riccati equations. The equation

% +a(x)y =b(x)y". n #0,1 (241)

is called the Bernoulli equation. It is transformed to the following form

d
L a0y = b(x), y 0, (242)
dx
and it is reduced to a linear equation via the variable change u = y'™". This

approach will be illustrated through examples. One may also apply here the
Bernoulli method.
The equation

dy

+a(x)y +b(x)y* = C(x) (2.43)
dx

is called a Riccati equation. In general it cannot be solved in quadratures. However,
if one of its particular solutions is known, say y;(x) then the transformation y =
1 + u allows reduction of the problem to that of finding solution to the Bernoulli
equation.

Example 2.14. A current in the electrical network with the resistance R, induction
L and excitation voltage u(t) = uo sin wt is governed by the following equation

Ji
Ld—; + Ri = upsinwt, i(0)=0.

Findi = i(¢).
We have

i . .
— + i = Bsinwt,

dt

where o = %, B = 7. We apply here the Bernoulli method, i.e. we assume

i(t) = u(t)v(r).

Substitution of 7 (¢) into the governing equation yields

%v-pu% + aquv = Bsinwt. ()

We consider a solution of the homogeneous equation

du 0
— tou=
1
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of the form
u = exp(—ot).
We substitute it to () and we obtain % = Be* sinwt, what means that
v(t) =B [/ e sinwtdt + Ci| )

We successively compute

1 o
V() /e‘“ sinwtdt = —e*' — coswt + — / e coswtdt
) ®

1 ot o ot az ot 2
——eV coswr + —e" sinwt — — [ e sinwtdt
w w w

o a?
= — —e" coswt + —e sinwt — =V (1),
w w w

and therefore

e (—w coswt + a sinwt)

V() =
® w? + o?
Finally, we find
e (—w cos wt + a sinwt)
vt = B [ oLt n c} ,
w”t+a

and

i(t) =u(v(r) =p (

—w coswt + o sinwt _
> > +Ce™™ ).
w- + o

Since i(0) =0,C = sz_mz, and therefore
i(t) = L(—w coswt + a sinwt + we™™).
w? + o?
Observe that
. Uo . Uo .
1 )= ———(— t+ )= ———— t—o),
t_lgloz( ) L@+ 052)( w coswt + o sin wt) Tor T 0 sin(wt — ¢)

where tang = 2 denotes the initial current phase. O
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Example 2.15. Show that equation

d—y—i—ay = f(x), a>0,
dx

2 First-Order ODEs

possesses only one bounded solution assuming that f(x) is bounded for all x € R.
Find this solution, and show that if f(x + x¢) = f(x), then y(x) = y(x + xo),

where xj is a period.

First we find a solution to the homogeneous equation

dy
—_ = 0.
Ux +ay

After variables separation we get

d_y = —wdx,
Yy

and hence
In|y| +ax =InC,
which means that
y=Ce™

assuming that y # 0.
We apply here the Lagrange’s method. Namely, we have

y(x) = C(x)e ™",
and substitution of y(x) into the governing equation gives

dcC

T e** f(x).

It means that

X

C(x) = C(xo) + / e* f(z)dz.

X0

The sought solution has the following form

X

() = Clxo)e™ + / 0D £(2)d-.

X0

(*)
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Assuming y(xo) = yo we obtain
yo = C(xo)e™*",

or equivalently

X

C(x0) = yoe
Therefore, solution () takes the following form

X

V() = e~y / 0 £()dz.

X0

We multiply both sides of the last equation by e**=0) to get

X

ea(x—xo)y(x) = Yo +/ea(z—x0)f(z)d2.

X0

We consider the case x— — oo (the case of x— + oo can be studied in the similar
way). We have

—00

lim ea(x—xo)y(x) = yo+ / ea(z—xo)f(z)dz,

X—>—00
X0

and hence

X0

Yo = / ) £()dz,

—00
because for a bounded solution lim e~y (x) = 0. It means that
X—>—00

X

tim _y(1) = ¥ = [ exp(-a(x ~2) £z (%)
X—>—00
—00
is bounded, assuming that f(z) is bounded.
In what follows we show that Y (x) is the only bounded solution of the studied

equation. Let us assume that there exists one more bounded solution denoted by
Y« (x). It means that the difference

AY =Y (x) — Y«(x)
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is bounded. We also have

ar +aY = f(x),

dx
Y.
L aYy = f(x),
dx
which means that
d(AY)
AY) =0,
N a(AY)
and hence
AY(x) = Ce*~.

Owing to our introduced assumption AY (x) is bounded for all x € IR, which means
that Ce** must be bounded. This is true only if C = 0, which yields Y (x) = Ys(x).

Let us now show that if f(x 4+ x9) = f(x) than Y(x) = Y(x + xo). It follows
from () that

X+Xx0 X
Y(x + x0) = / e—oc(x+xo—z)f(z)dZ — / e_“(x_t)f(r + x0)dt

X

_ / e~ f(D)d T = Y(x).

—0o0
O
Example 2.16. Solve the following Bernoulli equation
d
x—y +y=y*Inx.
dx
‘We use the Bernoulli method, and we look for a solution of the form
y = u(x)v(x).
Substitution of y(x) into the studied equation yields
xu—v —}—xv—u +uv = u?v’lnx (%)
dx dx N
We take
du
X— 4+u=20,

dx
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and hence

Substituting this result into (*) we get
,dv

X— = vzlnx,
dx

and hence

1 1
—dv = = Inxdx.
X

v2

Integration of the last obtained equation gives

1 1 1 1
___/n_;dx:_ﬂ___c,
X X X

which means that
X

v = —
) 14+ Cx +Inx

and finally
1

y(x) = ux)v(x) = T+Cxtinx

Example 2.17. Solve the following Bernoulli equation
d
1+ xz)d—y —2xy = 4+/y(1 4+ x?)arctanx.
x

Assuming
y(x) = u(x)v(x)
we get
d d
1+ x% e + Wl —2xuw = 4 uv(1 + x2)arctanx
dx dx

or equivalently

d d 2
1+ xz)d—Zv + (1 +x%) (% 1 +xx2 v) u =4 y/uv(l 4+ x?)arctanx.
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We take an arbitrary solution to the equation

dv 2x
dx 1+ x2

v =0,

i.e. for example the following one
v(x) =1+ x2

Therefore, we get

d
(1+ xz)zd_;t = 4(1 + x?) Juarctanx.

One of the solution is © = 0, and the other solutions are found through the
successive transformations

du __darctanx

dx 1+ x2

du 2arctanx
[ — x’
2 Ju 1+ x2

Vu = arctan’x + C.

Vau,

Finally, the solutions are

y =0,

y = (1 + x?)(arctan’x + C)%.

Example 2.18. Solve the following Riccati equation

Let us look for a particular solution of the form

A

yr= -
X

Substituting y; into the studied equation yields

A A2 2

x2  x2 X%
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The second-order algebraic equation yields two roots 4| = —1, A, = 2. Let us

introduce a new variable z of the form

and therefore

dz 1 > 2z 12
a‘*‘—z‘i‘Z —;‘f‘;— R
or equivalently
dz 2 )
ax x ¢

We multiply both sides of the obtained equation by x? to get

xi(zx) = 3zx — (zx)%.

dx
We take
X =u,
and integrate the following equation
du
— =u(3 —u).
by I u3—u)
Separation of the variables yields
du  dx
uB—u) x
Since
1 1 N 1
u@B-—u) 3u  3B3-u)’
therefore
1 fdu 1 / du dx
| —+z = —,
3 u 3) 3—u b

and consequently

1
§[In|u|—1n|3—u|]=ln|x|+1nC1, C; > 0.
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Finally, we find

1n) ! ‘ — 3In|Cyx],
3—u
or
ln‘ - ‘ — In|(C1x)’.
3—u
We consider two cases:
)
u
> 0.
3—u
In this case we have
g Cx3,
3—u
which means that
X
‘ =Cx3,
3—2zx
and hence
_3Cx?
T +1
We finally get
1 2
y =Z7—— = —
X X
and
_ 3Cx2 1 _ 2Cx3—1
YT+l x T x(1+Cx3)’
(i)
u
< 0.
3—u
In this case we have
g Cx3,

2 First-Order ODEs
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which means that

zx = C(zx — 3)x3,

and hence
3Cx?
7=
Cx3—-1
We finally obtain
2
y==
X
and
20X+ 1
~ x(Cx3-1)

2.5 Exact Differential Equations

The differential equation

M(x,y)dx + N(x,y)dy =0

39

(2.44)

is called an exact differential equation if its left-hand side is the full differential of a

certain function V(x, y) such that

av v
dV(x,y) = gdx + Wdy = M(x,y)dx + N(x,y)dy = 0.

A necessary condition that Eq. (2.44) is exact one follows

oM (x,y) _ IN(x,y)
dy  ox

If V(x, y) is known than all solutions of (2.44) satisfy the condition
V(ix,y)=C,

where C is an arbitrary constant.
We show how we can find the function V(x, y). Since

v v
—:M(X,y), —:N()C,y),
0x dy

(2.45)

(2.46)

(2.47)

(2.48)
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then
Vix.y) = / M(x. y)dx = P(x. y) + V(). (2.49)

We differentiate (2.49) to get

(x,y) n a(y)

oy oy = N(x,y). (2.50)

In some cases the general form given by (2.44) can be transformed to an exact
differential equation by introduction of a so-called integrating multiplier m(x, y)
[208]. In Eq.(2.46) we introduce m(x,y), and we obtain the following exact
differential equation

i(mM) = i(mN), (2.51)
dy ox

which means that m should satisfy the following equation

oM ON am am
— | =N——M—. 2.52
" ( ay 8x) ax ay (252)

The obtained general form (2.52) can be simplified in the following cases

@) If m(x,y) = m(x) then

M _ N
Ldm % — %
—_ = 2.53
m dx N (2.33)
(ii) If m(x,y) = m(y) then
M _ N
ldm 3y — %
= 2.54
m dx M (2.54)
(iii) If m(x,y) = m(r(x,y)), where r(x, y) is a known function then
M _ BN
1d Ty T ox
_am__» & (2.55)

mdr N% — Mg_;
Example 2.19. Solve the differential equation
(2xy + 3y?)dx + (x* + 6xy — 3y?)dy = 0.
We have

M(x,y) =2xy +3y%, N(x,y) = x? + 6xy — 3y?,
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and hence

oM oN S
— = — =2 .
ay ax Y

It means that the left-hand side of the differential equation is a full differential of
a certain function V(x, y).
We have

av v
— =2xy+3y%, — =x>+6xy—3y%
ax dy

First equation of the above yields

V(x,y) = x>y +3xy> + Y (»).

We differentiate the last equation with respect to y and thus

w ()
dy

= x? + 6xy — 3y>.
dy

=x*+6xy +

It means that
Y =y +C.
Hence
V(x,y) = x*y +3xy*— > + C,
and a general solution to the studied ODE is defined implicitly by the equation

x?y +3xy* =y’ =C.

Example 2.20. Solve the differential equation

2x(1+ m)dx— mdy:O.

Observe that

ad 0 X
I+ V-l = -V -y = =

and hence we deal with the exact differential equation. We have

v v
gy =20+ Va—y), ==V, (%)

dy
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and integration of the first equation yields

2
V(ix,y) = /(Zx +2x /x2 = y)dx = x* + g(x2 - y)% + ().
Substitution of V(x, y) into the second equation of (x) gives

d 2 3
@[Xz + g(xz -9 +P()] =—-vVx2 -y,

or equivalently

d
— xz_y+_q):_1/x2_y7
dy
which means that

V(y) =C.

Finally, we have
2
iy =2t 4 207 =)k
and a general solution to the studied differential equation is

2
X -pi=C

or
3 2
y =2 =[5 -,

|

Example 2.21. A mirror reflects solar radiation in a way that a light ray coming
from a source O after the reflection is parallel to a given direction 0X, which is the
rotation axis. Figure 2.2 shows a scheme of the light ray 04 coming from the light
source 0, and the rectangular coordinates 0.X Y. Derive the mirror shape analytically.

Since A belongs to the mirror surface, the marked angles ¢ before and after
reflection are equal, and n(¢f) denotes a normal (tangent) to the curve being
intersection of the mirror and surface 0XY .

Owing to the reflection principle (the angle of incidence is equal to the reflection
angle) 04 = 0B, and hence

AA AA
tang = =

B0 404’ /(OA’)2+(A’A)2+OA”
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Y A
Ay Ae y(x)
2¢ i dx [10X
® n
¢ ad ; X
B \ 0 A "
Fig. 2.2 The mirror shape y(x) and light rays
or equivalently
dy y

dx x4+ JxT 4%

We may rewrite the latter equation in the following way
xdx + ydy = /x% + y2dx,

because
dy = y(x — V/x2+y?) de = X7 VX2 + yzdx
(x+ VX2 +y)(x — V/x2+y?) =y '

Applying the integrating multiplier

1
m(x,y) = ey
we get
xdx—i—ydy_dxzo
Ve
or equivalently

d 2 2
M_dx:()
2/x24y?
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It means that

Vx2+y2=x+C,

which allows to find the mirror surface as a paraboloid that intersects with the
surface 0X Y yielding a parabola governed by the equation

y2 =2Cx + C2

Example 2.22. Solve the differential equation
ydx —(x + x>+ yH)dy =0
assuming the integrating multiplier m = m(r(x, y)), where r(x, y) = x? + y2.
We apply formula (2.55) directly, and we get

1dm 14+ 14 2x _ 2(1 + x) 1

mdr 2+ +y)x -2y 200+ +y)

Therefore, the following differential equation is obtained

d d
!
m r

which yields

11
r(xy) a4y

m(x,y) =

Now, we multiply by m the studied differential equation to get

ydx X
- 1)dy =0,
x2 + y? (x2+y2+ ) Y

which is an exact differential equation, i.e.

v y v X 41
ox  x24y2 9y x2 4+ y? '

Integration of the first equation in the above gives

y X
V(x,y) = / md}( = arctan; + lJ,J(y),
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and hence

av d . x+ o) x !
— = — [ arctan— =—-————1
dy  dy y Yo x2 4 y?

It means that
1 x dy X
_ s+ — =

+ __—_17
1+ dy x2 + y?

and finally

_:_1’ IP(J’):_)"FCL

and

Vix,y) = arctani -y +C.
y

We have the following solutions: one given explicitly y = 0, and other given
implicitly

X
arctan— — y = C.
y

2.6 Implicit Differential Equations Not Solved
with Respect to a Derivative

We consider here the differential equation (2.2), which cannot be solved with respect
to i—f ,1.e. we cannot reduce the problem to that of Eq. (2.3). It may happen, however,
that Eq. (2.2) can be solved with respect to either x or y. In what follows we describe
briefly the method of the parameter introduction yielding a solution in the latter case.

Let

dy
y=[fEyh y=m = (2.56)
x
where p is the introduced parameter. The full differential of y = f(x, y”) follows
a a(x,
pdx = Lay 4 08P (2.57)
0x ap

It means that we have got the exact differential equation form (2.44), where

d a(x.
M(x,y)=%, N(x,y) = (;pp). (2.58)
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In the previous section supplemented by many examples we have described
various methods yielding solutions to Eq. (2.56). Namely, we can take

x=v(p,c), y= f(x,p), (2.59)

where x = {(p, ¢) is the implicit form of solution governed by Eq. (2.56).

Theorem 2.2. Suppose that the function f(x,y,y’) in a neighbourhood of the
point (xo, yo. ¥,), where y is one of the roots of the equation f(xo, yo.y,) = 0,
is continuous regarding x and it is continuously differentiable with respect to y,
v/, and g-—;[,(xo,yo,yé) # 0. Then there exists a unique solution y = ¥’'(x) of
the Cauchy problem f(x,y,y’) = 0, y(xo) = Yo defined in a satisfactorily close
neighbourhood of the point xo, where ¥'(xo) = ;.

Recall that the uniqueness of problem of Eq.(2.2) means that the point (xg, yo)
is a point of the solution uniqueness, i.e. there are no other integral curves of (2.2)
which pass through the point (xg, y9) and have the same slope in this point.
Otherwise, the solution uniqueness is violated.

Theorem 2.2 yields sufficient conditions of a solution existence and uniqueness
for Eq. (2.2).

Assuming that the function f(x,y,y’) is continuous with respect to x and
continuously differentiable with respect to y and y’, then a possible set of singular
points is defined via the following system of algebraic equations

f(-xsysy/) :07

ad
a—f/(x, y,y) =0. (2.60)
y

It is required, while solving Eq. (2.2) to find singular solution, i.e. we remove
y’ from Eq. (2.60) and we get a so-called discriminant-type curve. Each branch of
this curve should be verified if it is a solution to Eq.(2.2). Assuming a positive
reply, our next step consists of checking if its points correspond to the solution non-
uniqueness.

The method of parameter introduction can be directly applied either to the
so-called Claurait equation

y=xy +90", (2.61)
or to the so-called Lagrange equation

y =x00") + V(). (2.62)

Example 2.23. Solve the following Claurait equation

VO +1+xy —y=0.
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We introduce p = y’ to get
y=xp+ 1+ p2
Differentiation of the last equation with respect to x yields

dy _ dp p

o PR T e
and hence
d
P Y _
V1+p?)dx

It means that either

or

A solution to the problem is as follows:

y=Cx+ y1+C?

or equivalently
p

Vi
y=px+ 1+ p2

Example 2.24. Solve the following Lagrange equation

Yty =x0")
It is easily solved with respect to y, i.e.
y=x0") =y

or equivalently

y =xp®>—p,
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where p = y’. Differentiation of this algebraic equation yields

d d
p=2 = popl
X dx

dp
dx’
or equivalently
dx
p(p— l)d_ = (1-2px),
4

dx+ 2x _ 1
dp p—1 pp-1)

In other words, the problem has been reduced to a linear differential equation
with the following solution

_p—lnp+C
(p—1y
O

Example 2.25. Derive an equation governing a family of equipotential curves of
the electric field generated by a dipole. Recall that the equipotential curves are
orthogonal to force curves of the electric field (see Example 2.3).

As it has been shown previously in Example 2.3, we have
x—a x+4a)\dy 1 1y 0
r3 r dx r3oor} 7

rl=(x4a)’+y: rP=(x—-a)’+y (*)

where

We may generalize the studied case in Example 2.3. Namely, we began with the
algebraic problem governed by the following equation

F(x,y,a) =0,

where

F(x.y.a) = X +a _ X —a _c

Vat+a?+yr Jx—a)?+)?

For a given C, we have a family of one parameter curves. In what follows we
define another family of the isogonal curves, which interset the first family curves
with the same angle ¢, for ¢ = /2 we say that both trajectories (curves) are
orthogonal.
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Fig. 2.3 Two curves 1 and 2 Y4
intersecting in point 4

«) /)

v

We differentiate the algebraic equation to get

dF _ dF(x,y.a) N IF (x,y.a) dy _

0.
dx ax dy dx

We may also exclude the parameter a using the equation F' = 0. In our case we
have

33
r 1

oF (1 1) OF x—a x-—a
9y rs rd
In Fig.2.3 two curves belonging to both families are shown intersecting in the
point A = A(x, y).
The angle between two curves at point A is ¢ (known), which is given by the
formula

T=a+¢+m1—p.
Therefore, we get

tano + tang
tanf = tan(o + ¢) = [y— fangtang

We apply the following notation tane = y’, tanf8 = y}, tang = m, and hence

, y +m
O

In a case of orthogonal trajectories we have ¢ = /2, and therefore

T

tano + tan
tanf =

2
1 - tanatan%
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tano
) 1+ tang 1
= lim ; = —
=7 g tano tana
or equivalently
, 1
Vi = R
y

The so far consideration implies a simple recipe. In order to find a differential
equations of the family of isogonal trajectories to the trajectories (curves) governed
by equation F(x,y,a) = 0, we need to substitute the term y’ = % standing in
equation dF /dx + 0F /dyy’ = 0, by the term y,. In a case for ¢ = 7 (orthogonal

trajectories) we substitute y’ by —1, = —Z—X
In the studied case, using the so far descnbed orthogonality property we obtain

the following differential equation

xX—a x+a 1 1 1 —0
B o | \g7R) T

or equivalently

d
(x — a)rf —(x+ a)r23 + y(rf — r;)—y =0
dx
From (%) we get

ridry = (x + a)dx + ydy,
radry = (x —a)dx + ydy,

therefore the problem is reduced to the following differential equation
rirdry = r3rdr,

which yields the following solution

rn n

and hence

Va—a2+y? Jx+a)?+)y?



Chapter 3
Second-Order ODEs

3.1 Introduction

One may wonder why we introduce this chapter, since second-order systems of
differential equations are reducible to the earlier discussed first-order systems of
differential equations. The reason has at least two main sources. First of all, they
appear in a natural traditional way beginning with the works of D’ Alembert, Fermat,
Maupertuis, Jean Bernoulli, Hamilton and Lagrange in that period, when mathema-
tics and mechanics have inspired each other very strongly. The second reason is that
the second-order differential equations are obtained from Newton’s second law or
from Lagrange’s equations and they have a direct physical meaning. In addition,
there exist some direct methods to deal with the second-order differential equations
without their reduction to a set of first-order equations [59, 130, 160, 242].

3.2 Linear ODEs

3.2.1 General Approaches
We show that the general form of a second-order linear homogeneous ODE
e P L 3.1)
a(t)— — +c =0, .
dr? dt d

where a(t), b(t), c(t) are continuous function on a certain internal [fy; #,], can be
transformed to so-called self-conjugated equation of the form

d dy d’>y dpdy

— 1)— Ny =plt)—+ —— t)y =0. 3.2

4 (P05 + a0y = p0 5 + P a0y 62)
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We multiply both sides of (3.1) by a~!(t)e/ 2®a™ ()dt (o get

Lo (] () Epon( [ ()  on(] 2)0) o

Observe that (3.3) can be presented in the form of (3.2), where

b
p(t) =exp (/ %dt) q(t) = %exp (/ g; dt) (3.4)

Example 3.1. Solve the equation 264y dt2 t -2y =0.

We multiply both sides of this equation by ﬁ;, t >0, to get
d? 1 d 1 d d 1
Gy Ly 1A pdny L,
dt 2/tdt Jr dt dt NG
Introducing t = 2 /t (+/tdt = dt) we obtain

d?y
az P =0
and finally

y = Cie’ + Cre™ .

|

In what follows we show that if functions ¢(¢) and 1 (¢) are solutions of the
self-conjugated equation (3.2), then there exists a constant C such that this equation
possesses the following first integral

dtj)(t) dcp C
= 3.5
6(0) ab0=-0 (35)
Note that the Wronskian
ci>(t) 11)(t ) ll) do c

W) = = ¢ ) — =

dt dt dt exp (f Zx;dt)
(3.6)

= Cexp (—/ ((t)) ) Cexp(—Inp(?)) = ft)
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On the other hand we have

- ap
W(t) = W(to)exp | — / a0 | = Hwpto) 3.7)
J p(s) p()
Comparison of (3.6) and (3.7) yields
C = W() p(to)- (3.8)

Because W(ty) depends on ¢(¢) and (), than the constant C depends also on

(1) and Y (7).
We consider now a non-homogeneous equation corresponding to (3.2) of the
form

d dy _
7 (p(t)z) +q@)y = F(@). (3.9)

Assuming that p(¢) # 0 we introduce the new variable

1

t=1() = / %, (3.10)

fo

and let the function # = y(r), where y = ~!. Equation (3.9) takes the form

d dyy d dy 1 d?y
7 (0%) = som (0500) = 5w 0 4D

where p(t)dt = dt. Therefore, Eq. (3.9), taking into account (3.11), can be cast to
the following form

d?y
T2t p)gq@)y = p)F(t) (3.12)
or equivalently
dz
“5+ 0y = R). (3.13)

where

0(7) = p(r())q(y(v)).
R(7) = p(y(0) F(y(2)). (3.14)
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Assuming a(t) # 0 and adding the non-homogeneous term, Eq.(3.1) can be
presented in the following form

a’y
dr?

Alternatively, in what follows we show that Eq.(3.15) can be reduced to
Eq. (3.13). Namely, introduction of a new variable of the form

+ b(t)% +et)y = f(t). (3.15)

y = xexp —%/b(r)dc (3.16)
to Eq. (3.15) yields 0
% +0()x = R(7) (3.17)
where we have
01) = ()~ 1h0) — 5 TN,
R(t) = f(t)exp %/tb(r)dr . (3.18)
to

It should be emphasized that second-order ODEs with time-dependent coeffi-
cients only in rare cases can be solved in elementary functions. Let us find solution
to the equation

d?y dy
5+ b5 + )y =0, (3.19)

where b(1) = Y bit', c(t) = Y cit'.
i=0 i=0

Theorem 3.1. If functions b(t) and c(t) are analytical for |t — to| < T (here ty =
0), then any solution y = y(t) of Eq. (3.19) can be presented by the series

y) = ait, (3.20)
i =0

having a limit for |t —ty| < T.
We substitute (3.20) into (3.19) to get

o0

o0 o0 o0 o0
DTiG—Dait2+ Y bt Y iait T+ et Y ait’ =0. (3.21)
i=0 i=1 i=0 i =0

i=2
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We compare next terms standing by powers 10 ¢!, 2, 13, ..., and we obtain the
following recurrent set of unknown coefficients ay, a;, as, . . .

codo +boar +1-2a, =0 :¢°
ciap + (co + br)ay + 2bpa, +2-3a3; = 0 t! (3.22)

Although ap and a; can be arbitrarily taken, but at least one of them should not
be equal to zero. They serve as the initial conditions: y(0) = ay, %(0) = a;. Then
we successively compute ay, as, . ..

Example 3.2. Find a solution of the equation

d?y
— +ty =0.
dr? Y
We differentiate two times the solution
o0
i=0
to get
o0 o0
il =Dait' P+ 1Y aitt = 0.
i=2 i=0

Comparison of terms standing by the same powers of ¢ yields the following
algebraic equations
2-1-a, =0,
3-2-a3+ay =0,
4-3-a4+a; =0,
ii —a; +ai—3 =0,

Linear algebraic equations have the following solutions

ai;

-, 1 =0,1,2,...
i+2)(G+3)

a =0, aj43=
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If we take ap = 1, a; = 0, then we obtain

a - - om m=0,1,2
) = T G+ 2)Gm +3)” T
_1m
as3m ( ) =1,2,...

T2.3.5.6...3m—1)-3m’
First solution has the form

e (_l)mZSm
-1 .
1 +mZ=:12-3-5-6...(3m—1)3m

Taking ap = 0, a; = 1 yields

asm+1

- . om=0,1,2,...
Gm+3)Gm+a

A3m44 =

It means that a second solution is

00 (—l)m[3m+l
=t '
y2(t) +mZ=13.4.6.7...3m-(3m+1)

All solutions of the investigated equation are governed by the following formula

y(#) = Ciyi(2) + Caya (1),
where C|, C, are arbitrary constants. ]

Example 3.3. Find all solutions to the equation

We are looking for solutions in the following form

o0
y = Zaili,
i=0

and substitution of this series to the studied equation yields:

o0 o o0
Y ai - D2+ it + ) ait’ =0.
i=2

i=1 i=0
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Comparison of terms standing by some powers of ¢ gives
G+ +2)ai42+G+Da; =0, i=0,1,2,...

We take ap = 1, a; = 0 and we obtain

azm:ia mzlaza"'a a2m+1=Oa
2-4-6...2m)
and hence
2 10 (=1)mg2m 2
) = 1 —_ _ cee — e 2
n® 2t a s ae T T e am €
On the other hand, by taking ap = 0, a; = 1, we get
0 " 0.1,2
ayn =V, dym = , m=U,1,2,...,
: M T35 2m+ 1)
and therefore
o0
(_l)mZZm—l
t) = .
»2(0) ’;1-3-5...(2m+1)
Finally, all solutions are given by
y(1) = Ciyi(2) + Coya(2).
O
One may deal with the equation
24y + 602 4 ety =0 (3.23)
dt? dt y=50 '

and for analytical b(¢), c(¢) in the interval |¢| < T, then for »(0) # 0, ¢(0) # O the
point ¢ = 0 is called the regular singular point. If b(t) = Z(‘)—x;, and c(t) = 2)8;’
then the point ¢, where either by(1) = 0 or ¢o(¢) = 0, is called a singular point.
In what follows we show how to find a solution in the neighbourhood of singular

point ¢ = #; in the form of a power series. We take the following series

y = (t—1t)° Zai (t —to)', (3.24)

i=0
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where o and ag,a;,a;,as are going to be determined. Substitution of (3.24)
into (3.23) yields

[0(0 — 1) + boo + colag + {[o(0 + 1) + bo(o + 1) + cplay + (oby + co)ap}t
+-+{llo+i)o+i—1)+---+bo(o +1i)+colai +---
+(oby + co)aplt’ +---=0. (3.25)

Comparison of terms standing by the same powers of ¢ allows to get the following
recurrent set of nonlinear algebraic equations

F()(O')a() =0,
Fo(o + Da; + Fi(o)ao =0,

Fo(o +i)a; + Fi(c +i —1)aj—1 + F,(c +i —2)a;— + --- + Fi(g)ag = 0,

(3.26)
where
Fo(o) =0(0 — 1) + boo + co,
F,(0)=0b, +cn, m=12,... (3.27)
Assuming ay # 0 one gets the following characteristic equation
o(0—1) 4+ byo + ¢y = 0. (3.28)

The following two possibilities exist depending on the difference of roots
o] — 03.

(i) If o1 — 0y # i (integer), then fo(o; + i) # 0, fo(oz + i) # 0. In this case two
non-dependent solutions have the following forms

o0
n@ ="y at’,
i=0

o0
»2(t) Zlazzaziti; (3.29)
i=0

(ii) If o1—o, =i (integer), then only one solution y; () can be constructed. Second
solution has the following form

e—fb(t)dt
y2(1) = yi1(t) / ——dt (3.30)
yi (@)
It means that the second solution is
o0
y2(t) = Cyi(@)In (@) + 17 ) a;t’. 3.31)
i=0

where C is a constant, which can be equal to zero.
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Example 3.4. Solve the following ODE

212% + (3t — 2&% —(t+ 1)y =0.
Point + = 0 is a regular singular point. The corresponding characteristic
equation is
2000 —1)+30—-1=0,
having roots 0 = % and 0, = —1. Let us construct a solution associated with the

root oy:

1 X .
yi=12Y ait',ay#0,t>0.
i=0

A successive differentiation gives

o0

dJ’l . 1 i_l
e Z( +3)ar
dty, & 1 1 3
i i+ =) i —=)ait' 2.
dr? ;(’J“z) (’ 2)“
Substitution of yy, %, % to the studied equation yields

> 1 3 > 1 1 > 1
212 § (iz_Z) a;t'"2 4+1(3-21) E (i+§) ait'’"2—(t+1) § a;t'ti =0,
i=0 i=0 i=0

or equivalently

o0 o0
D i@+ 3airt = 230 + Dagt' T = 0.
i=0 i=0

Comparison of terms standing by the same powers of ¢ gives the following
recurrent set of linear algebraic equations

i(2i+3)a,~=2ia,-_1, l=1,2,
Taking ap = 1 we get

2i
a;, = - . l=1,2,
5.7-9-...-(2i +3)
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and hence

00 (2I)i
() = ﬁ(1+25.7.9.,,,.(2i+3))'

i=1

A solution corresponding to the root 0, has the form
1 o0
y) =+ Z;aill-
i=

Substitution of y,, %, % to the studied ODE gives
20— —2)a; +3( — Da; —2(i —2)a;—y —aj—1 —a; =0,
or equivalently
i(2i —3)a; = 2i —3)a;—1, i=1,2,3,...
Taking ap = 1, we get

1 1 1 1
a=1, a=—, a3=—, ..., a4 =—, ...,
! 2T B3 T

and therefore
O=(14ir Dyt 2e
=g 2! i! A
Finally, the being sought general solution has the following form

y = Ciyi1(t) + Caya(1),

where C, C, are constants.

3.2.2 Hpypergeometric (Gauss) Equation

A hypergeometric (or a Gauss) equation has the following form

42 d
t(z—l)d—tf+[—y+(a+ﬂ+ l)t]d—); +aBy = 0. (3.32)
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Observe that points # = 0 and ¢+ = 1 are singular. In the vicinity of t = 0
Eq. (3.32) can be presented in the following form

V-t B0 ap >t
4 i=0 dy i=0

dt? t dr 12

y =0. (3.33)

The characteristic equation associated with (3.33) has the form
o(lc—1)+yo =0, (3.34)

and its roots are: 0y = 0,0, = 1 —y. Fory € N, N > 0 one may construct
two linearly independent solutions of (3.33) in the series form being convergent for
[t] < 1.

We show how to solve Eq.(3.32) when y is not a non-positive integer number.
A solution corresponding to o7 = 0 has the following form

@) =Y ai'. (3.35)
i=0

L 2
Substituting y1, %, %

same powers of  we obtain

to (3.32), and comparing the terms standing by the

i(i = Dai—( + Diaiy1 —y( + Dajp + (@ + B+ Dia; + afa; =0,
ii—D+ife+p+1)+ap
(i +1DG+y) ’

_ @i
G+ Dy +i) "

di+1 =

=0,1,2,... (3.36)

Taking ap = 1 we get

_op e+ DB aet D@+ 2BE+ D +2)

T T By(y + D(y +2) ’
:oz(a+ D.o..la+i—=DBB+D(B+2)...(B+i—-1)
I Yy +Dy+2)...(y+i—1 ‘
(3.37)
Therefore

B X a(a+1)(@+2) ... (a+i—DBB+ DB +2)...(B+i—1)
n = 1+; G+ Dy +2).(p+i—1) !

= F(a,B.p1). (3.38)
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The function F(«, B, y, t) is called the hyper-geometric function. The correspon-
ding series on the right-hand side of (3.38) is called the hyper-geometric series and
it is convergent for |7| < 1.

A second solution is sought in the form

ya2t) = 'Y ait’. (3.39)

i=0

We introduce a new variable

y =t""x, (3.40)
and hence
% = tl‘V‘;—f + (1 —y)t77x,
e 2 J (3.41)
Y _ a4 X —y X —y—1
——— =t —42(1 =)t — —y(l —y)t .
e 2t 1=y 7 y(I—y) x
Substituting (3.40), (3.41) to (3.32) one gets
d’x dx
tt—1)—— -2- 1 1— 1=yt —
(=Dgm T Q=D+l @ =N+ E+l-nn

+@+1—p)B+1—y)x =0.

Observe that Eq. (3.42) is also a hypergeometric equation with the parameters
a+l—y,B+1—y,2—y.
Finally, the general solution of Eq. (3.32) has the following form

y(t) = CiF(a,B.v.t) + Cot " "Fla+1—y, B+ 1—p,2—y.1). (3.43)

We show also how to solve the hypergeometric equation in the neighbourhood of
the singular point = 1. We transform Eq. (3.32) to its equivalent form

2
r(t—l)%—i—[—(a—%—ﬂ—%—1—y)+(a+,3+l)t]%+aﬁy=O (3.44)

by introduction of the independent variable # = 1 — t, which has the singularity in
the point T = 0 (the case previously studied).
Two linearly independent solutions have the form

yl(‘c) = F(O‘aﬁa“"‘ﬂ"‘l_%f)a
(3.45)
Y1) = T PF(y - By —ay +1—a—B.1).

It should be emphasized that in many cases hypergeometric functions can be
expressed by elementary functions for certain particular values of ., 8 and y.
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For instance, the following observation holds for |7| < 1:
() F(1.B.B.1) = =
(ii) ln(l+t)—tF(1 —)
(111) F(C(,ﬂ,c(,t)—(l ﬁ

. 1+t _ 1 3
(iv) lnl—_; =2tF (2,1,2, )

3.2.3 The Legendre Equation and Legendre Polynomials

The Legendre equation has the following form

(l—tz)glt2 —2tdy+n(n+1)y—0 neNn, (3.46)
and its solutions are expressed by the so-called Legendre polynomials of the form
1 d"@* -1y
P,(t) = _ 3.47
® 2"n! dtn (347)

being known as the Rodrigues representation, and n stands for the equation order.
We show that Legendre polynomials P,(¢), P, (t) are orthogonal in the interval
(—1, 1), i.e. the following relation is satisfied

1
J Pu(t)Py(t)dt =0, for m # n. (3.48)
-1
Substitution of the Legendre polynomials to the Legendre equation (3.46) yields

[( 1 — )38 ®) (t)} + mOm + 1) Po(t) =0,

it [(1 — ) dl:;’t(t)} +n(n + 1) Pyt) =0. (3.49)

We multiply first (second) equation by P, (¢) (P, (¢)) in the interval (—1, 1), and
we obtain

[m(m + 1) —n(n + 1)] / Pu(t)Py(t)dt = I, — D, (3.50)
-1
where
n= [P [0 50
- (3.51)
I =_fl {Pn(t)% [(1 —tz)%]}dn
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Applying an integration by parts we get

=1
L=01- IZ)P 0] dPn(f) f‘ (1— de(t) dPn(I)dt / (1—
(=—

L = (1 _tz)Pn(t) de(’) /(1 dPn(’) de(t)dt f(l

(=—

Taking into account (3.52) in (3.50) we obtain

[m(m + 1) —n(n + 1)]/ Po(t) P, (t)dt = 0,

-1
and because m # n we finally get

1

/ P(t) Py (t)dt = 0.

-1
One may prove additionally that

P,(—t) = (=1)" P, ().

de(I) dp, (t)dt

dPn (t) de (0] dt.

(3.52)

(3.53)

(3.54)

(3.55)

Now we are going to show that (3.47) satisfies (3.46). We introduce the following

new variable

and hence

dy _ ldy d’y _1d%

At~ 2dt di2 T 4de
Substituting (3.56), (3.57) into (3.46) we get

1 d?y dy
-1 =1 =200 — + (1 —27)— Dy =
4[ ( ‘C)]dt2+( r)dt+n(n+ )y =0,

or equivalently

d? d
(t — l)d—:; + (-1 +2t)d_Jr] —n(n+1)y =0.

Consider a polynomial

Pu(t) = ag + ait + axt® + - + a,t"

(3.56)

(3.57)

(3.58)

(3.59)

(3.60)



3.2 Linear ODEs 65

We say that P, (t) satisfies (3.46) whenever P,(¢) = 1, and then P, () is called
a Legendre polynomial. If we make the following choice

_en)! 1-3:-5--Q2n—1)

n = 2n(n!)? n! ’ (3-61)
then P,(¢) = 1 is satisfied.
It can be shown (see Example 3.5) that
m—k(n+k+1)
a =— , k=0,1,2,.... 3.62
k2 (k + D)k +2) (5.62)
Taking k = n — 4, and then n — n + 2, we obtain
(n—1n 2n —2)!
= ————————, = — , 3.63
2= "0, —n¢ 21— 1)(n = 2)! (3.63)
which can be generalized for n — 2m > 0 to the following formula
2n —2m)!
n—om = (=)™ , 3.64
n=2 =D 2"m!(n —m)'(n —2m)! ( )
and the series takes the form
M
2n —2m)!
> =" (2n = 2m) : (3.65)
o 2"m!(n —m)!(n —2m)!

where M = % (niseven), M = % (n is odd).

It can be proved that for n even (odd), any polynomial solution y(¢) of (3.46)
which has only even (odd) powers of ¢ is a multiple of P, ().

In what follows we prove that (3.60) is the solution to the Legendre
equations (3.46).

We take

R(t) = (* -1, (3.66)

and hence

d
— R =2nt(t* = 1"\, .67
r nt(t ) (3.67)

Multiply both sides of by > — 1 we obtain

R
(t* — 1)‘2—t =2nt(t> — 1) = 2ntR, (3.68)
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and hence
dR
(? — 1)5 —2ntR = 0. (3.69)

We apply the Leibniz rule for differentiation

f g = (Z) FRgH, (3:70)
and we obtain
d"t?R d"T'R 2n(n +1)d"R
?—1)——— +2 1)t
( )a,tn+2 +2(n+1) T T T s
dn+lR d"R ’
+_2m—dt"+1 —2n(n+1) PTG =0.

Substituting V = 42 to (3.71) yields

da*v dv
1=t} —— =2t — HV =0. 3.72
( )dt2 a,t+n(n+ ) (3.72)
It means that V' = ‘f;tf is the solution to the Legendre equation.
We may take
d" 2 n
P,(t) =aV() = adt" -1, aeR. (3.73)
Observe that
d" d”"
YIT -1" = Il [(t—D(@E+D]" =nlt+1)+terms with (¢ —1). (3.74)
We take, however, t = 1 and hence
a" 2 n n
PTG -1 =2"nl. (3.75)

t=1

Therefore, since P,(t) = 1, we obtain

dl‘l
P,(t) = — @ -1)". 3.76
() = 5= (=) (376)
Equation (3.59) is a hyper-geometric equation with parameters ¢« = n + 1,
B = —n, y = 1. Therefore, its solution is

W) = F (n 11, 1—;’) — P). 3.77)
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For instance, forn = 1,2, 3, 4 we obtain

1—1
Pit)=F (2,—1, 1,7) =1,

1—t¢ 1
P(t)= F(3,-2,1,— | = =3 =1),
2(7) ( > ) 2( )
1—t¢ 1
Pi(t) = F (4,—3, 1, T) = E(5t3 —31), (3.78)

1—1 1
Pi(t) = F (5,—4, 1, T) = g(35:4 —301% + 3),

Example 3.5. Find a general solution to the Legendre equation (3.46) using the
following series

o0
y = Zaktk.
k=0

We have

dy k—1 dzy k—2
— — ka.t — =k -1
i agt™ a1 ( )t

and substituting the formulas given in the above to Eq. (3.46) we get

[(1 = ))k(k — Dagt* 2 = 2tkapt* ™" + n(n + Daxt*] = 0,
k=0

Z [k(k — Dapt* ™ — k(k — Dagt* — 2kapt* + n(n + Daxt*] = 0,

> [k +2)(k + Dagga + [-k* + k = 2k + n(n + D]ac] *

=Y [k + 2k + Dagsa + (1 —k)(n + k + Dag]*.
k=0

Therefore, we find

=k +k+ 1)

, k=0,1,2,....
k+ 1Dk +2)

Q42 =
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Observe that
_ n(n+1) (=D +2)
a = — 2—!610, as = —TGL
gy — — n—2)(n+ 3)a _ (_1)2n(n —2)n+ 1)(n + 3)a
“= 3.4 27 41 0
a5 = (—1)? (n—1n-— 3)5('71 +2)(n + 4)01, .

By deduction we have

(n—2)...(n—2m+2)(n+1)(n+3)...(n+2m+1)a

aom = (_1)mn @m)! 0s

m—1Dm-=3)..m=2m+1)(n+2)(n+4)...(n +2m)
2m + 1)! ar-

arms1 = (=D)"

We may choose ap and a; in an arbitrary manner. Taking ag = 1, a; = 0 we
obtain

nn+1) , m=2m+2)...n+2m-1) ,
=1——t 1" |
‘ o F T ED 2m)! +

whereas taking ap = 0, a; = 0 we get

y2:t_wt3+...+(_1)m(n_2m+1)"'(n+2m)t2m+l+...

3! 2m + 1)!

The general solution is

y = Ciy1 + Gy,
where C|, C, are arbitrary constants.

Example 3.6. Solve the Cauchy problem of the following Legendre equation

d?y dy
1—1?)—= —2t— +6y =0,
( ) di? dt oy
for y(0) = 0, 2 (0) = —2.
Owing to the earlier considerations we have n = 2, and therefore we have the

following solution

C
y1=Cpy(t) = E(3z2— 1),
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but this solution does not satisfy the initial conditions. Taking into account the initial
conditions and observing that ¢ = 0 is a regular (non-singular) point we are looking
for a solution in the following form

o0
YOy ==204) at'.

i=2
Substituting y, and 7 12 into the investigated equation we get
) ) 00
(=12 il — Dajt'™ =21 (—2 + Zia,-z"“) +6 (—2t + Za,-ﬂ') =
i=2 i=2 i=2
and this equation yields relations
ar=-2,a=0,0+2)0 +1Dai+2=0G+3)i@ —2)a;, i =1,2,...
allowing to find
s = (o — ) i = 1.2,
Finally, the solution is

© 4 3 1 3 [ f2i-1
2i+1
— _ t — —t 3t —1
Z2(21—1 21+1) 2 ( )Z

i=0 i=1

I+t 3

= -3’ 1)In—— — =¢.
( ) 1—t 2
O
3.2.4 The Bessel Equation
The Bessel equation has the following form
dy 2
+ e + @ -m?y =0. (3.79)

d2 dt

One may observe that Eq. (3.79) is not changed during transformation t — —t,
therefore we consider only the case t+ > 0. This equation possesses one singular
point # = 0 and its characteristic equation corresponding to = 0 has the following
form

olc—1)4+0—-—m>=0, (3.80)
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or equivalently
o> —m?=0. (3.81)

It means that 0y, = +m assuming m # 0. A solution to (3.79) is sought in the
following series form

oo .
y =Y a;t't?, ag # 0. (3.82)
i=0
We obtain
dy = . i+o—1 i+o— 2
o= Y G +0)a;t , dt2 Z(; +0)(o +i—1at (3.83)
i=0

and substituting (3.82), (3.83) into (3.79) we get

t° Z(z—i—o)(a—i—z—l)at +1° Z(H—o)at +1° Zat’“ t° Zmat =0,

i=0 i=0 i=0
(3.84)
or equivalently
o0 o0
Dl +i) —mMat' + Y ait' T =0. (3.85)
i=0 i=0
Comparing terms standing by the same powers of t we obtain
(0* —m*)ay =0, (0 + 1) —m?|a; =0,
[(0 +i)?—m*]a; +ai—, =0, i=2.3,... (3.86)

Firstly, let us construct a solution corresponding to 0 = m. We take ay # 0,
a; = 0, and we get

@ =—_4i2 53 (3.87)
' im+i)’ :

Therefore, we obtain

A2k +1 =0, k=0,1,2,...,

ap ao
S ——— ays = ey
2. 1-m+1) P 24 2m+ )(m +2)

az = (-1)

a; = —

ao
2% il m 4+ D)m+2)...(m+i)’

(3.88)
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and the solution has the form

— s _1) 4o 2i4m
yl(z)_g( D 22"-i!(m+1)(m+2)...(m+i)t ' (3.89)

One may verify using, for instance, the D’ Alembert’s principle, that series (3.89)
is uniformly convergent on a finite arbitrary taken interval ¢ € (0, T').
In what follows we take

1

= 3.90
W= T m+ 1) (3.90)
where I' (@) is well-known Gamma-function
o0
[(a) = /t“_le_’dt, o> 0. (3.91)
0
Using the property
I'm+ 1) =mI(m), (3.92)
we get

— .- 1! 2"do Al
n@) = ;(_ ) im+1Dm+2)...(m+1i) (5)

- i om t 2i+m
- ;(_1) 2T (m 4+ D(m+ D)(m+2)...(m+1) (5) (3.93)

_00 li 1 Z2i+m_Jt
_;(_)i!r(m+i+1)(§) = Jn(®,

where J,,(¢) is called the mth order Bessel function.
A second solution y,(¢) being linearly independent on y;(¢) is assumed in the
following form

»a) =Y at' ™" (3.94)
i=0

The following algebraic equation serve for determination of a; coefficients for
o =—m:

(m* —=m?®ay =0, (1 =2m)a; =0, ..., [(—m +i)> —m?a; +a;—, = 0.
(3.95)
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Taking ag # 0, a; = 0 we get

Wi+1 =0, ay = —%. (3.96)
For m # C, where C is integer, we obtain
e — 1)(—;0+ D (emti) (397
and hence
- a
() = ;(—1)i 2% (—m + 1)(—m0+ 2)...(—m+ i)tzj_m' (3.98)
Assuming
1
ap = m (3.99)
we get
o0 ‘ 1 (\2i-m
ya(t) = ;(—1)’m (5) = J_(0), (3.100)

where J_,, (¢) is called the mth order Bessel function with the negative index.
Finally, a general solution of the Bessel equation (3.79) has the following form

V() = C1Jpu(t) + Crdp(2). (3.101)

Although the majority of the studied through special functions cases refer to
real-world applications modelling of mechanical continuous objects and governed
by partial differential equations, there are also direct problems yielding the Bessel
equation.

Example 3.7 ([108]). Consider a vertical beam of mass m and length L which is
deflected due to its own weight.

It is known from the theory of materials strength that, assuming the beam stiffness
E 1, where E is the Young modulus and / is the moment of inertia of the beam cross
section regarding its neutral axis, the beam curvature is governed by the following
differential equation

i M
3 T ’
(1_’_);2)5 EI
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Fig. 3.1 The beam deflection X4
caused by its own weight

v

where dot denotes %, and M (x) is the bending moment. Assuming small beam
deflection the second-order differential equation is simplified to the form

d*y L M)
dx> T EI’
and this equation is called the differential equation of the deflected beam axis. If we

take the beam element d1 located in the distance 7 from the introduced rectangular
coordinates origin (see Fig. 3.1), then

dM(x) = —(qd§)(n—y)

(%)

or equivalently

L

M(x) = —/q(n—y)dé,

X

where ¢ = Z£. For a small deflection we have = § %. We substitute M(x) to
Eq. (*), and then we differentiate both sides of the obtained equation with respect to
d

£ to get

dx

L
_ dy dy _ dy
= C][La y xa‘*‘)’}— q(L x)dx'

()
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‘We introduce the new variable

_2 [ q 3 dz_ [ q 1
zZ= g E(L—x)l, E = EI(L X)z.

We successively proceed with the differentiation process of the form
dy dydz q 1, . 13/3 ¢q
_—=—— = — R — L — 2 = — 3 e—
dx “dzax = VEIETY =N R
d’y d’y (dz +dydzz_ 3 ¢q 3 ..§+1._%
dx> " dz \dx) " dza2 ~ \2E1) UV T3 )
d*y dPy (dy\’ d*ydzd’z  dyd’z
dx3  dz? \dx dz2 dx dx?  dzdx?

Substituting the derived formulas to (xx) we get

and by introducing y = u we finally obtain

d2u+ 1du+ ! 1 0
_— 4 —— —— Ju=0.
dz?  zdz 972

We have got the Bessel equation of m = % order. Its solution has the following
form

u(z) = Ci1Ji3(z) + CrJ-13(2).

|

The so far studied examples show that the problem of finding solutions to the
Bessel equation is reduced to that of finding Bessel functions. In what follows we
show thatif m € C then

J_a(t) = (=D)"J, (). (3.102)

Note that '(—n +i +2) = ocofori =0,1,...,n — 1, and hence

B [e%e) (_1)n (%)—Vl+2i B [ele) (_1)1 (%)—n+2i
Jn() =3 iT(—n+i+1) ; L@+ DT (—n+i+1)

i=0 i=n
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Introducing i = n + m we obtain

&) (_1)k+n t 2k+n .
=) = kg Tk + DOtk +n +1) (5) = 140,

One may prove also the following relations
d m m
(D] = 1"t (),
d —m —m
E[I Jm(t)] = —1 m+1(t)’

for arbitrary m.

75

(3.103)

(3.104)

There is also the following formula allowing to find the m + 1 order Bessel
function assuming that the Bessel functions of order m and m — 1 are known:

ner(0) + T () = 27’”Jm(r).

Example 3.8. Find the following Bessel functions: J1,2(¢),  J_1/2(¢),

Tua(t) = NG | 12 N t* £ .
1z _\/EF(%) 2.3 2-4.-3.5 2.4.-6-3-5-7
1 A 1
2T (3) reosto V2T (3)
Since

therefore

Jijp(t) = \/gsin (1),

V2 N AL 2
J_1/2(t)=m(l—a+a—a+---) = \/;cos(t).

Owing to formula (3.105) for m = % we obtain

(3.105)

J32(2).

sin (2).
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2.1
J32(t) 27211/2(0 —J1()

:; \/gsin (1) — \/gcos (t) = % (smt(t) — cos (t)) .

3.2.5 ODE:s with Periodic Coefficients

In order to familiarize with the problems of systems governed by linear ODE with
periodic coefficients we consider one degree-of-freedom mechanical system small
vibrations (see Fig.3.2). There is a body of mass m at distance / from the axis of
rotation. The body is put in a massless box by means of two springs (each one of
stiffness k).

During the motion a body of mass m moves along the slideways and its moment
of inertia B with respect to the point O varies. In order to derive the equations
of motion we make use of a theorem, which states that derivative of the angular
momentum with respect to time equals the sum of all torques acting on the system

d(Bg) 4
o= ZM (3.106)

M(t)

mgsing

Fig. 3.2 Parametric
vibrations under
excitation M(z) mg
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Let the motion of the mass in the sideways be described by a function a sin wf?,
then a moment of inertia reads

B = m(l + asinwt)?. (3.107)

Left-hand side of Eq. (3.107) is described by the formula

d dB
E(B(j)) = B¢ + E(,ZJ =m(l +asinwt)’@ + 2m(l + asinwt)awe cos wt,
(3.108)

where: w?> = 2km™!. Since, the torque comes from earthpull and from external
torque M (¢), we have

> M; = —mg(l +asinwt) sing + M(1). (3.109)

Assuming sin ¢ ~ ¢ by Eq. (3.106) we find

¢+ P()¢ + Q)¢ = R(), (3.110)
where
_ 2awcoswt _ g _ M)
P® = [ +asinwt’ o = [ +asinwt’ Ry = m(l + asinwt)?’ (.11

Next, we will consider Eq. (3.110). Let us introduce a new variable y(¢) defined
as follows

t

o(t) = y(t)exp —%/P(r)dt . (3.112)

fo

By Eq. (3.112) we obtain

o) = (y'—%Py) exp —%/P(r)dt ,

4]
1 1 1 t
¢ = (ji—Py—EPy—i—ZPZy)exp —E/P(t)dr . (3.113)
to

Substituting (3.113) into Eq. (3.110), the term with the first-order derivative ¢ is
cancelled. We obtain

y+p@)y =r@), (3.114)
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where

t

p@) = Q+%P2—%P, r(t) = Rexp %/P(t)dr ) (3.115)

fo

If p(t) = p(t +T), where T is a period of changes of the coefficient p, then
Eq. (3.114) will be called Hill’s equation [162]. Consider the case r (t) = 0. Let
y1 (¢) and y, (t) be solutions of Eq.(3.114). We choose the solution so that it
satisfies the following initial conditions

»0) =1, »(0) =0,
¥2(0) =0, )(0) = 1. (3.116)
If y,(¢) and y;,(¢) are the independent solutions, then y; (¢t + T) and y, (t + T)

are the independent solutions as well. The latter can be expressed as linear
combinations

it +T) =puyi(t) + @raya(1),
»2(t +T) =@auyi(t) + ¢y(1). (3.117)

Then, taking into account (3.116) we get

() =oen. Yi(T)=¢n,
»(T) =@, YoAT) = ¢n. (3.118)

By Eq. (3.114) we get
Vi+p@y1 =0, jr+ p()y2 = 0. (3.119)

Next multiplying the first equation (3.119) by (—y»), the second one by y; and
adding them, we find

Yay1 = Yi1y2 = 0. (3.120)
Integration of the above equation yields
y2y1 = y1y2 = C, (3.121)

where C is a constant.
Substituting 0 and 7 into (3.121) for periodic solutions we obtain

V2 (T) y1 (T) = y1(T) y2(T) = y2(0) y1 (0) — y1 (0) y2 (0), (3.122)
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and taking into account (3.116) and (3.118) we get

¥2¢11 — Pgn = 1. (3.123)
Let us introduce the following multiplier u:
Vit +T) = puyi(t), y2(t + T) = puys(1). (3.124)

After taking into account the above equations in (3.117) we get a characteristic
equation

u—pH Q12 ‘:0 (3.125)
$21 P — W
or in the expanded form
1 — pw(en +en) +1=0, (3.126)

because p¢11 — @292 = 1.
Roots of Eq. (3.126) are called multipliers and take the values

Mo =a+ vVar—1, (3.127)
where
1
a=3 (o1 +¢2) . (3.128)

Both multipliers are either real or complex. Their dependence on the parameter
« is presented in Fig. 3.3

lfm},l. A

a=0

g
\F_;

Fig. 3.3 Graph of
dependence of the multipliers
on the parameter o

I
o

o
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It follows from Eq. (3.127) that for any value of & we have

M1y = 1. (3129)

In the interval |o| < 1 multiplier  is complex of a unit absolute value and we
will write it in the form

i =exp(£ir;T), (3.130)
where
eFMT = cos\;T +isin\, T =a+i m,
0<|AT|<T,

hence 0 < |A;| < 1. According to Vieta’s formulas (3.129) and ) + o = 2¢, the
sign of o decides whether both real roots are negative or positive.
In the interval |@| > 1 multipliers u are real and can be presented as follows

12 = Eexp (EART), (3.131)

where A takes on values 0 < Ax < oco. For @ = 1 we have 1 = u, = 1, and for
o = —1wehave u; = pup = —1.For u = 1 or u = —1 the solution is periodic and
in the first case has the form

vyt +T)=y() (3.132)
while in the second case
yt+2T)=—y@t+T)=y(@1), (3.133)

and this means a solution of period 7" and 27, respectively. If u > 1 (Ja| > 1), then
the solution y(¢) grows unbounded as time increases and it is unstable. A stable
solution occurs for ¢ < 1 (u < 1 occurs for a system with damping). On the
boundary between stable and unstable solution a periodic one appears (for |[u| = 1,
la| = 1).

Introducing a new function ® (¢) such that

y(@)=d(@)exp(At) = P(t)exp(Ar +iAr)t (3.134)
we obtain

vyt +T)=3@+T)exp(A(t + T)) = y(t) exp(AT) = O(¢) exp(At) exp(AT).
(3.135)
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Equating the second and last part of the equality (3.135) we obtain
@+ T) = P(¢), so the function P (¢) is periodic of period 7.

Since the function y(—t) is also a solution, the complete solutions of Hill’s
equation has the form

y () =Crexp (A1) @ () + Crexp (—At) D (—1) (3.136)

where C; and C; are constant determined by initial conditions. As one can see, the
solution is always unstable unless A is imaginary.

For 1o =1 (12 = e’ 1 = e*, hence A = 0) a solution of Hill’s equation
has the form

() = C1®(1) + Cotr D1 (2), (3.137)

while for ;p = -1 (-1 +i0 = e’ cosT +isinT = eiiT, hence A = +i) a
solution is

y(@) = Crexp(it)®(t) + Cat exp(it)Pa(t), (3.138)

provided that &, = &, (r + 2T') and ®, = &, (¢ + 2T'). Both solutions described
by the formulas (3.137) and (3.138) are unstable because of the occurrence of ¢ in
the second terms of both formulas.

To sum up, one needs to emphasize that a periodic solution appears on the
boundary of stability loss. Finding of periodic solutions of periods 7" and 2T
determine the boundary of stability loss (points u =a¢ =1and p = o = —1
from Fig. 3.3 determine the boundary of stability).

Now, we consider two particular cases of Hill’s equation. First, we discuss a
so-called Meissner’s equation (see [167]):

y+p@y=0, (3.139)

where a graph of p (¢) is depicted in Fig. 3.4.
The equation of motion has the form

Va+a’y, =0for 0 <t —mT < T,

3.140
iy + b2y, =0for Ty <t —mT <T ( )

where m = 0,1,2,.... A general solution of the first equation of (3.140) can be
written as

va = CVcosat + C? sinat. (3.141)

Hence, we have

Ya cosat sinat c®
Aa} = = ¥ 3.142
e} ()"a) [—a sin at acosati| (Ca(2) ( )
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Fig. 3.4 Periodic changes p(t) A
of the coefficient p(r)
(Meissner’s equation)
2
a’ f—e Oo—
2 i :
b o )
0 42 T t

Similarly, we get for the second equation of (3.141)

i (1)
_(y»\ _ | cosbt sinbt C,
1Xp} = (y';,) - [—b sin bt bcosbt:| (lez) . (3.143)
For ¢t = T; we have the condition

{Xa (T} = {Xp (T1)} . (3.144)

Let {¢;(t)} designate the first general solution of the initial conditions
{p1(0)} =[1 0]7. By Eq.(3.142) we get

1 10]/c®
(0) - [0 a} (Ca‘z))’ (G199
(1)
(gﬂgz)) = ((1)) . (3.146)

Substituting (3.146) into (3.142) we obtain

{01 (1)} =( cosat ) (3.147)

—a sinat

and hence

Bearing in mind that we have

bcosbT; bsinbT T bcosbT) —sinbT)
(4] [—SiHle COSbT1:|’ [4)¢] bsinbT, coshT; |’

T
-1 _ | Ajk
and hence A™' = [detA] .
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The condition (3.144) has the form

{o1a (1)} = {1 (T1)} . (3.148)
Thus, Egs. (3.147) and (3.143) yield
cosaT, | cosbT sinbT, Cb(l)
(—a sinaTl) - [—b sinb T bcost1i| (Cb(z) ' (3.149)

Solving Eq. (3.149) we get

C}fl) _ 1 [bcosbT\ —sinbTi cosaT (3.150)
C}fz) " b | bsinbT, coshT) —asinaT, )’ .

Taking into account the Egs. (3.143) and (3.150) we find

(3.151)

(0w ()} = ( cosaTcosh (t —Ty) — & sinaTsinb (t — T') ) '

—bcosaTsinb (t —T1) —asinaTcosb (t — Ty)

Let us verify the formula (3.151). We have

1
lel) = E[b cosbTicosaT, + asinbT; sinaT],

1
Cb(z) = E[b sinbTycosaTy —acosbhTysinaTy],

and
(ou (1)) = cosht sinbt lel)
1e " | =bsinbt bcosht lez) ’
After transformation we obtain

1
{(p&)(t)} = E[b cosbTcosaT) + asinbT; sinaTi]cos bt

1
+E[b sinbT) cosaT; —asinaT) cosbT]sinbt,

and next

1
{(p{llj) 1)} = 3 cosaTi[bcosbT; cosbt + bsinbTj sin bt]

1
+E sinaTi[a sinbTj cosbt — a cos bTj sin bt]

=cosaTcosb(t —Ty) — ;—l sinaT)sinb(t — T1).
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Similarly, we can perform the procedure for the second independent solution
{@> (¢)} with the initial condition {¢, (0)} = [0 117 . We find

1

{920 (1)) = (E Si““’),

cosat
5 sinaTjcosb(t — Ty) + %cosaTl sinb(t — Th)
_Tb sinaT; sinb(t — Ty) + cosaTicosb(t —T1) )’

(3.152)
{ow (1)} = (

The solution in the end of period 7" can be expressed by means of a matrix

[P+] = {1 (T)}. {@20(T)}]. (3.153)

By Egs. (3.151), (3.152) and (3.128) we obtain

1 b
@=3 [2cosaT1 cosh (T —Ty) — (% + —) sinaTysinb (T — Tl)i| . (3.154)
a
As we know by the earlier considerations, on the boundary of stability we have
oa = *£1, so

2cosaTicosh(T —Ty) — (% + é) sinaT; sinb(T — Ty) = £2. (3.155)
a

The above equation contains the following control parameters: a, b, Ty, T.
Equation (3.155) can be also treated as an equation of surface in three-dimensional
parameter space, which separates the parameter spaces corresponding to stable and
unstable solutions.

For the sake of simplicity we assume that » = 0. By Eq. (3.155) we get

2cosaTl; —a(T — Ty)sinaT; = £2 (3.156)
since
. sinb(T —Ty)
Iim ————= =T -T,. (3.157)
b—0 b

By (3.156) we get a curve, which is a boundary of stability loss in the plane aT'|,
aT of the form

2(cosaTi F 1
oT = a1y — 2840 T D (3.158)
sinaT)

Equation (3.156) is satisfied for

alT{=nn,n=1,2,3,... (3.159)
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aTA '
: . aT=aT,
3 - N <3 ,
2n = :
0 T o 3n aTr

Fig. 3.5 Stability boundaries for Meissner’s equation in the case b = 0 (stable regions are cross-
hatched)

and Eq. (3.159) defines boundaries of stability loss. The results of the above analysis
along with the marked regions of stability are depicted in Fig. 3.5.

In order to determine which of the regions in Fig. 3.5 are stable, we choose any
point from a given region and evaluate the value of «.

Let us finally emphasize that recently a particular aspect of the Meissner’s
equation [167] stability regarding the invariance of the trace of a product of matrices
has been addressed in [4].

The second particular case of Hill’s equation is Mathieu’s equation of the form

J+ A +y cosQr)y =0, (3.160)

or introducing T = 2t we have

V+ A+ ycost)y =0, (3.161)
where
A* y*

Regions of instability in the plane A and y were determined for Mathieu equation
for the first time by Ince and Strutt (Fig. 3.6).
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Fig. 3.6 Ince-Strutt diagram—stable regions are cross-hatched

The boundary curves nearby the axis A can be determined with the help of
perturbative method. A particular case of the Mathieu equation (for y = 0) is an
equation

j+ Ay =0. (3.162)

It is easy to see that for A < O solutions of Eq.(3.162) are unstable. It is
interesting that occurrence of y (parametric excitation) makes a region of stability
appear. One can conclude that one can stabilize the motion by means of parametric
excitation. In technics, the case A > 0 plays a very important role. The most
dangerous case is the one with A = i.

Now, consider an influence of linear damping on regions of stability loss. On this
purpose, let us analyse the equation

i+ Pow + Q(1)w = 0. (3.163)



3.2 Linear ODEs 87

This equation can be obtained from Eq. (3.110) by assuming w = ¢, P (t) =
Py = const, and R(t) = 0. Next, we can make a substitution analogously to (3.112)
and cancel a term with the first derivative. However, we proceed in a different way,
namely we will write Eq. (3.163) in the form

(z) = [A(0)] (X) , (3.164)

where

[ o 1
4 0) = [_ o PJ | (3.165)

Trace of the matrix Sp[A(¢)] = — Py = const and after Liouville we get

t

det[®(7, £0)] = det[® (7o, 10)] exp / Sp[A(0)ldz |, (3.166)

fo

where ® () was introduced in the formula (3.134).
If we assume

det [ (o + T, t0)] = det [®s], (3.167)

then according to (3.166) we get

det[®,] = det [‘/’“ ‘/’12} = PT, (3.168)
P21 P22
hence
PrPn — Qpn = e 7. (3.169)

The characteristic equation has the form
det([®.] — n[I]) =0, (3.170)

by which we obtain

ti2 = £ o2 —(p11¢n — ¢ne), (3.171)

where

1
a= 5(9011 + ¢2). (3.172)
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Fig. 3.7 Position of T mu A
characteristic multipliers in
the parametric system with
and without damping

without damping

with dampin

Taking into account Eq. (3.169) in (3.171) we find

wio =ax aZ—exp(—PT). (3.173)

It follows from Eq. (3.173) that if || < exp (=2L), then roots x; and p, are

complex conjugate. Furthermore, (3.173) implies

—P,T
lni| = |pa| = exp (TO) <1. (3.174)

It follows from the above considerations that characteristic multipliers lie within
a unit circle of the complex plane Imu, Reu. Figure 3.7 illustrates this situation.

The solutions corresponding to ) and u, are asymptotically stable. The second
case to consider is @ belonging to the interval

= 1
e < o] < S[+e). (3.175)
We have (assuming © = 1 in the formula (3.173))

(1—a)P =a®>—ehT,

hence

1
o= 5(1 + e Py,

In this case, characteristic multipliers are real and lie within a unit circle. Finally,
in the last case, i.e. for

1
la| > 5[1 + e 7 (3.176)
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Fig. 3.8 Boundaries of stability loss for Mathieu equation determined by Kotowski for different
values of damping Py

an absolute value of one of the multipliers exceeds 1, i.e. the corresponding solution
grows in time. It is noteworthy that in this case the system is unstable despite the
positive damping in this system. This result cannot be obtained, when in Eq. (3.163)
Q0 (t) = Qo = const.

Now, consider a generalized Mathieu equation containing a linear damping term
of the form

y" 4+ Py’ + (A +ycost)y =0, (3.177)

where: () = L, 1 =Q1, A =2*Q72,y = y*Q 72

This problem has been completely solved by Kotowski [137], and the results of
his calculations are given in Fig. 3.8.

It follows from the figure that regions of stability expand as damping grows. As A
grows, another regions of stability loss appear. The regions gets more narrow and
hence these are less dangerous.

Example 3.9. A rotor of rectangular cross-section b x h and length / rotates at
angular velocity w. In the middle of its length, there is a mass m which can move
only along the y-axis (see Fig. 3.9). During the motion in this direction, the mass is
exerted to the spring force and damping coming from two springs and the dampers.
Derive the governing equation of the rotor dynamics.

Let us take a cartesian coordinate systems x;, y; (moving with the rotor) and
absolute x, y (Fig.3.9).
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Fig. 3.9 Scheme of the rotor vibrations (the rotor has a rectangular cross section)

The relationship between the coordinates is expressed by
X = Xxjcoswt — y;sinwt, y = yjcoswt + xjsinwt.
The moment of inertia of cross-section with respect to the x-axis equals

I, :/yzdS,

S
and hence
I, = cos® wt/ylzdS + sin? a)t/xde + sin 2a)t/x1y1dS.
s S s
Denoting
I, :/yfds, I, :/xfds and Iy, = /xlyldS =0,
S S s

we get

1x1+1y1 le_
=T T

1
I, I cos2wt.
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For the rotor position determined by the angle «, the stiffness is

48E1,,

_48EI,,

@=0). k= @=2).

ke, o

The equation of motion of mass m body takes the form

ke, + ky,
2

ky, —

ky
my'+cy'+(k0+ + N cosZa)t)yzo.
In order to transform the above equation to (3.177) we make the following
substitution

T = 2wt
and we get
PO _ c _ kO kxl + ky1 _ kxl - le
20m’ dmw? 8mw? ’ Smw?

3.2.6 Modelling of Generalized Parametric Oscillator

In what follows we consider a general form of the equation of parametric oscillator
¥+ o*(t)x =0, (3.178)

where: w(¢) > 0 and its graph is presented in Fig. 3.10 (note that, for w4 = w_ and
w(t) = w(t + T) the problem of modelling reduces to Meissner’s equation).

The model equation (3.178) plays an importantrole in both classical and quantum
mechanics. In classical mechanics, the presented variation of w () is related to the
variation of an oscillator stiffness, whilst in quantum mechanics Eq. (3.178) governs
a reduced time-independent one-dimensional Schrodinger equation.

It follows from Fig. 3.10 that  (¢) possesses the following limiting form

lim w(t) = wst. (3.179)

t—+o00

In other words, w (¢) presents an asymmetrical smooth and rectangular pulse.
In further considerations, we will base ourselves on [229,230] and its generalization.
We will assume the following analytic functions describing an asymmetric smooth
pulse
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Fig. 3.10 Piecewise smooth (solid line) and smooth (dashed curve) function w(t)

o) =w_, —co<t<T_
t
w(t) = \/a)i + (0f — w2) cos? (%) T_<t<0,
t
w(t) = |0} + (0] — w}) cos? (n—) 0<t<Ty,
2T
w(t) =ws, Ty <t < +00 (3.180)

Our goal is to find a solution of Eq. (3.178), when all the parameters describing
the pulse are known and the asymptotic properties are taken into account (3.179).
We seek a solution of (3.178) in the form

x(1) = peti?, (3.181)

where: p = p (1), ¢ = ¢(1).
Differentiating x (¢) we obtain

X = peii¢ + i,oq'bei"‘ﬁ,

(3.182)
¥ = per? £ 2i ppet? + ipet'? — phZet?.
Substituting (3.182) into (3.178) we obtain
p+2ipp +ipp — pp* + 0*(t)p =0 (3.183)
and excluding real and imaginary parts, we have
p+ o’ (1) p = p¢?, (3.184)

264 + pd = 0. (3.185)
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Note that if (3.181) satisfies (3.178), then it satisfies (3.184) and (3.185) as well.
Consider a particular solution of the form

¢ = (3.186)

Substituting

cod (L
¢(1) = P (m) =—2pp

into Eq. (3.185) we get the identity
1 s
25+ e (—26p7%) =0,

whereas by Eq. (3.184) we obtain the Milne—Pinney [172,200] equation of the form

1
p3(1)
Instead of the linear equation (3.178) we have obtained the nonlinear equation

(3.187). However, it turns out that in the latter case any two solutions of Eq. (3.187),
i.e. p (¢) and u(?) are connected by the relationship

P+ o’ (t)p = (3.187)

t

p(t) = xu(t) | M+ ~VM?—1cos 2/u—2(r) dr, (3.188)

where M is invariant. On the other hand (see [24, 25, 28, 29]) it is known that a
general solution of Eq. (3.187) can be expressed through two particular solutions of
Eq. (3.188) according to the following nonlinear superposition principle

p(1) = \JAXH(0) + 2Bx1(0)xa(0) + Cx3(0). (3.189)

Since the solutions x; (¢), x,(¢) are linearly independent, the Wronski relation-
ship is satisfied

X1X2 —X1X2 = 1,
and moreover, the coefficients satisfy the equation

AC — B> = 1.
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Note that according to (3.181), we can assume the following form of the sought
solutions

x1(t) =u(t)cos® (1),
X2 (1) = u(t)sin® (1), (3.190)
while according to (3.186) we have
O = u2(1), (3.191)

and u(¢) satisfies Milne—Pinney equation (3.187). Substituting (3.190) into (3.189)
we get

o () = Fu(r) \/Acosz®+2vAC—1sin®cos®+Csin2®.

The above expression can be transformed into the following form

o(t) = Zu(t) \/%(A +C)+ % VA +C +2)(A+ C —2)cos2(0(r) — y).

where

VAC — 1
A-C

Note that, according to (3.191) we have

tan2y =2

@(t)—yz/tu_z(t)dt—i—C—y=/tu_2(t)dt,

for C = y. Assuming A + C = 2M we get

t

p(t) = £ut) | M+ % M +2)(2M —2) cos(2 / u=2(v))dt

t

=+ut) M+ |(M?-— 1)cos(2/u_2(r))dr,

which is in agreement with (3.188). According to (3.187), any solution u(t)
generates an associated solution p (¢). However, in our case we must define two
quantities: an invariant M and a lower limit of integration. A sign () means that
any two solutions u(t), p (¢) possess also two solutions, which are a mirror reflection
of them.
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Any two solutions u(t), p(t) of Milne-Pinney equation (3.187) defines the

following invariant
1 2 u)?
M=- |:(,[)u — pi)? + (f) + (—) } . (3.192)
2 u P

In order to determine the value of M, it is sufficient to take an arbitrary instant of
time. Note that any solution of Eq. (3.187) defines a pair of independent solutions
of Eq. (3.178) according to (3.181).

Our task is to analyse the following three solutions:

(i) a pre-pulse solution corresponding to the constant w_;
(ii) a post-pulse solution corresponding to the constant @ ;
(iii) a pulse solution py () corresponding to the constant w(0) = wy.

Let us begin from the case (iii). If po (¢) is approximately constant value, then
00 (0) = po (0) = 0. By (3.187) we get

or

1
po(0) = ——=. p0(0) =0. (3.193)

Jo(0)

Our goal is to estimate asymptotically py (¢) as ¢ — Fo00, provided that we know
asymptotic values of u(¢) connected with (i) and (ii), and the associated solution
po (1) defined by Eq. (3.192). Constant values (asymptotic) of the solution u(¢) are
determined by the values w+ and Eq. (3.187). We have

t—1>1:I|I:loo wiu(l) B t—1>1:I|I:loo u3(t) ’
and hence
1
li 1) = ——, li (1) = 0. 3.194
t—>1:I|I:loo ui( ) WO+ t—ggloo Mﬂ:( ) ( )

Two different solutions uy (t) and u—_ (¢) remain constant as t — +o0o and
t - —oo. Two pairs of the solutions {po (¢),u+ (#)} and {po (t),u—(t)} are
connected via the nonlinear superposition (3.188). On the other hand, pairs of the
conditions (3.193) and (3.194) serve for determining the lower limit of integration
and the invariants M.
Now, let us estimate the asymptotic values of limits t liin po(t) provided that we
—> o0

know the asymptotic values (3.194). Let us denote 7.+ as lower limits of the integral.
We obtain
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t

t
lim /Zd_‘t = /(«/a)i )2 = wt(t —1t1).
t—>=+o00 “:I:(T)

I+ I+

By Egs. (3.188) we get

1
t—ljfl:noo po(t) = \/—a)_:t \/M:t — \/Mi —lcosQuwi(t —ty)) . (3.195)

In the next step, we will determine the constants 7+ and M. First, we determine
M by (3.195) after taking into account the following equality

1
po(~T-) = p(T4) = —— . (3.196)
NS
Since as ¢t = Zoo the solution u (t) = (a)i)_%, and for —co <t <T_, T4 <
t < +oo the frequency of the oscillator equals w— and w4, respectively, then we

have

1 1
M(—T_) = \/_a)__’ I/I(T+) = \/—a)__;’_ . (3197)

By (3.192), taking into account (3.196), (3.197) and assuming t = 7_ and ¢t =
T+ we get

=) () () ()]

1
My =~ (w—i + ﬂ) . (3.198)
2\ wy w4+

hence

All the solutions serving for determining the invariant value M are constant
solutions, which does not depend on 7+. By Eq.(3.195) we get the value of py
for t = T4 (or t = —T_). Further considerations will be carried out for t = T4.
In this case, the Milne invariant is (see (3.192))

1 1 2 ) 2
Mo=1 po(T>-—)+¢—wpo +( ) ,
T2 |:( o oy S Vo1 po
and after transformation
1 . 1
My = Yo [po(T+) + p(THo} + —2(T+)} : (3.199)
W+ Po

By Eq. (3.195) we get
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1 ‘/M_%_— lsin2a)+ (T+ —t+)2a)+
Vo Ve ’
2 My — M_%_ —lcos Qi (T+ —t4+))

. dpy
py (T4) = d_to (Ty) =

and hence

Py by = M2 —1sin204 (T4 —14), (3.200)

where p(f is defined by (3.195) for t = T... By the above equation we find

p+p+
arcsin ———2— = 2, Ty — 2041+,
M2 -1
hence
1 + -+
t4 = Ty — 5—aresin Pl (3.201)
w /
+ M}_ —1
Similarly, one can show that
1 . Py Py
t— =T_ + — arcsin ——=2— 3.202
20— ! M2 —1 ( )

In the considered case po (T+) = po (T—-) = 0, and thus we have 14 = T'. Now,
we go back to a solution of Eq. (3.178) described by the formula (3.181). Let us
remind that asymptotics of the function p (¢) are determined by the limit (3.195).
A general solution of Eq. (3.178) is a linear combination of cos (w+¢) and sin(w+1),
hence a pair of real fundamental solutions reads

A(t) =po(t)cose(t),

B (t) =po(t)sing (1), (3.203)
where
t dt
ty= | ——. 3.204
b0 = [ (3204

0

Note that a phase-shift between the exact solution and the corresponding
asymptotic solution pg 40 (¢) reads

e (1,
* 0/ (pgm pé,oo(r)) "

or
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t t

dt 1 n
5 = 5 dt+ o as t — +4oo. (3.205)
J 0o(T) . 00,00

By Eq.(3.203) as t — 400 we get

t

li? A(t) = AT (t) = AT(t) = po.oo(t) cos /po_go(t)dt +at ],
t—>+00 s
0

t

dim_B0) = A7) = B0 = pros(c0s | [ 2007 +a*

0

(3.206)
According to (3.195) we have

t 1

dt / wydt

/ _ (3.207)
2

0 Po.00 0 My — ,/M}r—lcos(2w+ (t—1t4))

In the handbook [15] we find that

1
(b —c)tanzax

dx 2
= arctan ————,
/b+ccosax avb?—c2 Vb2 — 2

b? > 2,
and

1

/ dx _ i (c —b)tan%ax + A2+ b2
b+ccosax g+cZ—p2 f

(¢ —b)tanlax + ¢ — b2 ’

b? < 2.

In our case (see (3.208)) we have

P—c?=M: - (MI-1)=1,
and furthermore

X=1—ty,dx =d1,a =2w+.

By Eq. (3.207) we obtain

t 1=ty

t
dt dt dx
o =04 = | i vecsas
Po.00 b+ ccosa(t —ty4) b + ccosax
0 ! 0 —I+

1 1=ty
= w4+ {—arctan [(M+ - ,/M}_ - 1) tana)+x]}

w4 —l4
= arctan [(M+ — ,/M}_ — 1) tanwy (t — t+)i|
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+ — arctan [(M+ — M3 - 1) tanw+(—t+)i|
= ¢4 (t) + Ag, (3.208)
where
¢+ (1) =arctan[(My — /M3 — Dtanwy (1 — 13.)],
Ay =arctan[(My — /M3 — Dtanw 14 ]. (3.209)
By (3.206), (3.208) and (3.209) we get

AT(1) = po.co(t) cos[p+ (1) + Ay + ay],
BT (1) = po.oo(t) sin[g4 () + Ay + ay]. (3.210)

Assuming that the phase-shift is constant A + a4 = 0, by Eq. (3.210) we get

At (1) = poco (1) cos g4 (1),

B (1) = poco (1) singy (1), (3.211)
where
¢+ (1) =arctan[(My — /M3 — Dtanwy (1 —11)],
1 r—
P0.00 = o \/M+ - M_%_ — lcos2w4(t —t4)]. 3.212)
Equation (3.211) could be transformed into the following form
My — /M?—1
A+ () = coslw4 (1 — 14)],
w4
My — /M2 -1
Bi(t) = \ sinfw4 (f — t4)]. (3.213)
w4

Moreover, the considerations carried out in this chapter have been discussed in
more detail in this reference.
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3.2.7 ODE:s with Constant Coefficient

Theory of vibrations is one of the developed branches of mechanics, applied
mathematics and physics. There is a large amount of literature devoted to the theory
of vibrations of lumped (modeled by ordinary differential equations) and continuous
systems (modeled by partial differential equations). In this work, we will give some
fundamentals concerning vibrations of lumped systems from mechanics viewpoint
(see [12,13]).

Assume that particles of a lumped material system have been connected by mas-
sless elastic-damping elements. The connections generate forces and torques, which
depend on displacements and velocities of these points. Imposing initial conditions,
for example initial displacement and velocity of particles at particular values of the
system parameters (mass, stiffness, damping, geometry of the system), can result
in vibrations of a considered mechanical system. We will confine ourselves only
to small vibrations in neighbourhood of a particular static configuration of the
system (equilibrium position). Let us remind that a system (in nonlinear systems)
can possess a few different equilibrium positions.

In the case of small vibrations around the analysed equilibrium position, one can
perform the linearization procedure which relies on Taylor (Maclaurin) expanding
of some functions up to linear terms (though the linearization is not always
possible). Consequently, the problem reduces to the analysis of linear differential
equations with constant or variable coefficients.

Let us consider the case of driven vibrations of one degree-of-freedom system,
depicted in Fig. 3.11.

The equation of motion takes the form

X + 2h% + o*x = g coswt, (3.214)
where
- 2h, o =—, gq=—.
m m m
First, let us consider free vibrations (Fy = 0). We seek solutions of the form

x(1) = e". (3.215)

| F,cosmt

x(t)

Fig. 3.11 Vibrations of one
degree-of-freedom system
with damping under
harmonic excitation
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Substituting (3.215) into (3.214) we obtain the following characteristic equation
r?+2hr +a® =0. (3.216)
We get the following roots of the above equation
ria=—h+ vh?—a2. (3.217)
A general solution has the form
x(1) = Aje"' + Aye™. (3.218)
If & > «, then the solution has the form

x(t) = e (Ale W=t g0 hz—“zf), (3.219)

and as one can easily see lim x(¢) = 0. The function x(¢) approaches zero without
—>00

oscillations.
If @ > h, then Eq. (3.217) takes the form

ra=—h+il, i*=-1, (3.220)

where A = +/a2? — h2 and the solution has the form
1 . .
x(1) = Ee—h'fRe(AeW + Ae™M)y, (3.221)

where A and A are complex conjugate.
Euler’s formula enables us to find a real form of the solution

eM = cos At + i sin Ar. (3.222)

‘We have

1
x(1) = —e""Re[(Ag — Ai)(cos At + i sin At)
2 (3.223)

+(Ag + Aji)(cos At —isinAt)] = e (A, cos At + A, sinAt),

where we assumed: A = Ag + A;i, Ar = A1, A = A».
We have the third case left, namely # = «. This corresponds to the critical
damping coefficient ¢, determined by the formula below

k
Ca =2m | — =2~km. (3.224)
m
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Fig. 3.12 Free damped X(t) AL <
vibrations of one
degree-of-freedom system

In this case we have a double root of the characteristic equation and a solution
has the form

x(1) = (A, + Ayt)e™. (3.225)

There are no oscillations in the case of critical damping. The solution (3.223)
describes damped harmonic oscillations and its graph is depicted in Fig. 3.12.

A characteristic feature of damped vibrations is to attain maxima (minima),
which are distant from each other by the so-called period of damped vibrations
T, = ZT” Thus, one can introduce a notion of logarithmic decrement

. x(t) (Ay cos At, + Ay sinAt,)e ™
x(t+T) [Al cos A (t,, + ZT”) + A, sin A (tn + ZT”)] e h(n+7)
1 2
=In—s = —#h. 3.226
n o 1 ( )

Logarithmic decrement can serve for determination of a viscous damping
coefficient of vibrations. When § is known (a natural logarithm of a ratio of two
sequential maximal amplitudes and the corresponding time of their occurrence) then
the coefficient of damping can be found as

1)
=2m—. 227
c mo (3.227)

t

At the end, we consider the case of driven oscillations, namely Fy # 0. In order
to get a solution we make use of complex numbers. Equation (3.214) takes the form

¥ + 2hx + o*x = g(coswt + i sinwt) = ge'’. (3.228)
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The above second-order differential equation is non-homogeneous. Its solution
is a superposition of a general solution of the homogeneous differential equation
(Eq.(3.228) as ¢ = 0) and a particular solution of the non-homogeneous equation
(3.228). The latter is sought in the form

x = Ae'®". (3.229)
Substituting (3.229) into (3.228) we get
(—w?* + 2hwi + a*)A = g, (3.230)

where A is complex conjugate of A = Ag + Aji.
By the above equation

- . q
A= Ar —iA; = .
R4 (@2 — w?) 4+ 2hwi

(3.231)

In order to find Ag and A; let us multiply the nominator and the denominator of
the right-hand side (3.231) by [(a@? — w?) — 2hwi]. We obtain

. q(a? — w?) 2hwq .
Ap —iA; = — , 3.232
k= tA (0?2 —w?)? + 4h2w? (a2 —w?)? + 4h2a)21 ( )
and hence
22
Ap = 4@ =) A = 2hag . (3.233)

(0% — w?)? + 4h?w?’ (a? — w?)? + 4h*w?
The solution (3.229) possesses a real interpretation of the form

Rex(t) =Re[(Ar — Aji)(coswt + i sinwt)]

= Agcoswt + Ay sinwt = a cos(wt — ). (3.234)
Since
Agcoswt + Ay sinwt = acos ff coswt + a sin B sinwt, (3.235)
then
Agr =acosfB, Ay = asinf, (3.236)
and hence

A
a= /A% + A2, tanf = A—’. (3.237)

R
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Since a general solution of the homogeneous equation (3.223) decays as t — oo,
only a particular solution (3.234) of the inhomogeneous equation is left. As one can
see, the response of the system is harmonic and shifted with the phase angle 8 with
respect to the excitation. By Eq. (3.237) we get

q 1 1

V(2 — 0?)? + 4h%0? o? \/[1 B (3)2]2 44 (g)z (%)2

’

® 2k
B = arc tan———— = arc tan—*—. (3.238)
a? —w? 1-(2
The coefficient a% = % = xy describes static displacement. The first equation
of (3.238) is transformed into the form
w a 1
p=y (—) -2 a . (3.239)
(o4 Xs 2 h\2 2
- @] e @
The above function v = v (%) describes amplitude—frequency characteristics

(see Fig.3.13).

Fig. 3.13 The
amplitude—frequency
characteristics of a
harmonically driven oscillator
with damping for selected
values of the parameter g
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Fig. 3.14 The n
phase-frequency

characteristics of a

harmonically driven oscillator

with damping for selected

values of f T #2
=%

The second equation of the system (3.238) describes phase-frequency characte-
ristics (see Fig. 3.14).

As h = 0, we get the case of harmonically driven oscillator without damping.
According to (3.234) we have respectively

x(t) = acoswt, (3.240)
and
x(t) = —acoswt, (3.241)

as w > «. This means that before resonance the vibrations are in-phase with the
external excitation, whereas after resonance the vibrations are anti-phase with the
excitation.

Resonance appears when @ = o and then the amplitude attains infinity. The
damping makes the amplitudes of resonant vibrations decrease. The case h = 0
has been also presented in Figs.3.13 and 3.14. If in Fig.3.11 we take any time-
dependent excitation F(¢) instead harmonic one, then the equation of motion of this
system takes the form

¥4 2h% +a’x = q(1), (3.242)

where ¢ (t) = %F(l).

In order to solve Eq.(3.242) we apply Laplace transform, i.e. a function x(¢)
is associated with a function X (s) of a complex variable via the following integral
transformation

+o00

X(s) = /x(t)e_”dt, (3.243)

—00



106 3 Second-Order ODEs

where s = ¢ + iw. The initial conditions for Eq. (3.242) will be determined for
to = 0. Taking algebraic transformations related to Eq. (3.242) and the variable s in
complex domain, we can make an inverse transformation
| ctiw
x(t) = L7'X(s)] = 3] / X(s)e™'dt. (3.244)
i
c—iw
In practice, such integrals are not calculated. We usually make use of tables of
originals and transforms. Since, we are interested only in a particular solution, we

put the following initial conditions x(0) = x(0) = 0. Applying Laplace transform
to Eq. (3.242), we obtain

(5% + 2hs + a®) X (s) = Q(). (3.245)

Consequently, we obtain

_ 20 ! (3.246)

The right-hand side of Eq. (3.246) is a quotient of two Laplace transforms.
According to Borel’s theorem on convolution

A0 * 1) = / A@ il —1)dT = / Alt =) Ao,
0 0

LLA@) x f2(0)] = Fi(s) Fx(s),
LT[R () B()] = fi(1) * f2(0). (3.247)

In the latter case the original of such product is a convolution of time-dependent
functions, which are the originals of the mentioned transforms. On the other hand

1500 | = 517106 = S50

V1-— éz%) , (3.248)

1 1 gt
L} = T si
|:T2S2 L 2ETs + 1} Ty Sm(
where: § = g, T = é
According to Eq. (3.247) we get
t
x(1) = / qf\—f)e—”“—” sin A(f — 7)dt, (3.249)

0

where: A = a2 — h2.
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3.3 Lagrange Equations and Variational Principle

We are going to show that a trajectory of any dynamical system is a result of
minimization of the action

1
S =/ L(r,F,1)dt (3.250)
4]

in the time interval ¢ € [ty, t1], where r is position vector of a particle with mass m.
Assume that the motion of the particle is governed by the dynamical system and
by the space properties in which the particle moves. Consider different and possible
trajectories of the particle starting from the point A (¢(¢), (%), o) and achieving
point B (q(¢1),4(t1), 1), as it has been shown in Fig. 3.15.
The position vector r as well as its time derivative I are represented by

r= Zqiai, (3.251)

i=1

P = Zd— an., i=1,2,....n, (3.252)

i=l1 i=l1

where a; are the bases vectors of the taken coordinate system.

It appears that although there are infinitely many paths from A to B (in general),
but it is known that the physical dynamical system realizes only by one of them.
Note that Eq. (3.250) n generalized coordinates ¢’ and n generalized velocities ¢’
appear, which are independent, and their variations are also independent.

Let us introduce now a small parameter ¢ in the way that for a true trajectory we
have ¢ = 0, whereas for other ones we have ¢ # 0. Observe that for all trajectories
which meet in points A and B, we have also ¢ = 0. From (3.250) one gets

S(r(e),1(e), &80, 1)) = /tl L (r(g),1(e),¢,1) dt, (3.253)

fo

ro(t)

Fig. 3.15 Examples of two ri(t)
different paths realized by the

particle m while moving

between points 4 and B
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and equivalently

ds
S (r,r,0;t,t) +&—
de

1 ,d*S
_8 —

e=0 2 de? e=0
5]

f 5]
dL e? [ d’L
= [ L(r,x,0,1)dt — dit+ = | -
/ (r,r,0,7) +8/d8£=0 +2/d82£_0

to to to

8L dq aL dq
/(Z Zaq dg £=0) a

_/ ” 92L dq‘d_q' ZaLar2
a(q)z de de |, dq' de?

+ ...

dt

1 0L dq'|  dq' 1, 0L dq'|  dq'
— 94" 94 de |,y de |, — 0q'04; de |,— de |.—
L d*q'
: 3.254
* ;84’ rr £=0)+ (3:254)

Now we apply the Hamiltonian principle. Since we consider the different
functionals for different values of ¢ and due to Hamiltonian principle for a physical
(true) trajectory, the functional S achieves its extremum (it will be shown further
that for almost all physical systems it is minimum). This principle is represented by
the following formula

ds [ d / h . :|
— =|— L (r,x,t)dt . (3.255)
de e=0 de fo e=0

Remark 3.1. Observe that now we might introduce [;S] = §, and this operator

is well known in mechanics. This is infinite small variation of any quantity, on which
it acts.

Remark 3.2. In most books of mechanics formula (3.255) is used as the fundamen-
tal principle, and it serves for derivation of Lagrange equation in different manner.

Remark 3.3. The use of perturbation approach allows for generalization and for
clear and continuous statements and conclusions.

Remark 3.4. Since the perturbation techniques belong to extremely developed, it
gives good starting points for many other generalizations.
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Comparing the terms standing by the parameter ¢ in (3.254) we get

n
ds dL oL dq'
de =0 B / % / Z 8q dS

de
to

oL dq
Z aq! de

e=0

e=0

(3.256)

Consider now the underlined term in (3.256), which can be transformed in the
following way

di| _aLd (df| \_d(idd| \_(doe| \dd
3q" de |,—g 0¢7 dt \ de|.— di \og' de =0 dt g7 e—0/ de |.—o
(3.257)
because
d (dL\ dq’ L d*q' d OL dq' _aL d dq’
dt \d¢' ) de 0¢' dtde  dt 0q' de |-, gt dt \ de Y

Taking into account (3.257) in (3.256) we get

d

t t
— /Ldt=8/Ldt=O.
=0

de
fo to

tdS

151
Tolemo = f aL s=0dt = 0 and taking into account (3.257),

Assuming tha 7.
“ (d L
o) \diag

to

from (3.256) one gets
L dg' " d (9L dg’
/[Zaq e ﬁgz(@ﬁg

or in the equivalent form

jz L (d AL\ dg
— aq' dt 9g' de
1 i=1

)
=0 de

dt =0,
e=0

e=

N d (L dg
dt — — —
g:O) +/f 24 (aq'l ds

0 =1

)dt —o.
e=0

(3.258)
Observe that for any ¢ € (, ;) we have
; ; ; dq' (1) 1 ,3q'(1)
") =q.(t) = q'(¢ = 3.259
70 =q0 = ¢ O+ o757+ PN b (259

Consider now the underlined term in (3.258). This integral has the value
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oL dg' oL dq.

04" [ezor, A€ lemos 99" |omosy A€ |omou, (3.260)
) l‘ L s i‘ —
o aq.l €=0,t1 q £=0,t1 aq‘l €=07t0 q o ,

because we are in the time instants 7y and #; on the investigated (true) trajectory and
in these points the infinite small variations 8¢’ ‘to = 4q' ‘tl =0,i=1,...,n.
Therefore, the investigated first-order asymptotic approximation takes the form

]Z oL (d OL\]dg'
— aq' dt 94’ de |,
o =

Recall the Gelfand and Fomin theorem proved in 1963 [98]. Let f; be a set of n
integrable functions of a real variable ¢ on the interval [£y, ¢;]. Suppose that

)dt =0. (3.261)
=0

51

/ﬁhidtzoz(fi,h,- =0) (3.262)

fo

holds for every arbitrary set of integrable functions /; on the same interval and
all of them vanish at the points #y and #,. The theorem states that f; = 0 for all

i = 1,...,n. Note that in our case we have /; = % . From (3.261) we obtain
=0

a set of Lagrange equations
dL d (0L
— == |==1=0 i=1,...,n 3.263
7~ o) =0 " (3269

Consider now the second-order approximations:

d’s [ d’L [ (L dgi|  dg
sl / L / S(LL d) e
de? |,_ de? |._ P 9(g")? de |-y de |.—
to o T
oL d*q' L dg' dq'
g’ de? |.— 0q'0q; de |,—y de |.—
L dg' dq’ oL d*g'
= S L) BT an (3264
04;0q; de |.—y de |.—y 0¢" de*|._,
Now we use the properties of the earlier introduced operator § = % g and

from (3.264) we obtain
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¢! t

‘ 2L .. JL .
82S =8| 68 | Ldt 82/ —q'q' + —¢'
/ N ; agog 1T o
to n 'T -
2L .. PL .. 9L .
2———4'q’ —4'q' + —¢' | dt 3.265
+ aqlaqqu +3q,aq.,qq+aq,q) ( )

The infinite small variation of both underlined terms in (3.265) corresponds to
the considered already situation. In words, an action of § on the underlined terms
gives Eq. (3.258), and then (3.261). Assuming that the system realizes the motion
governed by (3.258), the action of § on (3.258) gives zero, and the underlined terms
in (3.265) vanish.

However, consider a possible physical interpretation of the omitted terms. Let us

begin with
L dg'\ dg'| _ d¢’ oL  d (0L\]dq’
G de ) de |,_y  0e |._o\LOq' dt\9d¢' )] de )’
Here we give an interpretation of §25 = ‘;275 K It can be treated as § (65), and
o

one can understand this as the perturbation of §. = 0, or in other words of a trivial
value. Therefore, analysis of perturbation of S = 0 allows to estimate stability
of S = 0, i.e. stability of (3.258), and consequently, stability of the Lagrange

equations. On the other hand, since the functional can be considered in a similar
a2s

de? e=0
We say that the Lagrangian function (and then Lagrange equations) is stable when
828 > 0, and taking into account (3.265) one gets

way to a function, therefore a second derivative decides about stability.

t
fZ( L ¢ +2 L i'q" + L ""f)dz>o (3.266)
) = \agag ™ T agag T aqrag ‘ '
0

To sum up, the obtained set of n differential equations (3.263), after introduction
of Lagrangian L and after carrying out the differentiation gives the set of second-
order differential equations with respect to time.

Recall that the generalized force Q; corresponds to a general coordinate ¢'. The
work done by generalized force on the virtual (generalized) displacement is equal to
the work done by the active forces along the Cartesian coordinates. The Lagrange
equations of a second kind have the form

d (dT\ T
(=)= =0i i=1,...5 267
d[(aq,l) 5 = Qi 5 (3.267)

Q=) Fi— (3.268)
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and j * denotes number of active forces. If we deal only with potential forces then

av
Qi =—— (3.269)
aq'
and (3.267) has the following form
d (dT aT vV
—|=—=)]-—+=—=0, i=1,...,s. 3.270
7o) 5 v =" ’ G210

3.4 Reduction to First-Order System of Equations

In mechanical and civil engineering [ 13] many problems can be reduced to analysis
of second-order linear differential equations with variable coefficients of the form

M) + C(t)y + K(t)y = F(1), (3.271)

where M (t), C(¢) and K(t) are square real matrices of order n. The Lagrangian
coordinate y and the generalized force F are n-dimensional vectors. The matrices
are called mass, damping and stiffness matrices, respectively. The system of
Eq. (3.271) is reduced to the following set of first-order differential equations

X = AW)x + f@). (3.272)
where:

[0 I
AD =11k —M‘IC]

[0
0= rw]
x(t) = y}

Ly

If the reduced Eq. (3.272) is complex-valued, then one writes
X =xgp+ix;, A=Ar+iA;, f=fr+ifs. (3.273)

Substituting (3.273) into (3.272) we get

Xr| _|Ar —Ar||xr Sr
[xf}‘[A, ARHﬂ}[}J. (3.274)
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Hence, instead of the complex-valued differential equations (3.272) we have got
real-valued system of differential equations (3.274) but with dimension two times
larger. It means that in both cases a real-valued first-order system of differential
equations can be taken into further considerations.

In [160] the authors discuss some advantages of a direct use of second-order
system of differential equations instead of a reduction to first-order system of
differential equations. Namely, they show that in this case the generalized modal
analysis very widely used in mechanical engineering, direct consideration of the
second-order differential equations can offer substantial reduction in computational
effort and ample clear physical insight.

The earlier introduced reduction from a second-order system of differential
equations to a first-order system of differential equations is a standard one. In a
mechanical system, where the external forces are conservative, i.e. the forces arise
from potential functions, the equations of motion corresponding to n-degree-of-
freedom system, can be written as a Hamiltonian system in R**. The Hamiltonian
system has some special mathematical structure, and hence it can be further
exploited to gain more insight to the Hamiltonian system in order to simplify the
equations of motion, where certain resultant coordinates are constant.

Although the Hamiltonian approach is nowadays very much saturated by geome-
tric theory of the paths or curves, theory of systems of particles, and Lie’algebra, we
focus our considerations on more basic approaches related to differential equations.

3.4.1 Mathematical Background

The Lagrangian equations have two remarkable properties. First, they are derived
on a basis that a definite integral is stationary. Second, the Lagrangian function is
quadratic regarding the velocities.

Hamilton’s transformation reduces all Lagrangian problems to the ‘canonical’
form (after Jacobi). The n original Lagrangian differential equations are transformed
to the 2n first-order differential equations having special simple and symmetric
structure. Now we follow the considerations given in [148, 171,237].

Consider a function

F = F(uy,...,u,). (3.275)
Let us introduce the new variables vy, . .., v, in the following way
oF
vi = —uy,...,uy). (3.276)
3ui

We assume that the determinant formed by the second-order partial derivatives
of (3.276) is not equal to zero. This implies that the n variables v; are independent.
Using this assumption one can solve (3.276) to get

uy = w1 (V1,02 ..., V), Uy = Uy (U], ..., V). (3.277)
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Let us define a new function

G = Zuiv,- —F. (3.278)

i=1
From (3.277) and (3.278) the function G can be expressed in terms of the new
values only

G =G(vy,...,v,). (3.279)

Now we apply the principle of least action which, according to Hamilton, allows
to transform the problems of mechanics to those of the calculus of variations.
Consider the infinitesimal variation §G produced by arbitrary and infinitesimal
variations §v;:

§G = Za Sv; = Za(u,v, F) = Z(u,Sv,—i—v,Su,) §F

i=1 i=1 i=1

= Zn: |:u,-8vi + (v, - 8_) 8u,i| Zu,Sv, (3.280)

i=l1 i=l1

Recall that G = G(v;, ..., v,), and therefore we need to express all u; as the
functions of v;. However, since (3.276) holds we have got (3.280) and hence

n

Z E 8v, = b, (3.281)

i=1 i=1
which means that

u; = G (3.282)
Bvi

The described transformation was introduced by the French mathematician
Legendre and is sometimes called dual transformation.

Duality
Old System New System
Uy ..oy ly Ul,...s Uy (3.283)
F=FQu,...,u,) G =G(y,...,u,)
4 = g v = g

F:Z?zluivi—G G:Z:'Zlu,-vi—F



3.4 Reduction to First-Order System of Equations 115

New variables are the partial derivatives of the old function with respect to the
old variables and vice versa. ‘Old’ and ‘new’ systems are entirely equivalent for the
transformation (3.283).

We introduce now two sets of ‘old’ variables uy,...,u, and wy,...,w,. The
additional variables are considered as parameters and they do not participate in the
transformation

F=Fwy,...,wpiup,...,u,). (3.284)

The u; are active, whereas w; are passive variables of the transformation. We have

G=G,...,0;Wi,...,Wy),

_OF
Vi = B_M,"
n
G =) wuv —F. (3.285)

i=1

", 3G ~.9G .
§G = Z%&)i + D5 —bw = > 8(uivi — F)

i=1 j=1 i=1

=Y (u;v; + vibu;) — 8F
i=1
= Z (M,'(SU,‘ + U,‘SM,‘) —

i=1 i=1 j=1

= Zn: |:u,-8vi + (vi - gTF) 8u,<i| - z’": a—Fé’wj
i iz j

i=1

— Y -y O s, (3.286)

w
i=l1 j=1""J

which means that in addition to the earlier obtained results we have also

6 __or

=——. 3.287
8wj aWj ( )

The Legendre’s transformation is entirely symmetrical in both systems, i.e. it
leads from the old to the new system and vice versa. It changes a given function of
a given set of variables into a new function of a new set of variables.
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3.4.2 The Lagrangian Function

Consider the Lagrangian function

L=L(qla"'aqnaqla"'aqnat)a (3.288)

where ¢g; are the generalized coordinates and ¢; are the corresponding velocities,
andi = 1,...,n. In words, we have mechanical system with n-degrees-of-freedom.
We consider g1, ¢», - . . , §, as the active variables, whereas q1, ¢, . . ., g, and ¢ as the
passive variables. Coming back to our earlier consideration one convinced that now
m = n+ 1. Let us now repeat the introduced earlier Legendre’s steps. We denote the
‘new variables’ by p; (the so-called momenta), and L corresponds to ‘old’ function.
Hence

L

= —. 3.289
3 (3.289)

Di

We introduce the ‘new’ function (corresponding to G), which is now called ‘total
energy’ of the form

n
H=> pigi—L. (3.290)
i=1

The variables ¢; in (3.290) are expressed in terms of the new variables p; by
solving Eq. (3.289), and we get

H = H(q1,....qn; P1s--., Past), (3.291)

and H is called the Hamiltonian function. The dual nature of transformation
follows:

Old System New System
gi = 3% pi = §7€
1 ) ) (3.292)
L=3 pigi—H H=3_pigi—L

i=1

L=L(qi,....qn:q1,---.4n;t) H=H(q1,....qn:P1---. Pu:t)

Observe that using the Lagrangian function L one can construct the Hamiltonian
function H, and vice versa. Equation (3.287) has the form

oL 9H L _ OH

—=—-, —=—-— 3.293
aq’ aq’ ot ot ( )
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Fig. 3.16 Geometrical interpretation of H(p)

It happens also, especially in many problems in physics, that for a given
Hamiltonian one needs to find Lagrangian. In this case the Hessian determinant
T" should be not equal to zero. Note that in deriving the Hamiltonian from the
Lagrangian, the Hessian determinant, J # 0, where I' = J !

There is an interesting geometric interpretation of the relationship between the
Lagrangian and the Hamiltonian. For simplicity in presentation, let us reduce the
dimension of the system to 1 and hold ¢ fixed. If H(p) is convex, i.e.a;T]Z > 0, and at
a value p, we draw a tangent line of slope v, then the y-intercept of the tangent line
has a value of —L(v). Since the slope of a tangent is the ratio of the vertical height
to the horizontal, we have v = w Rearranging, we get H(p) = pr — L(v).
By replacing v with ¢, we get the Legendre transformation.

It is seen from Fig. 3.16 that the supremum of the set of the tangent lines gives
H(p), which is a conjugate function of L(v) : H(p) = sup,(pv — L(v)). This is
another reason that A and L are called dual functions of each other.

The transformation theory that operates on Hamiltonian systems gives rights to
mix the coordinates ¢ and p, and for instance p is not necessarily needed to be the
momentum of the system, whereas g need not be the configuration of the system.
However, when the Hamiltonian does have a physical interpretation of total energy;
ie. H=T+U, L =T—U andwhen p is the momentum, then the total energy
is constant (‘fl—f = 0) in a time-invariant conservative system. In this case also H is
always conserved when it is time-invariant and the states of the system evolve along
the contours of constant H. In other words H(g, p,t) = const, which gives a first
integral. Another interpretation of H is from convex analysis.

We will illustrate it geometrically with Fig. 3.16b. For every value p, we draw a
tangent line of slope v, so by varying the values of p, we get a set of tangent lines
which are shown as dashed lines above. The supremum of the set of the tangent
lines gives us H(p). Mathematically, this means that H(p) is a conjugate function

of L(v), i.e. H(p) = sup(pv — L(v)).
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3.5 Canonical Transformations

Now we introduce the basics of transformation theory for Hamiltonian systems.

Definition 3.1 (Poisson Bracket). Let f and g be functions of (q,p,?). The
Poisson bracket of f and g is defined as:

[f.g] = %% 9% (3.294)

~ 0pdq 0qip’

In particular, note that
q’h = [quh]v p‘h = [vah]

In order to preserve the Hamilton’s equations structure, we would be looking
for coordinate transformations that preserve the Poisson brackets. Suppose that new
coordinates system is (q”,p”,t”), we want [f,g] = [f. g]” for every f and g,
where [ f, g]” is defined as:

of dg  df g

L. g]” = ap’ aq”  oq” ap//'

(3.295)

The main idea of this type of transformation is as follows: First, we introduce an
intermediate coordinate system (q’, p/, '), with the following relationship:

qd=q p=p. '=1=1" (3.296)

This means that the first transformation from (q,p,?) to (q’,p’,?’) involves
keeping q = q' and t = ¢ invariant and transforming p to p’. The second
transformation from (q’, p’, ) to (q”, p”, t”) involves keeping p’ = p” and t' = ¢”
invariant and transforming q’ to q”. How we go about achieving this is through a
generating function F, as stated below.

Theorem 3.2 (Canonical Transformation). If the transformation from the coor-
dinate system (q,p,t) to new coordinate system (q",p”,t"), satisfies [f,g] =
[f, g]” for every f and g, then the transformation is canonical. In addition, the
transformation is canonical if only if there exists a function F : (¢/,p’,t') > R
such that

_OF
= 3

oF

and q// = a_p/

p (3.297)

F is called a generating function for the transformation.

The proof of this theorem is given in [254]. In practice, knowing which F' that
generates the coordinate transformation is not obvious. However, the method given
below makes finding F' more straightforward [254].
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1. Pick a family of functions S(qi,...,¢n,k1,...,ky,t), parametrized by
ki,....k,.
2. Construct the functions p}, ..., p; by solving the system of equations

p= % . for p’ as functions of (q, p, 7).
=P/

3. Define the intermediate coordinate system (q’,p’,?’) by noting that q' = q.
Substitute ' = q and p’ = k into S, which gives us F(q},....q,, p\..... P))-
4. Construct the final coordinate system (q”, p”,¢”) as

p=p, '=—, "=1i=u (3.298)

With the canonical transformations introduced, we shall now examine how
Hamilton’s equations behave under canonical transformation.

Theorem 3.3. Let G(p,q,t) be any function such that G = t,, where F is the
generating function. Then for any function f(p,q,t) we have

y _

o =55 T1G.f] (3.299)

For any function f(p, q, ?), its total derivative in time is
df _of . of. of
ar ~aqd T Pt

af oH B af oH  df

dq dp  Jp Jq ar
af

=[H. f1+ o (3.300)
Applying the proposition above (3.299), we have
Yomn+ ¥
=[H. /14 (6. 1+
=[H+G, f]+ %

As such we obtain a new Hamiltonian H” = H + G with Hamilton’s equations
in the new coordinates:

d , oH" d , oH"

—p, =—F7 and —q, = —. 3.301

"= o) TR (-0
Of special interest is to find a transformation resulting in H” = 0, then the

trajectories of the equations of motion will be given by p” = constant and q” =
constant. The transformation that results in H” = 0 satisfies the Hamilton—Jacobi
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equation, which is a first-order, nonlinear partial differential equation. The main idea
in developing the Hamilton—Jacobi equation is briefly described here.
Using the method described earlier to construct the family of functions S(q, k, t),

the set of points p = %5 » form a n + 1 dimensional surface. The original

34 | —
=p
Hamiltonian on this surface is H = H(q, %, t).Since G = %, itis also equivalent

to G = 25 in the original coordinate system. We want H” = 0, so it means that

Jat
H+G=0ie.
2 as
Hq 2. )+ % o 3.302
(q iq )+az (3.302)

This is the Hamiltonian—Jacobi equation that will result in H” = 0

3.6 Examples

We will now return to the examples.

Example 3.10 ([254]). A simple harmonic oscillator.

If the potential function is U = %aqz, then the Hamiltonian is now
2

)4 1
H(p,q) = ™ + anz'

The Hamiltonian—Jacobi equation is (by substituting p = g—;j into (3.302))

3—S+L B—Sz—i-lozz—O
o " 2m \ag =

The solution to this partial differential equation is parameterized by k (which
can be checked by substituting the solution back in the Hamilton—Jacobi equation
above).

S =—kt+g(q), gl = / (2km —aqu)% dq.

Following the steps of transformation, we have

/

g=q and =1,

aS 1
p= = :—p’t’+/(2p/m—amq2)2,
Bq k=p’
2
1
=L 4 —ag.

2m 2
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The generating function is

1
F =S|, =S=—p’t’+/(2pm am(q')’)* dq’

The Hamiltonian’s equations in the new coordinates are

2

" o__ ,_[7_ l 2

=—1t'+ /= ——dq
/ -(q"?)?

_ _ fm . 1 q

=—t+ a sin (m)

— _ [Mm -1 q

=—t+ . sin (—\/W)

Since H” = 0, we have p” = E = constant and ¢” = ¢ = constant. If we

non-dimensionalize the equations by introducing w? = ~and 4 = 2E , We can
rewrite the equation for p” and ¢” as

p2

A2:_+q25
mo
[
L CA)
& wSll’l 1

We can solve the equations of motion in the original p and g coordinates by
rearranging equation for &

q = Asin(w(t + ¢)),
p =mwAcos (ot + ¢)).

These equations can be interpreted as follows:

1. For a given initial condition p(#y) and g (#), we have constant E (and equivalen-
tly A) which determines the constant energy level or the contour that the particle
is orbiting.

2. The constant & determines the initial ‘phase’ or angle between p and g for a given
initial conditions.
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3. The equations of motion describe the motion of an elliptical orbit of constant E,
which is consistent with the motion that this system is conservative. This system
is stable, but not asymptotically stable.

|
Example 3.11. Central force motion.

Consider the motion of the particle moving on a plane, subjected to a force of
magnitude ):—'2” directed towards a fixed point, O. Using polar coordinates, the

Lagrangian is

L:T—Uz%m(i2+r292)—(—m).

r

Here, the generalized coordinates are ¢ = [r, 0]7. The generalized momenta are:

oL oL
Pr=a T T

aL oL )
= = — = r@.
P2 =5 ~ a6

The Hamiltonian is computed as follows:

) ) 1 ) Am
H(q.p) = p1q1 + p2g> — (Em (r2 + r292) — (_T))
1 . A
=mit +mr?0% — —mi® — —mr20% — Am
2 2 p

and hence we obtain

pl = — T — T 5
dq1  mq;  qf
oH

h=—-—=0,

P g2

) 0oH  p

q1 =5 =—

ap1 m

. _0H _ p;

q2 S mqlz'
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The Hamilton—Jacobi equation is obtained from (3.302):
os | (35)2+ 1 (35)2 Am_ o
ot 2m \ dq 2mgq? \ 3¢, a

The solution of the Hamilton—Jacobi equation can be found by separating the
variables. Taking S is of the form S = f(¢) + g1(q1) + g2(¢2), we get

df 1 (dg 2+ 1 (dg\> im

dt  2m \dq, 2mq12 dq, a1
Since the LHS of the above equation is a function of ¢ only and the RHS is a
function of ¢; and ¢, only, therefore both sides must be equal to a constant. As a

result, both sides can be integrated separately, with the constant of integration being
equal. Thus, f = (—kt + constant) and RHS is

1
2 2712
2A
dq> dq q

Again, both sides must be equal to a constant, so we have

1
2

d 2Am? k2
g2 = (kagz + const), d;‘qu =0(q1), Qlq1) = [ - q—i + Zklm}
1 1

Hence, S has the form
S(q1,q2. k1, ko, t) = —kit + kago + / 0O(q1)dq; + constant.

Following the steps of transformation, we have

/

91 =q;, q2=¢q, and 1=t

aS
p= = Qliy=p}. ka=p} -
3611 k1=p{,kz=p£ 1=P1, K2=P)
1
2 Am? p’2 :
p1= -2 +2pim|
q1 q7
1 / p% Am (pé)z
plzplzﬁ—— > 5 = const,
qi mq;
aS
pz = a— = kZ = p;’
92 lky=p}. ko=p}

py = phy = p» = const.
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Using the fact that the transformed Hamiltonian H” is zero, which means that
g} = const and g5 = const, we have

q” = B—F = B—S = —f + mdql = const
Popp ok Q(q1) ’
” oF aS kqul

q, = @ = B_IQ = _/—qle(ql) = const.

The following observations can be made about the Hamilton’s equations in the
transformed coordinates (¢”, p”,t"):

1. We have p{ = H = constant, but since H = E, the total energy is conserved,
which is the case for this conservative Hamiltonian system.

2. We have also p] = p, = mr?0 = constant, which means that the angular
momentum of the system about the axis perpendicular to the plane is conserved.

3. Differentiating the equation for g{ with respect to time, we have the differential
equation below, which is a function of only one variable ¢; = r.

dgy _ Q(qn) (ql:r:ﬂ:@)_

dt m dt m

4. Differentiating the equation for ¢) with respect to g,, we have a differential
equation of g»(= 0) that explicitly depends on ¢; = r. Note that k, = p) =
constant.

dCIQ kz (d@ kz )

dgi ~ #0(q) \dr  r20(r)

We can see that by using canonical transformation systematically, this problem
can be solved analytically.

|

3.7 Normal Forms of Hamiltonian Systems

In this section a method to analyse the dynamics of Hamiltonian systems with a
periodically modulated Hamiltonian is presented [32,255]. The method is based on
a special parametric form of the canonical transformation

q9.p > QP, H(t.q.p) > H(1.Q.P)
q=x—1 P=x+ 10,
p=y+5¥% |Q=y-3¥

H(, Q. P) =V, (t,x,y) + H(t,Q.P)

(3.303)
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using Poincaré generating function W(¢,x,y). As a result, stability problem of a
periodic solution is reduced to finding a minimum of the Poincaré function.

The proposed method can be used to find normal forms of Hamiltonians.
It should be emphasized that we apply the modified concept of Zhuravlev [32,255]
to define an invariant normal form, which does not require any partition on either
autonomous—non-autonomous, or resonance—non-resonance cases, but it is treated
in the frame of one approach. In order to find the corresponding normal form asymp-
totics, a system of equations is derived analogues to Zhuravlev’s chain of equation.
Instead of the generator method and guiding Hamiltonian, a parameterized guiding
function is used. It enables a direct (without the transformation to an autonomous
system as in Zhuravlev’s method) computation of the chain of equations for non-
autonomous Hamiltonians. For autonomous systems, the methods of computation
of normal forms coincide in the firs and second approximations.

3.7.1 Parametric Form of Canonical Transformations

A general result of the Hamiltonian systems parameterization by canonical transfor-
mation is formulated in the frame of the following theorem [195-197].

Theorem 3.4. Let the transformation of variables q,p — Q,P be given in the
following parametric form

_ 1 _ 1
g=x—1¥ P=x+ 1y,

: . (3.304)
P=y+1¥% Q=y- 1V,

Then, for any arbitrary function V(t,X,y) the following property holds: Jaco-
bians of two transformations q = q(¢,X,y), p =p(,x,y) and Q = Q(t,x.y),
P = P(¢,x,y) are identity ones:

dg.p) _ 3Q.P)
ixy)  d(xy)

= J(t.x,y). (3.305)

In the space J > 0 relation (3.304) with respect to variables q,p — Q,P
transforms the Hamiltonian system H = H(t, q, p) by the following rule

W, (1,x,y) + H(t,q.p) = H(t,Q,P), (3.306)

where arguments q, p and Q, P in the Hamiltonians H and H are expressed via the
parameters X,y in formulas (3.304).

In the next step we investigate for which canonical transformations the parame-
terization exists.
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3.7.2 Integration of Hamiltonian Equations
Perturbated by Damping

Below, we consider dynamics of a unit material mass driven by a potential periodic

force —631;% embedded in the medium with damping —§¢ governed by the
equation
20F (1,
PR AGT VRS (3.307)
dq

where € and § are the small parameters.
Equation (3.307) is transformed to the following form

. oH . oH €p?
i="= prsp=—"n. H=ZL tcFaq. (3.308)
op aq 2
Note that (3.308) is not Hamiltonian, since damping force is not potential.
However, applying the following noncanonical transformation

q=4q. p=pexp(=81) (3.309)
the system assumes the following Hamiltonian form

. 0H . 0H -~ |:exp(—5t) p?
q=——= pP=———=, H=¢| ——
g 2

—, + exp(§t) F (1, q)} . (3.310)
ap

Our target is to analyse an asymptotic solution of Hamiltonian (3.310) on the
period 0 < ¢t < 2. We remain only the terms € and €8, in the Hamiltonian H, i.e.

H(t,x,y,€) = €H(t,x,y) + € Hy(t,x,y) + € Hy(t,x,y) +€S§Hy(t,x, y) +---

(3.311)

The system of Eq.(3.310) has the standard form and we apply the Poincaré
transformation with respect to the period in the following parametric form

Gn1 =x—3W, [Gy=x+3V,

1 Ry : (3.312)
pn—1:y+%q"x pn:y_%\px

where function W(z, x, y) is found solving a Jacobian type equation.

Points g,, p, lie on the trajectory g(¢), p(t), defined by the solution of
Hamiltonian (3.310) and they are called Poincaré points. A distance in time between
them is equal to period 27: g, = g(27wn), p, = p(2wn). In what follows recurrent
relations (3.308) may be obtained for periodic and Poincaré points. For this purpose
the function W is sought in the following form

U =€V, + W) + W3 4 e§Wy + -+, (3.313)
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Substituting series (3.313) into Jacobi equation, the following series coefficients
are found [196]

t
\Ill(t,x,y) = ledl,

fo
t

Wy(t,x,y) = [[Ha— 3{H\, V1}]d1,

fo
t

Ws(t,x,y) = [[Hs — 5({Ha, W1} + {H). W2})+

+ %(Hlqu"lyqjly - 2H1xy\1"1x\1"1y + Hlyy \plxqjlx)] dt,
t
Wu(t,x,y) = [ Hydt, etc.

fo

(3.314)
where { f, g} = f,8x — fxg, denotes the Poisson bracket.
The obtained formulas allow to carry out the full system analysis, which will be
illustrated by the following example.

Example 3.12. Investigate dynamics of a material point driven by the force
—€? cos t cos ¢ and damped by —84.

In this case for the coefficients of the series (3.311) one gets
2

2
H1=y7+costsinX, H, =0, H3;=0, H4=t(—y7+cosrsinx).

Substituting the above expressions to (3.314), one gets the following coefficients
for the time instant f = 27

U =eW; + 20, + W5 + 50y,

_ J’_2 _ _ l 2w _ 2.2
\111—2712, v, =0, W¥3;=2r7 80052x yosinx |, Wy=-—-m"y".

Removing from (3.312) parameters x and y and using (3.309) the following
recurrent relations are obtained for Poincaré points ¢,, p,, n = 0,1,2,... of
Eq. (3.308)

qn =qn—1 + 27t6pn—l + 0(63)7
1
Dn = Pn—1(1 —278) + Ze3 sin2¢g, + 0(64),

where € is the order of impulse p, = O(¢) (invariant curves are shown in Fig. 3.17).
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Fig. 3.17 Invariant curve with damping

For § = 0 we deal with a Hamiltonian system. It follows from Theorem 5 in [196]
that Poincaré points lie on closed invariant curve W(g,, p,) = const = 2we>C with
the accuracy of € in the form

2
2?212 + %cos 2q, = C. (%)

A family of invariant curves is shown in Fig. 3.18.

For § # 0 our system is non-Hamiltonian and Poincaré points with an increase
of n start to lie on curves defined by the preceding equation with a constant C = ¢,
depended on n. For ¢, one may obtain the recurrent relations in the following way.
Let a pair §,—1 = ¢u—1, Pn—1 = pu—1 and G, p, of Hamiltonian (3.310) lie on the
following invariant curve

‘-I-’(C]n—l, ﬁn—l) = ‘-I-’(C]n, ﬁn) = 27t63cn—1-

The next pair (¢, = ¢n, pn = Pn(1 —2768)) and (Gn+1 = ¢n+1, Pn+1) lie on the
invariant curve with modified constant 2€3¢,, of the form

U(Gy, pu(1 —278)) = 2me’cy,.

Consequently, taking into account two last formulas and applying the Lagrange
theorem one gets

=213 (¢ — Cui).
n

v
—27ép,
ap
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Fig. 3.18 Invariant curve without damping

Substituting the above function W the following recurrent solution is found

. (x%)

For n = 0 and having the initial values of go, po, one finds cg

P
co = — + — cos2qo,
2¢2 8 1
and then constants ¢, pi, ¢ are found from previous relations () and preceding
one.
It follows from () that constant ¢, decreases monotonously and tends to
minimum of the function.

o1
flx,y) = 2 + gcos2x.

Minimum x = 7 + wny = 0 corresponds to stable periodic solution of (3.307).
Poincaré points approach a stable point in a spiral way. Therefore, the found
minimum is stable focus (see Fig.3.17).

Note that a similar equation is studied in monographs [96, 182]. However, three
approximations of averaging KBM method [51] are required in order to get the same
result.



130 3 Second-Order ODEs
3.8 Geometrical Approach to the Swinging Pendulum

Riemannian formulation of dynamics makes use of possibility of studying the
instability of system motions through the instability properties of geodesics in a
suitable manifold. It is believed that geometrical approach may provide a good
explanation of the onset of chaos in Hamiltonian systems as an alternative point
of view. This technique has been recently applied to study chaos in Hamiltonian
systems [56-58, 61], however other mechanical systems can be also analysed in
this manner, e.g. systems with velocity-dependent potentials that are described by
Finslerian geometry. The most important tool in this approach is the Jacobi-Levi—
Civita (JLC) equation which describes how nearby geodesics locally scatter. The
instability properties are completely determined by curvature properties of the und-
erlying manifold due to the occurrence of the Riemann tensor in the JLC equation.
Analysing the JLC equation we observe that manifolds with negative curvature
induce chaos, however a chaotic behaviour may occur in systems with positive
curvature manifolds due to curvature fluctuations along geodesics [56,57,179, 198].
Since a generic Riemannian space consists of the ambient space and a metric tensor,
so in order to apply this technique we need to define these quantities. We have a
few choices at our disposal. We can use configuration space endowed with a Jacobi
metric, enlarged space—time manifold with an Eisenhart metric or tangent bundle
of a configuration manifold with a Sasaki metric. However, no matter the ambient
space we choose for geometrization, the geodesics projected onto the configuration
space of a system have to correspond the trajectories of an investigated system.
In other words, the geodesics equations should give us the equations of motion.
It should be emphasized that this technique does not provide a new method of
solving differential equations. It provides a qualitative description of the behaviour
of systems using formalism of differential geometry (Riemannian geometry in this
case). This method is still under development and other types of spaces are sought
for a purpose of geometrization. So far, Hamiltonian systems with many degrees-of-
freedom have been investigated with the use of this approach [56-58,198]. However,
Hamiltonian systems with a few degrees-of-freedom are not investigated so often
as the previous ones in this manner except in paper [61] that deals with a two
degrees-of-freedom system (Hénon—Heiles model). Note that Hénon—Heiles model
dynamics is described by a Hamiltonian with a coordinate-independent kinetic
energy term. Here, we analyse a two degrees-of-freedom system (the swinging
pendulum) of the coordinate-dependent kinetic energy term.

In what follows we introduce basic tools for geometrization. Let us consider a
conservative system with n degrees-of-freedom, which is described by the following
Lagrangian:

L=T-V =ta, @i - V(x), (3.315)

no= dxt

where x* = ol
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For this conservative system Hamilton’s principle can be cast in Maupertuis’
principle:

L
8.7 = 8/ af)'c"dt =0. (3.316)
OXH

It is well known that equations of motion can be obtained using the rules
of variational calculus for the functional .. We have the analogous situation in
Riemannian geometry, where geodesics equations are obtained from:

é’/ds =0, (3.317)

where ds is arc length. Hence, we can identify these two situations in the following
way:

S/ds =467 =0. (3.318)
The kinetic energy 7" is a homogeneous function of degree two in the velocities,

hence:

L
a%u*” —oT, (3.319)

Using the above result and substituting it to (3.316), we get Maupertuis’
principle:

5.7 =6 / 2Tdt =0 (3.320)

Making use of (3.318) and the fact that the system is conservative, one can easily
verify that:

2Tdt = \/Z(E — V() (x)dxidx® = \/gw(x)dxl‘dx” —ds, (3.321)

where E is the total energy. Hence, we find the metric tensor which is referred as
the Jacobi metric:

& (x) = 2(E = V(x))au(x). (3.322)

Note that the substitution £ — V' = T made here is essential. As we said earlier,
the geometry used in this approach is a Riemannian one hence a metric tensor should
not be velocity-dependent. However, the kinetic energy is velocity- dependent by
definition and that is why we must put £ — V() instead of T in (3.322).



132 3 Second-Order ODEs

Now, we present a brief derivation of the main tool of this approach, namely
the JLC equation [56-58, 61]. Let us define a congruence of geodesics as a family
of geodesics {x,(s) = x(s,u) : u € Z}. The geodesics are parameterized by a
parameter u whereas s is arc length. Let J(s) = % denote a tangent vector at u (s is
fixed). J(s) is called a Jacobi Vector that can locally measure the distance between
two nearby geodesics. Since < is tangent to a geodesic, we get:

as
d
V,— =0, 3.323
T ( )
where V; = Vd
It is easy to Verlfy that
d d
Vi— =V,—. 3.324
“du ds ( )
Hence, we obtain
d d
Vi =V,V,—. 3.325
ST sV ( )

Let us introduce the Riemann curvature tensor [39]:

d d\d d d d
R ) = ViV =V, = = Vi 4. 32
(ds’du) ds “ds Yas il ds (3320

Making use of (3.323) and the fact that [%, %] = 0 we get:

d d\d d

Substituting the obtained result to (3.325), we find:

d d d\ d
vl ik (ﬂ, %) = (3.328)

where we use the antisymmetry of the Riemann curvature tensor with respect to its
first two arguments. The obtained equation is called JLC equation and it describes
the evolution of geodesics separation along geodesic. In order to make any further
calculation Eq. (3.328) will be expressed in local coordinate system later on.
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3.8.1 The Analysed System and Geometrization

We study again, the two degrees-of-freedom, conservative mechanical system which
consists of elastic swinging pendulum with nonlinear stiffness (see Fig. 3.19) [35].
The nonlinearity of the spring has the form:

k(y) = kl(y + ysl) + kZ(y + ysl)Sv (3329)

where yy is a position of the mass at rest. The Lagrangian describing the dynamics
of our system has the form:

1 k k
& = Em(# + 2% — ?l(r — o) — f(r —lo)* + mgr cos ¢. (3.330)

From Euler—Lagrange equations one can easily obtain:

k k
F=rg? = —(r—l) — —(r =)’ + g cos .

; 2., g
¢ = — -7 — =sing. (3.331D)
r r

In order to obtain dimensionless equations we apply the following substitutions:

—1 s ko3 kil
c= 0 =2 W= e aCl L [ oy
I mg mg !

Fig. 3.19 The investigated
system
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Hence, we get

= (1+2)¢>— B (z+20) —az + 20)° + cos g,

2 .. 1
0 —
1+z(p 14z

== sing, (3.333)

where the corresponding dimensionless Lagrangian reads
~ o
L =74+ 1+2%" P +2) - E(Z +20)* +2(1 + 2) cos . (3.334)

As the Riemannian space manifold we choose a configuration manifold endowed
with a Jacobi metric g. In our case the Jacobi metric has the following form:

g=4E-7) (o R f 2 ) (3.335)

where 7 is dimensionless potential:
2 2 ¢ 4
YV =B (z+z20) + 5(Z+Zo) —2(1 +z)cos @, (3.336)
and & is total energy of the system. In order to find JLC equation, first we have to

find coefficients of the Riemann curvature tensor. It is easy to verify that connection
coefficients have the following form:

T L 1L
Ty 2 20 g’
1 v 1 v
rl = 2(1 v —(1 2 M =——
2= 2%(( ta¥ =+ ) T2 (1 +2)° 0g
1 v 1 v
r,=——— (20 — (1422 rz—_-°%%
12 27/(1+Z)2(( +2% —(1+2) 81)’ 27 350 b

where # = & — /. Since the Riemannian space manifold is two-dimensional,
there is only one nonzero coefficient of the Riemann curvature tensor. It has the
following form:

Pv 2 [V P>y (1+2)? 2
Roypl =2—+— [ — 2(1+42)? 2(14z)—+2 )
2121 8(/)2+7/(8q0)+(+) +(+) + 7 (az)

(3.337)
Let us choose special base vectors { £, E,}, such that £ = % and g(Ey, E,) =
0, g(Ez, Ez) = 1.
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In other words the base is formed by the orthonormal set of vectors. In local
coordinate system these base vectors have the form (Einstein’s summation conver-
sion is used in this section)

E =Y/ej, (3.338)
wherei = 1,2 and
Y, le) 4 g ) )
= s sola=2 =21, (3.339)
(Y21 Y2 (1 +z)%e _Ldz 71— %

The Jacobi vector in this base reads J = J" E, (J" should not be confused with
n-power of J). Substituting this into the JLC Eq. (3.328) we get

Vi(J"E,) + R(J"E,, E))E; = 0. (3.340)
Since E| is tangent to the geodesics, one gets

d2Jn .
~3En+ J'R(E1. ENEy = 0. (3.341)

Since R(E,, E1)E] is a vector, so it can be decomposed in the orthonormal base
as follows

2
R(Ei,ENE\ =) ¢(R(E;, E\)E\, E,)E,. (3.342)

n=1

We put sum explicitly here because i indices are on the same level so we cannot
apply Einstein’s summation convention. Substituting (3.342) to (3.341) one gets

2 n

ds?

+ J'g(R(E;. E\)E\, E,) = 0, (3.343)

wheren = 1, 2.
Due to the antisymmetry of the Riemann tensor the following equation is
obtained

2 rn

ds?

+ J?g(R(E>. E\)E|, E,) = 0. (3.344)

Making use of (3.338) one finds

g(R(Ey, E\)Ey, E,) = Ruy VY YiY. (3.345)
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Taking into account (3.339) two uncoupled equations JLC equations are
obtained:

d*J!
27 o,
ds?
d*J* Ry
e o (3.346)

Actually, we are only interested in the evolution of J2 along geodesics because
this component of Jacobi vector is a coefficient standing by the vector that is
orthogonal to the tangent direction of geodesics. Hence, from now on we consider
only the following equation

d*J?*  Ran 2
ds? detg

=0. (3.347)

Due to the dimension of the Riemannian space manifold we find

R
2121 lR, (3.348)
detg 2

where R is a scalar curvature. In our case, the scalar curvature R takes the form

2Ry 1 Pvo 1 (97 L2V oy
detg 8#2(1 + z)2 (3(/)2 + 7 \ag + (142 pE + (1472 %

1 (7))
W(a_z) . (3.349)

Let us go back to the JLC equation

d*Jj* 1
T+ EJ2R(s) =0. (3.350)

The above equation is a differential equation with respect to the arc length s.
In order to make further calculation we have to transform this equation into a
differential equation with respect to time ¢. The metric used in this section is the
Jacobi metric, so we have

ds =2Wdt. (3.351)

Making use of the above identity we get the desired differential equation with
respect to time

d2J*  # dJ?
—r T 2W*RJ? = 0. (3.352)
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To obtain an oscillator equation we apply the substitution [33-35]:
1 (7
J? = Jexp (5 / %dt) =JVY. (3.353)

The quantity % is never negative since its values equal the kinetic energy by
definition, so v/ # always exists. Hence we find the oscillator equation

. .\ 2
. 1 /4 3 (W
—J|= +4ar’R-Z = =0. 354
J+3J 7///+W 2(%) 0 (3.354)

Observe that /% < & so we can examine only J instead of J2. Eq.(3.354) is
an oscillator equation with time-dependent frequency

o 2\ 2
(7 3 (W
Q=_|_—+4R- (| | :
S|+ 2(%) (3.355)

Thus, the analysis of behaviour of the system is transformed to the analysis of
solutions of the following equation

J+QJ=0. (3.356)

As we mentioned earlier, the above equation is an oscillator equation with time-
dependent frequency 2. Note that the frequency is not explicitly time-dependent.
However, it consists of functions of positions and velocities of the spring mass that
are time-dependent. Hence, in order to solve (3.356) we must know the solutions
of dynamics equations (3.333). In what follows the JLC equation is numerically
solved, some numerical results are illustrated and discussed.

In order to solve numerically Eq.(3.356) we put the following values of the
parameters: (¢« = 2,8 = 1), (¢ = 0.1, = 0.2) and (¢ = 1,8 = 2). The
results are displayed in four figures for each case (except the last case, where six
figures are presented). The first figure shows the projection of the phase trajectories
onto (z, z) subspace. The second one presents a corresponding Poincaré section or
another projection onto (¢, ¢) subspace. Next figures present the evolution of J,
In|J|.

Our first case is a quasiperiodic one (see Fig. 3.20). It is easy to see that J evolves
rapidly and fluctuates along the trajectory. The rate of the growth is presented in next
figure, where In |J| is put on the vertical axis. The second case is a weak-chaotic
one (see Fig.3.21). Observe that behaviour of J is similar to the previous one (see
Fig.3.20), i.e. J evolves rapidly as well. Hence, it is rather hard to distinguish
between these two cases. In the last case we have a qualitatively different situation
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Fig. 3.20 Quasiperiodic case: « = 2, # = 1, z(0) = 0.2, z2(0) = 0.4, ¢(0) = 1.7, ¢(0) = 0.8.
(a) Projection (z, z). (b) Poincaré map (z, z). (¢) Evolution of J. (d) Evolution of In | J |

(see Fig.3.22). One can observe that the evolution of J is bounded and resembles
the vibrations with amplitude modulation. Such evolution of J should indicates that
a behaviour of the system is regular.

However, we can observe (see Fig.3.22a—d) in phase portraits and Poincaré
sections that we have rather quasiperiodic behaviour than periodic one. In order
to explain this fact we must take a look at the (z,z) and (¢, ¢) Poincaré sections
and phase portraits. One can observe that the phase trajectories do not penetrate the
whole energy surface. The phase trajectories are bounded to a small region (see the
scale in Fig. 3.22a—d). Hence, there cannot be any rapid growth of J (see Fig. 3.22e).

3.9 Geometric Analysis of a Double Pendulum Dynamics

The classical approach to analysis of Hamiltonian systems has been widely applied,
providing a classical explanation of the onset of chaos in these systems. In addition
to the classical techniques for analysing Hamiltonian systems, the geometric
approach plays an important role. The geometric approach is based on the relation
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Fig. 3.21 Weak-chaotic case: « = 1, 8 = 2, z(0) = 0.2, z(0) = 2.4, ¢(0) = 0.7, (0) = 0.4.
(a) Projection (z, z). (b) Poincaré map (z, z). (¢) Evolution of J. (d) Evolution of In | J |

between Riemannian geometry and Hamiltonian dynamics, but is distinct from the
incorporated footnote geometric formulation of Hamiltonian mechanics in terms
of symplectic geometry. This technique has into text been successfully applied
[42, 57,60, 61], especially to systems with many degrees of freedom. It has also
been widely applied in general relativity [226,227] and to low dynamical systems
with a nondiagonal metric tensor [35]. It is believed that the geometric approach can
provide an alternative to slight revision for the classical explanation for the onset
of chaos in Hamiltonian systems, which involves the homoclinic ease of reading
intersections [155].

As it has been already mentioned in the geometric approach to Hamiltonian
dynamics, the analysis of dynamical trajectories and behaviour of a system is cast
into the analysis of a geodesic flow in a corresponding Riemannian space. The
main tool of this approach is the so-called JLC equation [42, 55]. In general, the
JLC equation is a system of second-order differential equations with respect to a
geodesic length, and it describes the evolution of a tangent vector (so-called Jacobi
vector) along the geodesic. Although there are many dynamical systems that can be
described in this manner, there are some that cannot, namely systems with velocity-
dependent potentials. However, this kind of dynamical system can be analysed by
means of the Finslerian geometry [42]. Here, we study conservative Hamiltonian
systems, which can be geometrized within the Riemannian geometry approach [33].
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Fig. 3.22 Regular system case: « = 0.1, = 0.2,z(0) = 0, 2(0) = 0.1, ¢(0) = 0, ¢(0) = 0.03.
(a) Projection (z,z). (b) Poincaré map (z,z). (c) Projection (¢, ¢). (d) Poincaré map (¢, ¢). (e)
Evolution of J. (f) Evolution of In|J |

The point is that motion of a Hamiltonian system can be viewed as the motion of
a single virtual particle along a geodesic in a suitable Riemannian space 2. From
the above condition one can obtain the geodesics equation, which has the following
form in local coordinates [55]
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dzqi ;
ds? % ds ds

J ok
g’ da” _ (3.357)

The Riemannian space is endowed with a metric tensor, which is obtained from
the dynamics of the analysed system. Since we choose a configuration space of an
analysed system for a Riemannian manifold, the metric tensor is the Jacobi metric
g, which is connected to the dynamics by the following relationship [57]

g =2Wa;;(q), W=E-V, (3.358)

where E is a total energy and V' is potential energy. The matrix ‘a’ is a kinetic
energy matrix (we use the brought footnote into Einstein summation convention):

1.. .
L = Eq"aijq/ Z (3.359)
This relationship follows from the Maupertuis principle, which gives

ds =2Wdt. (3.360)

The main tool of the geometric approach, namely the JLC equation in a local
coordinate system, has the following form [55,57]

§2Jn +JZMMRH

2k ARy =0,n=12.....dm2, (3.361)

where ¢/ satisfy the geodesics equation (3.357), J" are components of the Jacobi
vector, RZ;‘ ; are components of the Riemann curvature tensor, and

s§J"  dJ" dq'
= — + I J"— 3.362
8s ds K g ( )

are so-called absolute derivatives. The above equation has a similar form to the
tangent dynamics equation, which is used to evaluate Lapunov’s exponents. In fact,
Eq. (3.361) takes exactly the same form in the case of the Eisenhart metric [56].
This means that there is a connection between the JLC equation and the tangent
dynamics equation. Moreover, it is possible to find Lapunov’s exponents using the
Riemannian geometry approach. This has been done only for systems with many
degrees of freedom and diagonal metric tensor [57].

Because we are interested in systems of only two degrees of freedom, the
Riemannian space 2 is two dimensional. This implies that we have only one
nonzero component R,;;; of the Riemann curvature tensor [55, 179]. In this case,
the JLC equation (3.361) takes the form

d*V Ry
— 4+ ——V¥ =0, 3.363
ds? + detg ( )
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where W is a normal component of the Jacobi vector relative to the geodesic.
The tangent component of the Jacobi vector evolves only linearly in a geodesic
length, so it does not contribute to the character of the solution [42]. Next, making
use of the fact that

2R
@ = 22 (3.364)
detq

we obtain a single differential equation which carries information about the system
behaviour

av 1

2 + 2%‘1—’ =0, (3.365)
where Z is the scalar curvature which, in general, is not periodic in . At this point,
we can see where a possible explanation of the onset of chaos in Hamiltonian system
lies. The component W of the Jacobi vector represents a distance between two
nearby geodesics, which in turn represent trajectories of the analysed system. The
solutions of Eq. (3.365) can exhibit exponential growth due to parametric excitations
in the scalar curvature. Hence, this formulation and description of Hamiltonian
dynamics gives us a qualitatively different explanation of the onset of chaos as a
parametric instability of geodesics [61].

In order to solve Eq. (3.365), we need to transform it into a differential equation

with respect to the real time, ¢. Taking into account Eq. (3.359) we find

. W,
v — W\II +2ZW?W = 0. (3.366)

The above equation can be easily transformed into another form by means of the
following substitution [61]

v=JJW, (3.367)
which gives
J+Q()J =0, (3.368)
where
(w1 (W)
Q) = slw 3 (W) +4ZW? | . (3.369)

It should be emphasized here that € is not, in general, periodic in t-time.
Although € is written as a function of 7, it does not depend on t explicitly. In fact,
it depends on a particular trajectory of the system.
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3.9.1 The Pendulum and Geometrization

In this section we analyse a mechanical system with constraints, namely a double
physical pendulum. The dynamics of the pendulum are described by the following
Lagrangian L

1 . 1 . .
L= E(mlclz+']l +m2112)¢12+§(m205+ D)3 +macal 9192 cos(@1—2) =V (91, ¢2),
(3.370)

where

Vg1, ¢2) = g(maly + macy +mycy) — g(micy + maly) cos ¢y —mages cos g,
(3.371)
m; and m, are masses, J; and J, are moments of inertia, and ¢; and c, are
the positions of centers of masses of the first and second link, respectively (see
Fig.3.23). In order to cast the above Lagrangian into a non-dimensional form, we
introduce the following scaling

;= | mge +magl f = Jo + myc?
a Jl—i—mlclz—}—mzllz’ a J1+m1c12+m2112’

l
MaCa p=_—2 (3.372)
micy + mal,

K

- Ji —}—mlclz +m2112’

Fig. 3.23 Double physical
pendulum
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Fig. 3.24 Poincaré section for & = 1.1

Hence, the Lagrangian takes the non-dimensional form

L, . ..
L =§¢12 + gf/% + k@i1¢acosp —1 — p + cosep + (L cos e,

1. . ;
=—(gi1p)a (<p1) —1—p +cosg; + pLcos g,
2 (%)
d=¢1—¢ (3.373)

where

_ I «cos¢
a= (K cos¢ B ) . (3.374)

The dot over ¢ denotes t derivative. Using the Euler—Lagrange equations we
obtain the equations of motion

. —ksing(kcos ¢¢7 + Bp3) — B singy + ki sin g, cos ¢
o= B —Kk2cos? ¢ ’

. ksing(kcospg? + ¢F) — wsings + k sin @) cos @
$2 = 2 cos? :
B —«k?cos’ ¢

(3.375)

Let us consider the Jacobi metric g of the physical pendulum

1 «kcos¢

=2Wa=2W
s “ (Kcos¢ B

) W =&—1—pu+cosg + [LCosp,.
(3.376)
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Next, we find the connection coefficients 1";. K

1

ry, = % deta a(2/c2 sin @) cos? ¢ + # k*sin(2¢) — juk sin ¢, cos g — B sin¢y),
1
r;, = m@,u/cz sin @y cos® ¢ — # k> sin(2p) — Bk sin @) cos ¢ — P sin @3),
e
1
I‘lz1 = % deta ta('u sin @, — k sin @ cos ¢ — 2%/ k sin ¢),
e
F212 = %(ﬂ Sin @) — (K sin @, cos ¢ + 2%k sin @),
1 . .
T}, = 7 deta deta(MK sing, cos¢ — fsingy),
r, = P i i 3.377
12 —W(Ksmwl cos ¢ — pusingy). (3.377)

In a two-dimensional space there is only one nonzero component of the Riemann
curvature tensor, namely,

Ro101 = pcosy + 2# k cos¢ + B cos¢;

sin @) deta

1 . . 5
+ — (k sin @ cos ¢ — [ SIn +
W( in @) cos ¢ — wsin ;) %

_KdSIFf (B sin @1 cos ¢ — i sin g, cosp — B sin @, + B sin @)
e
_27//(3 sin2¢>cos¢' (3378)
deta
Making use of Eq. (3.364) we find the scalar curvature:
_ kcos¢ k3sinpcosdp  pLcospr + Bcose
~ W deta W det’ a 292 deta
N K sin ¢ (Bi sin @ cos ¢ — puk sin @, cos ¢ — Busin g, + B sin )
202 det® a
. 2 . . 2
sin“¢@;  (ksin¢; cos¢ — wsin @;)
. 3.379
+ 203 + 2%3 deta ( )

Finally, inserting the obtained scalar curvature into Eq. (3.368) we get the JLC
equation for the physical pendulum.
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3.9.2 Numerical Simulations

The equations of motion have been numerically solved by means of the symplectic
algorithm of Stromer—Verlet [110] and the obtained JLC equation (3.368) by
the Dormand—Prince 5(4) algorithm with algorithm with variable time-step and
the energy correction. Numerical simulation parameters were given the following
values: § = 0.6, k = 0.4, © = 0.66667. The simulation was performed for
the total energy & = 1.1. Below, we present the Poincaré section (Fig.3.24), in
which one can observe chaotic regions as well as islands of regular behaviour. Thus,
we can analyse the system’s behaviour on the same energy level. The numerical
results include three cases, namely two of them (Figs. 3.25 and 3.26) from regions
of regular behaviour and the last (Fig. 3.27) one from the chaotic region. The initial
conditions of the regular behaviour cases have been taken from the interior of the
regular islands, so that trajectories stay in regular regions regardless of numerical
eITOrS.

The presented figures include two projections of the phase trajectories (only in
the case of regular behaviour), the corresponding Poincaré section of a particular
trajectory, and the graph, which presents the evolution rate of a solution of the JLC
equation. One can easily observe that in the case of regular trajectories (Figs. 3.25
and 3.26) the evolution of the Jacobi vector along the geodesic is bounded. However,
in Fig.3.27 we can observe the unbounded evolution of the Jacobi vector, which
means that two nearby geodesics originating from the neighbourhood of the initial
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Fig. 3.25 Initial conditions: ¢, = —1.63, ¢, = 0.63



3.9 Geometric Analysis of a Double Pendulum Dynamics 147

(]

< - Jmow

2 -1 0 1 2 o 50000 100000 150000 200000 250000
(%] T

Fig. 3.26 Initial conditions: ¢, = 0, ¢, = 1.46

condition move away from each other and hence the distance between them grows
exponentially. This is caused by the parametric resonance occurring in the JLC
equation (3.365).

The obtained results can be briefly summarized as follows. We have applied the
Riemannian approach to a low dimensional system with constraints and have shown
that the geometric approach gives results that are in qualitative agreement with those
obtained from the classical approach. The existence of constraints is manifest in the
metric tensor, which has a nondiagonal form in this case. Although the obtained
results show that there is an agreement between classical and geometric approaches,
a more thorough analysis is needed. The aim of this approach is to make use of
the Riemannian geometry tools to gain information about a system’s behaviour
without referring to the geodesic evolution. The geometric approach has already
been applied to systems that have no constraints and many degrees of freedom
[42,57]. However, systems with approach few degrees of freedom and constraints
are more difficult to analyse in this manner.

Lyapunov exponents vs. geometric instability exponents of a double physical
pendulum has been further studied in [34]. Within the Riemannian geometry for-
mulation, the geometrical instability exponents are defined as geometric Lyapunov
exponents, since the tangent dynamics equation has the same form as the JLC
equation in the Eisenhart metric.
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Fig. 3.27 Initial conditions: ¢, = —1.93, ¢, = —0.23

3.10 A Set of Linear Second-Order ODEs
with Constant Coefficients

Consider the systems governed by the following set of second-order differential
equations

Aj+ BG+Cq = f(), (3.380)

where the matrices A, B and C do not depend on time ¢ and they are arbitrary
square matrices of nth order with real coefficients. Here our considerations will
follow reference [72] (see references therein and [97]). According to the authors
sometimes a direct application of the second-order form (3.380) may lead to
essential reduction of a computational time preserving a clear physical insight.
In other words, sometimes a reduction to the first-order differential equations is not
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required and may cause more problems in analysis and understanding a particular
with respect to application oriented researches and engineers. The classical modal
analysis, which has long tradition in mechanics, can be directly applied to a lumped
dynamical system (3.380) instead of using the state-space Hamiltonian approach.
Although the Hamiltonian approach possesses its beauty and attracts theoretically
oriented researchers, engineers rely on traditional terms like Lagrangian coordinates
(here q), generalized excitation (here f(¢)), modes and natural frequencies. Since
we consider here non-conservative linear systems (note the occurrence of matrix B),
hence also two other important questions appear (see also [87,126]).

(1) When does a linear non-conservative system possess classical normal modes?

(il) What are free frequencies of non-conservative systems? Note that model ana-
lysis of a symmetric and positive definite system is a process of diagonalizing
two matrices at the same time. Then if the system (3.380) is decoupled, it may
be treated as n independent single-degree-of-freedom systems.

These two questions will be explained further. Traditionally, here are three modal
analysis approaches devoted to system (3.380):

(iii) Simultaneous reduction of A, B and C to symmetric matrices by a common
similarity transformation;
(iv) Simultaneous reduction of the coefficient matrices to diagonal forms;
(v) Simultaneous reduction of matrices A, B and C to upper triangular matrices
by a common similarity transformation [72].

However, the restrictions required for application of the mentioned approaches
show that only a small subclass of linear non-conservative systems may be analysed.

Following reference [72], instead of A, B and C we take matrices M, D and
K. The matrix M is called mass inertial matrix and is positive definite, whereas D
(damping matrix) and K (stiffness matrix) are positive semidefinite.

3.10.1 Conservative Systems

We consider the system
AG+Cq = f(1), (3.381)

which is obtained from (3.380) for B = 0. In a mechanical language Eq. (3.381) go-
vern dynamics of an undamped non-gyroscopic conservative and non-autonomous
system. The system (3.381) can be decoupled if and only if there are two non-
singular matrices U and V' such that VAU and VCU are diagonal.

Recall that two square matrices P and Q are said to be equivalently transformed
if P = VQU. The equivalent transformation preserves the rank of the matrices.
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If V. = U~! then we have a similarity transformation. If V = U7 then we have
a congruence transformation. Note that the classical model analysis is based on the
congruence transformation.

If U is an orthogonal matrix then a congruence transformation is also a similarity
transformation, i.e. U™ = UT.

Consider an autonomous case (f = 0) and assume a solution in the form of
a column vector

q = ue. (3.382)

Substituting (3.382) to (3.381) we get

o?Au+Cu=0 (3.383)
and hence
Cu = Au, (3.384)
where A = —a?. The adjoint eigenvalue problem has the form
C"v=24"v, (3.385)

and (3.384) and (3.385) have the same determinant and hence they have the same
eigenvalues. If one assumes that A is non-singular there exists a full set (n) of
eigenvalues. An eigenvalue problem is said to be defective if it does not have a full
set of independent eigenvalues. A sufficient (but not necessary) condition under
which (3.385) is not defective is that the eigenvalues are distinct. On the other
hand, (3.384) is not defective if and only if (3.385) is not defective. Every A;
possesses the corresponding eigenvectors u; and v;:

CM,' = /\,-Au,-, (3386)
CTv; = 2;4Tv;. (3.387)
Each column vector u;(v;) is undetermined to the extent of an arbitrary mul-
tiplicative constant. Recall that (AB)” = BT AT, and hence (Cij)T = vaC.
Applying transpose to (3.387) we obtain
v]C =] A. (3.388)
Multiplying both sides of (3.388) right-handly by u; we get

v Cu; = Ajv] Au;. (3.389)



3.10 A Set of Linear Second-Order ODEs with Constant Coefficients 151
Multiplying both sides of (3.386) left-handly by vjr we get
vi Cup = Aiv] Au;. (3.390)
Comparing (3.389) and (3.390) we obtain
(Ai — Aj)v] Au; = 0. (3.391)

Now, assuming A; # A; the eigenvectors u; and v; are biorthogonal (because
va - (Au;) = 0) with respect to matrix A. For A; = A; a so-called multiple
eigenvalue problem appears. Let A; be a repeated eigenvalue of multiplicity m.
Then, there exist m independent eigenvectors u; and m independent vectors vy
associated with Ax. The uy eigenvectors are biorthogonal to other n—m eigenvectors,
but (in general) they are not biorthogonal to vi. However, both u; and vy may be
orthogonalized [72].

To sum up, a biorthogonality relation between u; and v; holds always. Note that
a positive definiteness of the mass matrix M ensures that a being considered system
is not inertially degenerate. A symmetry of M and K ensures that the system is not
defective.

Normalization of the eigenvectors u; and v; gives

vl Aup =85, i.j=1,2,....n. (3.392)
Observe that u; is adjoint to v; and both of them have an arbitrary multiplicative
constant.
Taking into account (3.389) and (3.392) we get
v Cup = A;8, i.j=12,....n. (3.393)

Define square matrices

U=luuy, ..., u, (3.394)
V =[v,va,...,0.]7, (3.395)
A = diag[A, Aa, ..., Al (3.396)
From (3.392) we get
VAU =1 (3.397)

and from (3.393) we obtain

VCU = A. (3.398)
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Letting ¢ = Up from (3.381) we get
AUp + CUp = f(1). (3.399)
Multiplying (3.399) left-handly by V' we get
VAUp + VCUp = Vf(2), (3.400)
or equivalently (see (3.397) and (3.398))
P+ Ap =V£Q@). (3.401)
To conclude, an undamped non-gyroscopic (not degenerated and not defectived)
system can always be decoupled by equivalence transformation. The equivalence
transformation is defined by (3.384) and (3.385). For a symmetric and definite
system Eq. (3.384) takes the form
Ku=AMu. (3.402)
Since K and M are symmetric and definite, and Egs. (3.384) and (3.385) are
identical, a solution of one of them can be taken. The modes and adjoint modes
are V = UT. Therefore, the decoupling eigenvalue transformation reduces to the
classical modal transformation if the matrices are symmetric and definite.
The homogeneous system of (3.401) has the following solutions
pi = Ajcos(wit —®;), i=1,2,...,n (3.403)
where: A;—amplitude, ®;—phase angle, p; is a component of the vector p and
Ai = w}?. Recalling ¢ = Up we obtain
q = Z upi = Z u; A; COS(a),'Z — CDI'), (3.404)
i=1 i=1

which means that a general response of an autonomous conservative system is
a superposition of n harmonic oscillations.
3.10.2 Non-conservative Systems

In general, when D # 0 the system

Mg+ Dg+ Kq = f(), (3.405)
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may be diagonalized if and only if M~'D and M 'K commute in multiplica-
tion, i.e.

DM™'K = KM~'D. (3.406)
The condition (3.406) is necessary and sufficient one for the modal transforma-
tion to decouple a damped symmetric and definite system. However, this condition
in practice is rarely satisfied.
Applying the equivalence transformation to Eq. (3.380) we use two matrices U
and V' to diagonalize A and C. Following steps from previous section we get
AUp+BUp+CUp = f(1) (3.407)
and next
VAUp +VBUp + VCUp = Vf(¢). (3.408)
Taking into account (3.397) and (3.398) we obtain
p+VBUp+ Ap =Vf(¢). (3.409)
It is clear that the system (3.409) is decoupled if and only if VBU is diagonal,

which in general is not true. On the other hand, one can approximate VBU by its
diagonal part when other non-diagonal elements are small enough.

Theorem 3.5. The linear non-conservative system (3.380) can be decoupled by
an equivalence transformation if and only if the matrices A~' B and A~'C commute
in multiplication

BA™'C = CA7'B. (3.410)

Proof. From (3.397) we get AU = V!, and hence A~! = UV.
From (3.410) we obtain

BUVC =CUVB. (3.411)
Premultiply Eq. (3.411) by V' and postmultiply by U to get
VBU VCU = VCU VBU. (3.412)
Taking into account (3.412) and (3.398) we obtain

SA = AS. (3.413)
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Note that (3.413) is satisfied when S is diagonal, i.e. VBU is diagonal. On the other
hand it follows from (3.413)

VBA™'CU = VCA™'BU, (3.414)

which shows that (3.410) is satisfied. O

Let us use an explicit expression of right- and left-hand sides of (3.413)

_S11 S12 -+ S1n Al 00... 0_ _Sllkl Slzkz sl,,k,,_
S21 8§22 ... Sop 0 /\2 0...0 52111 Szzlz Sz,,/\n
o B =] . . : (3.415)
LSnl Sn2 - -. Sun 0 00O0... An_ _S,,lll Snzlz Snn/\n_
_ll 00...0 S11 8512 - sln— _S“Al 51211 sln/\l—
0 Az 0...0 521 8§22 ... Sop Szlkz Szzkz Sznkz
S . = . ) : (3.416)
|0 00...4, Snl Sp2 « v Sun_ | Sn1An SuoAn ... SunAn

Comparing the corresponding elements of (3.415) and (3.416) we obtain
Ajsip =Aisiy, i,j=12,...,n. (3.417)

If A; # A, then s;; = 0 and hence S must be diagonal. If we have k distinct
eigenvalues, k < n, then S has a block diagonal form

S = diag[S1, Sa. . ... Skl. (3.418)

3.10.3 Modal Analysis and Identification

Recall the considerations given in previous sections and consider the mechanical
multibody system with the corresponding kinetic 7" and potential I energies defined
by the formulas

1 n
T=2 ) ansdsdr. (3.419)

rs=1

1 n
V = E Z Crsq‘vq“ (3420)

r.s=1
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where the coefficients a,; describe inertial properties, and c,; are stiffness
coefficients. We consider also the simplest case where the following symmetry
holds: a,s = ay,, ¢,y = cgr. According to the previous results (Sect. 3.10.1) one can
find the non-singular n x n matrix U that

qg="Up (3.421)

and the kinetic and potential energies will get the so-called canonical forms

& .
T =2 upi (3.422)
s=1
1 n
V=3 > vepl. (3.423)
s=1

Our conservative autonomous system (see Sect. 3.10.1) gets the form
HsDs +vsPs =0, s=1,2,...,n. (3.424)

Hence, in the case of our linear system the transformation (3.421) decouples
the system (3.381) and each of n Eq.(3.424) governs a separated form (mode) of
a harmonic oscillation with the frequency ws; = /y,/ s, s = 1,...,n.

Note that all components of the transformation (3.421) are real, and hence each
of the modes is characterized by a movement of all points of the system, i.e. all of
the points reach simultaneously the extremal configurations of the system as well as
the equilibrium positions. They are called normal oscillations.

In the case when damping as well as the gyroscopic and circulatory forces appear
[166,176], the following system of second-order differential equations governs the
dynamics of a lumped system with n-degrees-of-freedom (see (3.380))

Z (ars'q's + brsés + crsqs) =0, (3.425)

s=1

where b,y = by, and ¢, # cg. Although this system of equations can be
diagonalized using a certain complex matrix [62], but the described earlier normal
modes cannot be realized. In general, the modal analysis can be applied only to the
systems governed by a self-adjoint operator [136].

In the case of identification of the non-conservative system (3.405) we apply
the so-called vector of testing inputs f(z) = col{ fi(¢),..., fu(t)}. Since we have
three square matrices M = [m;x], D = [dix] and K = [k;x] with the orders
n x n , we would like to define 3n unknown elements of the matrices. During
identification process we use inputs fi(¢) to get outputs ¢;(¢), k,i = 1,2,...,n.
Knowing ¢;(¢), we can differentiate them to get ¢;(¢), and ¢;(¢) in the time
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instants ¢, [ = 1,2,...,3s, where s > n. Knowing accelerations, velocities and
displacements for a given time instants #; one obtains the following set of algebraic
non-homogenous linear set of equations

D i () + dirGe () + kieq (@) = fiw), i =1,2,....n,  (3.426)
k=1

which serves to find the unknown elements m;y, d;; and k;;. Since we measure
experimentally accelerations, velocities and displacements then some errors are
introduced denoted here by

gi(t) = Y (mudje () + diedic(n) + kieg () — fi(1). (3.427)
k=1

The function

35 n
Pk di. ki) =y & (tr) (3.428)

I=1i=1

may be used to find the elements m;, dir, kir. To achieve this we differen-

tiate (3.428) successively by m’}'fk, d J’."k and k;'.‘k and we obtain 3n? linear algebraic

equations with 3n> unknowns. Since we differentiate in time the experimentally
obtained processes, one can get even relatively high errors. To achieve high order
reliability of the obtained results, applications of other tools from mechanics are
highly recommended (integral characteristics, correlation functions, fast Fourier
transform and the amplitude—frequency characteristics). A classical approach uses
the Fourier transformation, and from (3.426) we obtain (we take ¢ instead of #;)

n

Y (—o’mp +iwd + ki) Qi) = Fj(io), (3.429)
k=1
where
17 :
Or(iw) = T / qr (e ' dt, (3.430)
Fi(io) = % / fie @tde, i= /—l. (3.431)

Observe that we have got algebraic equations with complex coefficients in
a frequency domain. We separate real and imaginary parts to obtain
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Y [Fo’muReQx(io) — wdjImQ (i) + kjxReQy(iw)] = ReF; (i),
k=1

> [Fe’mpdmOx(iw) + wdjxReQr (i) + kjImQx(iw)] = ImF; (iw),
k=1

j=12,...,n.
(3.432)
In order to obtain 3n% unknown elements in the frequency domain one needs
to have the input—output characteristics for at least 1.5n different values of the
excitation frequency w; (I >>1.5n). Introducing the matrix S and two vectors Y
and X one obtains the following set of algebraic equations

SY =X, (3.433)
where:

Yoo = Y(mjr. djr. ki),
Sonxain = SImQ @G w;),ReQ(iwy), wy), 3n = 21. (3.434)
Xo;m = X(ImF(iw;),ReF(iwy)).

Multiplying both sides of (3.433) by ST we get
STsy = sTx. (3.435)

It is clear that in order to get reliable results one needs to carry out properly
the measurement in a frequency domain. The measurement are ‘enough good’
if STS ~ I, where I is the identity matrix. It is achieved if all resonance
peaks are well represented. Note that number of peaks on the amplitude—frequency
characteristics corresponds to a number of degrees-of-freedom of the system.

The dynamical lumped system (3.426) can also be interpreted in the following
way. Apply an excitation only to the kth point and measure a reaction in point j.
Hence from (3.426) we obtain

an ap ...ai ... ai q1 0
azl dx ...dzj ... dy q> 0
= |, (3.436)
QAr1 Ag2 .. Akj ... Akp q; fk
| dnl Gn2 - Gnj - Ann | | Gn | _O_
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where:
ajx = mijZ + djks + Cjk- (3.437)
Therefore, from (3.436) one obtains

W GOy

, 3.438
J W W fk ( )

where: W = det[A], and W;; is obtained from W by cancelling the kth row and jth
column of W.
Applying the Fourier transform to (3.438) we obtain

Qjliw) = Hyj(iw) Fr(iw), (3.439)
and
Wi (i ,
Hy; (i) = % jk=12,...n (3.440)

is the frequency characteristic between kth input and jth output. The complex
matrix H(iw) is known in mechanics as the matrix of dynamical elasticity
(or receptances), and it can be separated into two parts

H(iw) =¢(w) +iy(vw). (3.441)
Taking into account (3.429) and (3.441) we get two algebraic equations:

Re: (—0’M + K)¢p(w) — oDy (0) = 1,
Im : (—0’M + K)¥(») + oD¢(w) = 0, (3.442)

and they yield

$(@) = — (@D) ' (—0’M + K) (),
V() = — {(—0’M + K)[(wD) ' (—o’M + K)] + oD} (3.443)

Real and imaginary parts of H (i w) are expressed by the matrices M, D, K and
the frequency w. If one uses a harmonic excitation (input) of the form

Sk (t) = asin(wt), (3.444)
then the jth output is defined by

Xj(t) = b(w)sin(wt — O(w)), (3.445)
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where:

b
G0yl = " g i 0) = (@), (3.446)

Hence, knowing input (3.444) and output (3.445), one can define h(w), a, w and
O(w), i.e. one can define the complex matrix Hy; (iw).
Let us apply now the state variables approach to the system (3.426) to get

Uy V1 0
oM Un |:—M 0:| Un 0
+ = (3.447)
IR
| 9n | | 9n | _fn_
or equivalently
Px + Rx = S(1), (3.448)
where:
v =q;, j=12,...,n (3.449)

It is clear that the measured electric signals y(¢#) are proportional to the
displacements and velocities of the considered system, and hence

For
y1(?) g1 &12 --- &n
¥2(2) 821 82 ... &
=0 Ul (ory = Gx). (3.450)
: : oo : q1
Ym (1) gml &m2 ** &mn :
L 4n |

Note that we measure outputs in 7 points and the matrix G is rectangular one.
Let

x(t) = A&(1), (3.451)
where

E=1{&.....6.} . (3.452)
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From (3.448) and (3.451) we obtain
PAE + RAE = S(1). (3.453)

From (3.448) and (3.450) we obtain

t
y(1) = Ge™ P R0 x4 /e"’“R("f’P‘lS(r)dr), (3.454)

fo

where
xo = x(ty). (3.455)

On the other hand taking into account the linear transformation (3.451) and the
differential equation (3.453) we obtain

t
)7(1‘) =G AE_A_IP_IRA(t_tO)E() 4 / e_A_IP_lRA(t_I)A_lP_IS(‘C)d‘L'

fo

(3.456)
Recall that from matrices theory one gets
f(AT'BA) = A7 f(B)A (3.457)
and hence
e—A*‘ PTYRA(1—19)
(3.458)

_ A—le—P_lR(t—to)A’

¢ t
/ AT PTIRAC) g poig ()T = / ATleTPTIRO=0 447 pIS (1)

to to

(3.459)
From (3.456), taking into account (3.458) and (3.459) we get

t
~ — —1 ,—P7IR(t—t0) -1 —P7'R(t—1) p—1
¥ (1) GAA e A+ G AA ]{e P 1S(v)dt

1
= G(e P 'R0 xy 4 [ e PTIRO=D polg(1)d ).
fo

(3.460)
Comparing (3.454) and (3.460) we observe that

y(t) = y(@), (3.461)
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which means that linear differential equations (3.448) and (3.453) govern the same
dynamical systems from a point of view of experiment (they are not distinguishable
experimentally).

We consider again the non-autonomous system governed by the set of differential
equations (3.426), where the excitation is composed of harmonic forces variously
distributed with regard to amplitudes and phases, i.e. we consider the following
mechanical system

M+ D+ Kq = Fe'®e', (3.462)

The matrices M, D and K are square, symmetric and positive definite of the
nth order (we, as earlier, consider damped oscillations of n degree-of-freedom
mechanical system), g is n-dimensional vector of displacements; v is excitation
frequency and Fe'® = [Fie'®, ..., F,e'®]" is the vector describing complex
amplitudes of excitations with different phases ®;, j = 1,...,n. Note that in
general, the monophase oscillations realized in the system (3.462) do not overlap
with the corresponding normal oscillations exhibited by conservative systems.
However, in some cases the monophase and normal oscillations are identical.
It means that we can use the system (3.462) to identify the normal oscillations.

Let

Fe'® = F© 4 jF® (3.463)
and assume that
. 1 . .
Gg=U+iV)e'", qg=—U+iV)e'", §=ivU+iV)e'". (3.464)
iv
Above we have used the notation
X=U+iV (3.465)
and
U=I[U,....U])", V=[W..DUWvl. (3.466)
and we have assumed that a velocity is measured experimentally and then it is
differentiated (to get ¢) and integrated (to get q).
Even if we realize the monophase excitations (©; = @, j = 1,...,n) are-
sponse of the system may be not monophase. The oscillations of the system (3.462)

will be monophased, when the vectors V' and U are collinear, i.e.

V =AU, (3.467)



162 3 Second-Order ODEs

and A is a real number. Substituting (3.463) and (3.464) into (3.462) and separating
the real imaginary parts one gets

(K — Mv>)U —vDV = —vF*, (3.468)

vDU + (K — Mv?)V = vF°. (3.469)

Recall that introducing the concept of receptance matrix H(iw) (see (3.441))
its real and imaginary parts are defined by (3.443). Now, taking into account the

collinearity requirement (3.467) from (3.468) and (3.469) we obtain the real and
imaginary parts of exciting forces

F¢ l[uD + (K — Mv?)A)U, (3.470)
v

F*$ %[w\D — (K — Mv))]U, (3.471)

needed to realize monophase oscillations using non-monophase excitations. Howe-
ver, we can even realize a monophase oscillations applying a monophase excitations.
In the later case we take F* = 0, and from (3.471) we obtain

[VAD — (K — Mv?)]U = 0. (3.472)
The characteristic equation
detvAD — (K — Mv?)] =0, (3.473)
yields A; and
Aj=tan®;, j=1,....n. (3.474)
Note that in this case to every A; corresponds ©;, i.e. one can realize n
different monophase excited oscillations. In addition, the roots of characteristic
equations (3.473) are real because M, D and K are symmetric and positive definite
(we assume that the roots A; are distinct). The U; corresponding to every A; may
be found from the homogeneous algebraic equation (3.472)
[AjvD — (K — Mv?)|U; = 0. (3.475)

Since from (3.475) one gets

- Uf (K -m);
7 wul'pu;

, (3.476)
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then from (3.465) we obtain
X; =(1+ix)U;, (3.477)

and hence

1X;] = \/1+23U;. (3.478)

The amplitude of the monophases excitation is defined by (3.470)
.1
Ff = ;[vD + (K — Mv)A;1U;. (3.479)

Note that an orthogonality condition of the vectors U; (j = 1,2,...,n) holds,
because we have assumed that the matrices M, D and K are symmetric. Also the
vectors corresponding to different A ; are mutually orthogonal and therefore we get

vA;U DU, = U] (K = Mv)Up =0,  for j #k, (3.480)

U'DU; = B;. UJ(K—=MU; =y; —u;v>, for j=k  (3481)

and B;, y;, u; are positive real numbers. Observe that all relations depend on the
excitation frequency v.

Now we briefly discuss the following important question: when the monophases
oscillations overlap with normal oscillations? There are two possibilities to solve
this problem.

(1) Phase resonance. The phase resonance is defined when V' = 0. In accordance
with (3.467) and for U # 0 we get A = 0. Hence, from (3.475) and (3.479) we
obtain

(K — Mv)U; =0, (3.482)

F¢ = DU;. (3.483)

Note than when we treat v as an unknown the obtained Eq. (3.480) is the same
as that in a case of conservative oscillations.

A solution to (3.482) yields v; = w;, j = 1,2,...,n, where w; are
eigenfrequencies of the associated conservative system.

It means that a phase resonance is realized when the excitation frequency
is equal to one of the eigenfrequencies. Equation (3.483) possesses also clear
physical interpretation. The external forces compensate the damping forces,
which may be of an arbitrary value.

(ii) Special case. Assume that the following relation holds

D =s M+ 5K. (3.484)

In words, damping matrix is a linear combination of both inertial and stiffness
matrices (s; and s, are scalars).
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From (3.475) and (3.479) by taking into account (3.484) we obtain
Ajv(siM +5:K) — (K — MvH)]U; =0, (3.485)

or equivalently

(K —Q3M)U; =0, (3.486)
where:
v(Ajs1 +v)
Q2= 7 3.487
J 1-— Ajl)SZ ( )

Similarly to the previous case, it is easy to observe that Eq.(3.487) has the
solution Q; = w;.
From (3.476) and (3.487) we get

Ul(K — Mv)U;
UU]-T(SlM + SZK)UJ'

A.j =tan®j =

UurQ? —v)Mu; w? —v?
= = / ) (3.488)
vUjT(sl + szﬂi)MUj v(s) + szwf)

In our next step we calculate the required forcing amplitude by substitu-
ting (3.483) into (3.479):

Fj

%[v(slM + 52K) + (K — MvH)A;1U;)

[(s1 —vA)) + @F (52 + %)]MUJ-. (3.489)

Note that in this case F jc can realized for any frequency v, when the
formula (3.489) is satisfied.

Finally we use non-monophase excitations in order to realize monophase oscilla-
tions (outputs) which overlap with the jth normal mode. First we take monophase
forces F¢ which realize the jth phase resonance. Second, we take the forces F*
shifted in phase 7. The forces F** are chosen in such a way that the normal modes
excited by F¢ remain unchanged. The first step corresponds to the satisfaction of

the following analytical requirements (see (3.482) and (3.483))
(K —Mv)U; =0,
F; = DUj,
V; =0. (3.490)
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In words, the inertial forces are balanced by elasticity forces, whereas damping
forces are balanced by external forces. Substituting into (3.468) and (3.469) V' = 0,
F* = Fj,and F° = F; we get (the second step)

(K —Mv)U = —vF7,
DU = Fj,
V =0. (3.491)
The following physical interpretation is associated with Eq. (3.491). The diffe-
rence between inertial and elasticity forces is balanced by the forces F ;, shifted
by 7 in comparison to F]" The damping forces are balanced by the forces F ;’.

The vector F ; depends on frequency v. The realized state of the system is called
a fictional phase resonance.



Chapter 4
Linear ODEs

4.1 Introduction

First we show that a single nth-order ordinary differential equation can be reduced
to a first-order system of differential equations.
Consider an nth-order linear differential equation with variable coefficients

Li(») = 9" + pact (0)y" D 4 -+ pi()) + po(t)y = f(2). 4.1)

The Cauchy problem (or initial value problem) requires the initial values of the
function y and their derivatives up to (n — 1)th-order to be known

y(to) = 5,
y(to) = 1,
4.2)
YO V(@) = vy
Introducing a change of variables
yie=y®, k=01,...n—-1, 4.3)

Equation (4.1) is transformed to the system of first-order differential equations

Yo = Y1,
Y1 =y, (4.4)
© Springer International Publishing Switzerland 2014 167
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Yn—2 = Yn—1,
Yn—1 = =Pu—1 () yn—1 — ==+ — po(O)yo + f(7),
and the initial conditions (4.2) have the form
yilto) = yi, k=0.1,....n—1. (4.5)

In the case of homogeneous differential equation L,(y) = O with constant
coefficients, it can be transformed to nth-order system with constant coefficients

Y = PY, (4.6)
where
y
y
Y = : ,
(n—1)
N (4.7)
0 1 0 0
0 0 1 0
P = : :
. . . 1
| —po —p1 —p2 T T Pn-l

The characteristic polynomial of the matrix P is

n—1

W(r) =det(rl — P)=7r"+Y pir', (4.8)
i=0

which is exactly the same as that corresponding to L, (y) = 0. The matrix approach
is widely used in engineering since there are many commercial programs and
subroutines to find eigenvalues of matrices. However, one should observe that this
approach is somehow more difficult, because it requires a knowledge of eigenvectors
corresponding to each of the eigenvalues of the matrix P. A problem of eigenvectors
do not appears in the case of a characteristic polynomial.

4.2 Normal and Symmetric Forms

System of ODEs:

dyi
d_.);:F‘i(tvylv“"yﬂ)’ izl""’n (49)
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is said to be the normal form system. In other words it is solved with respect to
derivatives of unknown functions y; = y; (¢).

A solution to the system (4.9) on the interval J/ C R is the set of continuously
differentiated functions on J, which satisfy (4.9), i.e.

do; .
d—(p:E(t,yl,...,yn), i=1,....n (4.10)
t
forall ¢ € J. A function ¢ (¢, yy, ..., y,) being continuously differentiated on J is

called the first integral of (4.9), if the following formula holds

de 3¢>

— —Ft , V2,00, yn) = 0. 4.11

7 Z (. Y1, y2- - yn) (4.11)
If we know n independent first integrals of (4.9), i.e. ¢1, @2, ..., ¢,, then the

system

Gt y1eecsy)=Cii=1,....n 4.12)

defines the general integral solution of ODEs (4.9) (where C; are constants).
Observe that knowing (4.12) all solutions y;(¢), y2(¢), ..., y.(¢) are known and can
be found either analytically or numerically.

Furthermore, if we know one of the first integrals of (4.9) of the form

¢, Y1, ) =C, (4.13)

then we may derive from (4.13) for instance y,,:

Yo =0 (, y1, 2, ..., Yn-1.C). (4.14)

Substituting (4.14) into first (n — 1) equations of (4.9) one obtains a system of
ODEs with (n—1) independent functions yy, 5, ..., y,—1. [t means that dimensions
of the original system (4.9) has been reduced due to the known first integral (4.13).

In general, there are two methods of solutions to a system of ODESs in the normal
form.

(i) Reduction of (4.9) into either one differential equation of order n or to a few
differential equations of an order less than n.
The first equations of (4.9) is differentlated (n — 1)-times, and after each
of the differentiation process we substltute by their values from remaining
equations, and finally the following set of equatlons are obtained
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dy
- = ts s Vn)s
di Sty Yn)
d*y
5 = Zv seers Vn)s
di2 Sty Vn)
(4.15)
dn—ly1
—— = o1, Y1, V),
gt = St Yn)
d"yi
= n Zv s nje
2= Sl i)

Now one may find y», y3, ... ¥, from sequence of n —1 first equations of (4.15),
and substituting obtained formulas to the last equation of (4.15), the following
nth order one differential equation is obtained

d"yi dy d" 'y
W— (l‘,y],z,...,w . (416)

A solution to (4.16) allows to find all of the solutions of system (4.9).

(i) Method of integral combination. This method relies on application of arithmetic
combinations in order to find the so-called integral combination yielding easily
integrable equations regarding a new unknown function u = u(¢, y1,..., yn)-
Sometimes we have ODEs presented in the so-called symmetric form

dy dy> dyn

Yl(yla"'5yn) N Yz(y17”'5yn) T Yn()’lwn,yn).

4.17)

In order to solve Eq. (4.17) the following rule of equal fractions can be applied.
Namely, assuming that

A Ay Ay

—=——==...=—, 4.18

B B, B, ( )

and having arbitrary numbers m, m,, ..., m,, the following formula holds
ﬂ_ﬁ_ _ﬂ_m1A1+m2A2+"'+mnAn (4.19)
Bi B, ' B, mB +mBy+---+mB,’ '

Example 4.1. Show that functions ¢; = tx, ¢, = ty + x? are first independent
integrals of the following ODEs

dx X

dr ¢’
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dy 2x*—1y
dt 2

Differentiation of ¢; and ¢, yields

dé [dx +x=-x+x=0
dt  dt B 7
d¢, dy dx x2 2x2
a TR =y =0
Since
i dp o
D at ax d
ank [M} = rank Y =2,
D(t.x.y) 02 3 Do
ot dx  dy
therefore integrals ¢; and ¢, are independent. O

Example 4.2. Show that the function

P(x.y) =x>+y>—2In|xy — 1|

is constant along an arbitrary solution to the given ODEs

dx n )
— =X - Xxy°,
di y =Xy
dy )
E-—x—y—i—x y.

We compute

2y = D) (xF + v G
—¢(x(f) Y(l))—Zxd—+2 a _ ( d d)

dt dr (xy —1)2
y dx X dy
=2(x— S Y RV ay
(x xy—l) dt+ (y xy—l)dt
2

dx dy
_ v 234X _ N
_xy—1|:(x y+xy)dt+(x y+xy)dl:|

2
= [(—x—y+x2y)(x +y — xp?)
xy—1

Hx =y + 0y (—x -y +xPy)] =
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It means that for all x(¢), y(¢t) we have %(;S(x (1), y(¢t)) = 0, which means that
¢(x(t), y(t)) = const. O

Example 4.3. Determine one of the first integrals of the system of ODEs of the form

d
(x2 4 y? — tz)d—); = tx,

dy
(x> + y?— ZZ)E = ty.

Both equations are multiplied by 2x and 2y, respectively:
dx?
2 2_ 2 2
+ 3> —17)— = 21x7,
(2 + 5% =) = 2x
dy?
2 2_ 2 2
+ —1t7)— =21y~
(" +y ) y

Introducing z = x? + y? and making a sum of both equations one obtains

d
(z— tz)d—f _217=0,

and therefore

dz ,2dz d (7 ,
— —|r==+42az)=— % —-1z) =0.
“ar ( ar Tt Z) dz(z Z)
It means that z2 — 21?z = C or equivalently

x+yH(x*+yr -2 =C.

|
Example 4.4. Solve the following ODEs
dx
— =y +(1-=x>=yHx,
7 =Vt ¥
dy 2 2
—=—x+0-x" -
' ( )y
and show a direction of motion along trajectories.
A critical solutionis x =y = 0.
Introducing polar coordinates x = g cos¢, y = o sing one gets (o > 0):
d
— cos@p — Qsinfp—q) = osing + (1 — p*)ocos @,
dt dt (%)

— sing — Qcosqod—(p = —pcosg + (1 —0*)osing.
dt dt



4.2 Normal and Symmetric Forms 173
Multiplying Eq. () by cos ¢ and — sin ¢, respectively, one gets

do 2
— =0(1 —0).
7, —ell—¢o)
Multiplying Eq. (x) by sin ¢ and cos ¢, respectively, and after a simple compu-
tation one obtains

de _
dr

Therefore, instead of initial ODEs we deal with the following ones

do do

— =o0(1-¢%, —=-1 ok
o, —ell—e). — (k)
First of two equations in the above is
dg’? 2 2
— =20°(1-0°),
g — 20 -0)

what means that o = 1 is a solution. After variables separation we get

1 1\ o,
(92 — - ?) do* = —2dt.

After an integration one gets

In|o>— 1| —Ing* = =2t + InC},
and hence

1
‘1 - 5|=Ce™, G >0.
0

Therefore, in the circle 0 < ¢ < 1 the solution of (xx) has the form

1

= Sixoe

whereas outside the circle (¢ > 1) the solution of (xx) is

@ZCZ_ts CIZ()?

1

T isGer

(/J:Cz—t, 0<C1<1.



174 4 Linear ODEs

Coming back to original variables we have the following solutions:

. 2 2~ — cos(t—C») — sin(r—C») =1
(1) Ifx0+y0\1thenx —m,y '\/m,CI/l,
. 2 2 _ cos(t—Cy) _ sin(t—=Cy)
(ii) If xj + y5 = 1 then x = —m,y = —W,OS C <1
In addition, the origin (0,0) corresponds to solution trajectory x = y = 0.
Trajectory of solution lying on the circle x> + y?> = 1 (x = cos(t — Cy),

y = sin(t — C5)) is invariant. In fact, it is a stable limit cycle. In polar coordinates
trajectories of solutions are governed by the following equations:

(i) For 0 < gy < 1 we have

1
o=—--—-—-—, C;>0;

VI + G20’

(i) For g9 > 1 we have

1

e= V1= Cre2w—C

0<C <.

Observe that for t — +o00, ¢ = C, —t tends to —oo. This means that a phase point
moving on the spiral approaches the circle x> + y? = 1 earlier referred as the stable
limit cycle shown in Fig. 4.1 O

-

(ﬂ;)

Fig. 4.1 Trajectories and the limit cycle
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Example 4.5. Find a solution to the following equation

dx dy dz

X+y—xyr o xaly—x—y  y-a?

In what follows we apply here the rule of equal fractions. We construct the
following integrable combination

2xdx + 2ydy _dz
2x(x +y —xy2) +2y(x2y —x —y)  y2—x2

or equivalently

dx*+y* _ dz
d(xz—yz) - xz_yz’

which finally yields
d(x* + y*) = —2dz.
The first integral has the form
X2+ y?—2:=0C.
The second integrable combination follows:

ydx + xdy _dz
xy +yr—xyd+x3y —x2—xy yr—x?’

and hence

d(xy) _dz
O2=—x)(1—xy) y>—x2

’

which finally yields

dxy) _ -
1—xy

It allows to find the second integral of the form

In|l —xy|+z=C,.
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4.3 Local Solutions (Existence, Extensions and Straightness)

We follow here mainly approach described in the book [191]. Consider a very
general case of a system of nonlinear ordinary differential equations

y=f.y). (4.20)

where y(t) € R" and f : R""! — R”".

Theorem 4.1 (Picard). Given the function f(t,y) : R't' — R" which is
continuous within the set S = {(t,y) : |t —1to| < a, |y —yo| < b}, where

sup |f(t,y)| = N and which satisfies the Lipschitz condition because of t in
(1.y)€S

S, ie.
[f@. )= ft.y2)l = M|y =y, (4.21)
for a certain number M. The Cauchy problem
y=rfy),
(4.22)
y(to) = yo

. . . . : b 1
possesses a unique solution in the interval |t — to| < o, @ < min (a, N ﬁ)'

Proof. Consider a subset of the metric space of continuous functions

E={y(®): y(t) = yo. [y() —yol =b, |t —to| = a}. (4.23)

Observe that E constitutes the closed subset of continuous functions space and
forms as complete space. Let us consider the following transformation in £

FUX0=ym+/.ﬂ&ﬂﬂM& (4.24)

Notice that if there is a fixed point of the transformation
t
y0 =+ [ £6.y60ds. (425)
fo

then it satisfies (4.22). Continuity of the function f and integral property yields that
the function y(¢) defined by (4.25) is the differentiable function and its derivative
is continuous. Differentiating (4.25) one gets (4.22). We need only to show that
the transformation F has a fixed point in the space E. We are going to check the
inequality

|F(y)(?) = yol <b. (4.26)
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Observe that

lt—to|<c [t—to| <«

sup [F()(t) = yol = sup / s, y(s))ds
o (4.27)

t

< sup /sup | f(s,y(s))|ds < Ma < b,

lt—tol<a /' s€lt.to]
to

which means that ' maps the space E into E. Now, we show that this transforma-
tion is contracting. Observe that

sup [F(y)(2) = F(y2)(0)]

lt—to| <
¢

= sup / [f (s, y1(8)) = f(s5,y2(5))]ds

[t—to|<a
fo

< sup / . y1(8)) — £(s. v2(5))] ds

|t—to| <

[t—to| <

< sup /MIYI(S)_YZ(S)ldS (4.28)

t

< sup M sup  [y1(s) — ya(s)| ds

|t—to| < |s—to|<a
4]

t
<M sup (D) —»()| sup / ds
fo

[t—to| < [t—to|<c

< Ma sup |yi(t) — y2(2)|-

[t—to| <«

The obtained inequality estimations show that the map F is contracting if
a < ﬁ The Banach theorem on fixed point says that F' has a fixed point being
a limit of the series y"T1(t) = F(y")(t), where y°(f) = yo and that this is the
only one fixed point of this map in E. This proves an existence of solution to the

problem (4.22), as well as a uniqueness of this solution. O

If in Theorem 4.1 the Lipschitz inequality is omitted one gets the so-called
Peano theorem. This theorem certainly extends the class of functions satisfying the
nonlinear differential equation (4.20), but a very important property of uniqueness
is lost. However, this situation very often appears in engineering.
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Theorem 4.2 (Peano). Let the function f(t,y) : R'"t! — R" be continuous in
S ={(t,y) :t € [to,to +al], |y—yol < b}and sup |f(¢t,y)] = N. Then

(.y)€s
the Cauchy problem (4.22) has a solution in the interval [to, ty + o], where o =
: b
min (a, N)'

Proof. In order to prove the theorem we use the Euler scheme. Divide the interval
[to, to + a] into n; subintervals with the ends tM

i

1)

n=1" <" <...<tD =1y +a (4.29)

and construct a piecewise linear function approximating a solution to (4.22) in
accordance with the Euler scheme, i.e.

@1(to) = Yo,

(4.30)
@i1(1) = 901(fi(1)) +f (fi(l),wl(f,-(l))) (f - f;”) A (Zi(l)’[i(-ll—)l]'

The piecewise function is obtained by linking points obtained using Euler’s
approximation. In a similar way one obtains the function ¢ (¢) being kth-order
approximation. The latter is obtained dividing the interval [fo, %) + «] into ng
t(()k) ) © = o + o. We are going to consider the

elements t, = < < e <y

limit case ny — oo for which sup )ti(i)l - ti(k) ) — 0.
i
First, we observe that the functions ¢y () have the following properties:

(i) Since @ (t) are piecewise linear, hence they are continuous in ¢ € [, o + «]
and differentiable everywhere except for the points tl-(k);
(i) The Euler scheme yields the estimation

lox (D] = [yo| + Ne; 4.31)
(iii) In addition, the following inequality holds
lor (82) — @i (1) = N(t2 = 1), (4.32)

which does not depend on k and hence the functions ¢ (z) are similarly
uniformly continuous.

The mentioned properties (i)—(iii) and the known Arzeli-Ascoli theorem led
to conclusion that there is a subseries ¢y, (f) uniformly convergent to ¢(7) in the
interval [, o + «].

Now we show that ¢(¢) is a solution of the Cauchy problem (4.22). Since all of
the functions @ (¢) satisfy the condition ¢ (fo) = Yo, hence also ¢(t)) = yo. We
need to prove that

i @t +h) — (1)
im ——=
h—0 h

= f(t, (1)), (4.33)
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for ¢ € [to, to + «]. This is equivalent to the inequality

w — At o) < (4.34)

for every ¢ > 0, for every 0 < h < hg and for ¢ € [to, to + «]. If k; is sufficiently
large, then

h
Smﬂwﬂﬂ—wm)<%a
! (4.35)

| £ (t + 0h. g, (t + 0h)) — f (t.ox, ()] <

1o

for 6 € [0, 1]. The above inequality is true, because if #1, z, and y;, y, are close
enough to each other, then

[f(t1, 1) = f(t2, y2)| < Z (4.36)

and f(z, y) and ¢y, (t) are uniformly continuous. Observe that

ethest 1 ¢ g)|

= | (1o, 0) = f (gt + “EESHER (437)

ORI0

ok t+h)—pk; (1)
A + J . J

— f (t.91,0)]
§0kj (t+h)—§0kj ()

= S (e, )]

3
< =
< 3e+

On the other hand, for ¢ € (t(k ), l(ﬁ_l)) andt + h € [ s ), 1(14{—1)] we have

|0k, (1 + h) — @i, (1) = hf (£ ox, (1))
_ ‘f (ti(kj)’ o, (ti(k,/‘))) (Zi(ijl) _ t) 4ot

n ( ) gy, (1 >)> (t +h—% ’) —hf (t,wkj(t))) = (4.38)
_ ‘f (150, )) = 1 (1o, ) (152 1) + ..

" (f( D o () )—f(mﬂk,(f))) (’ +h—1," ))‘ = 8:'

So, we have proved that
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. h) — ok,
o (1 + ;: ox; (1) ~ f, ()] < Z, (4.39)
and consequently
‘w(r + hz —o@t) f.omnl < %8 n Z — (4.40)
O

Remark 4.1. The differential equations having (only) continuous right-hand side
(the Lipschitz condition is not required) may possess many solutions corresponding
to the same initial conditions.

Recall that in both Picard’s and Peano’s theorems we have considered a bounded
interval [fo, o + «] in which ¢(¢) is defined. A natural question arises, how long the
solution can be extended into left and right starting from the limiting values of the
previous interval into intervals [¢1, ¢; + «] and [ty — «, ], respectively.

Definition 4.1. A solution ¢(¢) defined in the interval J C R is called saturated
solution, if its extension into interval J;, where J C J; (or J is the proper subset
of Jy) does not exist. The interval J is called the maximal interval of existence of
solution @(¢).

In order to investigate a behaviour of a saturated solution on the boundaries of its
existence we prove the following lemma.

Lemma 4.1. Given the continuous and bounded function f(t,y) defined on an
openset E C R"T!. Let ¢(t) be the solution of (4.22) in the interval (a—, oy ). Then,
there are limits p(a— + 0) and ¢(o4 —O0). If the function f(t,y) is continuous in the
point (o—, (a— + 0)) or the point (o4, (a4 — 0)), then the solution ¢(t) can be
extended into the interval [a—, ay) or into the interval (a—, a4 ], respectively. This
remains true if f(t,y) is not defined in the point (o¢—, (a— + 0)) or in the point
(04, (o — 0)), but it can be extended into this point continuously.

Proof. From the assumption, ¢(¢) satisfies the differential equation (4.22), and
hence

o(0) = plio) + / (s, 0(s))ds. 4.41)

fora_ <ty <t < a4.Because f(z, y) is bounded on the set £, hence for a_ <
t; < tp < a4 we have the estimation

(1) — (0] < / F(s.9(s))ds| < N(ts— 1), 4.42)
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where N = sup |f(t,y)|- Hence, ¢(t;) — ¢(t;) — O for t;,t, — a— + 0 and
(t.y)eE
t1,t; — a4 — 0. This implies existence of the limits ¢(e— + 0) and ¢ (a4 — 0).
The first integral equation of our proof guarantees that if f(z, y) is continuous
up to the point (o, (4 — 0)), then

ot
o(@s) = plto) + / (5. 0(s))ds. 4.43)

An extension of solution into the interval [o¢—, o4 ) can be shown in a similar way.
O

It is very important to predict a solution behaviour on a boundary of the existence
limit. This is done by the following theorem.

Theorem 4.3. Given a continuous function f(t,y) in the open set E C R"*! and
given a solution ¢(t) of the differential equation (4.22) in the interval [ty, ty + «].
Then the function ¢(t) can be extended to a saturated solution with the maximal
interval of existance (B—, B+). If the series {t,} is convergent to one of the ends of
(B, B+), then the series {(t,, p(t,))} is convergent to the edge of the set E. If the
set E is unbounded, then the series {(t,, ¢(t,))} can be unbounded for t, — B_ or
t, = 13+'

Proof. Let U C E be acompactset. Let U C V, where V' is open and bounded set,
and V C E.If (ty, yo) € U, then a solution ¢(¢) starting from the point (¢, yo) can
be extended into interval [fo, #1], and (¢1, (1)) ¢ U.

To show this, one needs to consider a differential equation (4.22) in V' and apply
the Peano theorem fora = b = dist(V,dE)and N = sup |f(t,y)|. The Peano

(1.y)eV
theorem says that ¢(¢) exists in the interval [to, #o + «], where oz depends only on a,
b and N, i.e. it depends on the set V. If (zy + «, ¢(ty + @)) € U, then taking this
point as the new initial value one extends the solution into the interval [to, fo + 2¢],
and so on. Since U is compact, then after a finite number on extensions we get the
interval [fo, t1], where (¢1, ¢(#1)) ¢ U.

Let us cover the set E by an ascending series of sets E = U;’il E,, where E,
are open, bounded and E,, C E, 4. Taking into account the earlier part of our proof
one concludes that there exists the series {t;} and the series of indices {n;}, such
that (t;, ¢(t;)) € E,, and (t;,¢(t;)) ¢ En,_,. Since the series {;} is monotonous,
it has a limit. Assume that {#;} is bounded from a top. Then there is a finite limit
B+ = 1_1)r(r>10 t;. If the series (¢;, ¢(¢;)) is unbounded, then theorem is proved.

1

If the series (¢, ¢(t;)) is bounded, then Lemma 4.1 states that the function ¢(¢)
has the boundary ¢(B+ — 0). The point (8+, ¢(8+ — 0)) belongs to the edge of E.
If it is an internal point, then due to Lemma 4.1 (84, ¢(B+)) must be an element of
a certain Ey, E; C E. In the latter case ¢(¢) can be extended to interval larger than
[fo, B+), which is in contradiction to the maximal value of .
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One can follow similar steps in a space of extension into the left side up to the
point S_. O

Very often in real engineering systems we have parameters, which are positive
(like a mass or moment of inertia), or they can be both positive and negative
(like damping or stiffness). Therefore, the next important question appears, how
a solution of (4.22) depends on the initial conditions and on the right-hand side of
the following Cauchy problem

y= [y 1),
y(to) = Yo, (4.44)

where A is a parameter. Now a solution of (4.22) will be treated as a function of all
quantities, i.e. y(¢t) = (¢, to, Yo, A).

We show that a solution dependence on the initial conditions is equivalent to the
dependence of the right-hand side of Eq. (4.33) on the parameter. And vice versa, a
dependence of a solution on a parameter is equivalent (and can be transformed) to
the dependence on an initial condition.

In the first case, by the variables change

t=t,—t, Y =Yn— Do, (4.45)

the initial value problem of (4.44) is reduced to the following

y=f{t—to,y —yo,A),
y(0) = 0, (4.46)

and in the above we have takent = 1,,, y = yj,.
In the second case, we take A = A(¢) and now instead of (4.44) we get

y=f(t.y.A),
=0,
y(%) = yo,
A(l‘o) = Ao. 4.47)

Now, taking

i

we obtain the following initial problem

S
0 } , (4.48)

)-}* — f* (t,y*) .
y*(to) =Yg (4.49)
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Theorem 4.4. Given {f,(t,y)}, n € IN, a series of the functions defined in the
open set S C R"! and being continuous in this set. Let lim f,(t,y) = f(t,y),
n—o0

where a convergence is uniform in each of a compact set in S. Consider the series
{t,?, y,?} € S convergent to (to, yo) € S. Let y,(¢) be a solution to the initial value
problem

Vn = Jult, yn),
() = y. (4.50)
Then the Cauchy problem
y=fy),
y(t0) = Yo, (4.51)

has a solution in a certain interval [8, y]. In addition, there exists a subseries (ny) of
natural numbers that y,, (t) are defined in the interval [8, y], y,, (t) k—) y(t), and
—>00

a convergence is uniform in the interval [8, y]. If y(t) is a unique solution of (4.51)
in the interval [8, y), then the series y,(t) is defined for t € [§,y], and is uniformly
convergent in this interval to y(t).

Proof. Since the series f, is uniformly convergent on the compact sets, then f(z, y)
is continuous on a certain compact set U C §, which possesses the point (f, yo).

Then, there is such a number N that sup |f(z,y)| < N. For large enoughn (n >
(r.y)eUu
ni) we have also sup |f,(z,y)] < N. The Peano theorem guarantees that there
,y)eu
are solutions y,(t) of the problem (4.50) defined in the interval [t0, 0 + «]. Let
[8.¥] = MNyon, [13-17 + . Since for n > ny the series (1), yp) is convergent to
(0, y0), hence the interval [§, y]| possesses non-empty inside. Observe that in the
interval [8, y] the functions y, (¢) are commonly bounded and similarly continuous
(see the proof of the Peano theorem). The Arzeli—Ascoli theorem yields conclusion
that there is the subseries y,, (t) convergent uniformly in the interval [6, y] to the

function ¢(¢). After integration of (4.50) and (4.51) we obtain

m@=ﬁ+/ﬁ@m@ﬂ&

ﬂn=m+/fmﬂmw. 4.52)

The proved convergence leads to conclusion that ¢(¢) is a solution to (4.51) in the
interval [, y]. If (4.51) has a unique solution y(¢) in the interval [§, y] and since each
convergent subseries of the series y, (¢) tends to a certain solution of (4.51), then all
such subseries tend to a common limit. It means that y, (¢) converges to y (). O
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Remark 4.2. 1f the function f(¢, y, A) is bounded and continuous in a certain open
set E, and each point (y, y9, Ao) € E is associated with exactly one integral curve
@(t, to, Yo, Ag) of (4.51), then ¢ depends continuously on the point (¢, yo, A¢)-

Lemma 4.2 (Gronwall). Given a real positive function u(t) in the interval J C R.
If u(t) satisfies the integral inequality

t
ut) <a+ b/ u(t)dr (4.53)

forty,t € J, t > ty, where a > 0, b > 0, then fort € J the following estimation
holds

u(t) < ae’t="). (4.54)

Proof. Multiplying both sides of (4.53) by b we obtain

t
bu(t) <b (a + b/ u(r)dt) , (4.55)
fo
and hence
bu(t
) (4.56)
a+b fto u(t)dr
After integration of the above inequality we get
t
In (a + b/ u(r)dr) —Ina < b(t — 1), (4.57)
4]
or
t
a+ b/ u(r)dt < ae’=). (4.58)
4]
|

Theorem 4.5. Given the function f(t,y,\) of the class C' with respect to its
arguments (t,y) € S C R"™' and A € G C R, where the sets S and G are
open. Then the solution y = y(t, 1y, yo, A) of the initial value problem (4.44) is of
the class C' with respect to variables t, ty, yo and A in an open set, on which it is
defined. If the Jacobi matrix x(t) = W then it satisfies the matrix equation

dx _ @y ey
a0 oA

(4.59)
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with the initial condition

ay(to. to, Yo, A) _

t) = 0. 4.60
x (1) i (4.60)
The Jacobi matrix z(t) = W satisfies the equation
dz 0f(t,y,A)
A S E ARt 4.61
dt P (4.61)
with the initial condition
ay(to, to, Yo, A
i) = 2lofo-yo Xy (4.62)

dyo
where I is the identity matrix of the order n X n.

The proof is omitted here.

Remark 4.3. 1f the function (Theorem 4.5) f(¢,y,A) is of the C" class, where
r > 1, then a solution y (¢, fy, yo, A) is also of the C" class.

Theorem 4.5 yields another important result stating that a nonlinear
equation (4.22) can be locally described by a linear equation. In fact, this observation
is very often used during a so-called continuation or path following method, where
behaviour of either periodic or quasiperiodic orbits of any nonlinear systems are
tracked with a change of some control parameters. This theorem is also called
the theorem on straightening, because of its geometrical interpretation.

Theorem 4.6. Given in open set S C R"™! the non-autonomous equation (4.20)
with C"-smooth function f, r > 1, and given a certain initial point (ty, yo) € S.
Then there exists a surroundings V of the point (ty, yo), V C S, and diffeomorphism
g : V. — W of the C"-smoothness, where W C R'! is such that if
(s,uy,uz, ..., uy) is a local coordinate system in W, then the diffeomorphism g
transforms (4.20) to the equation

du
a5 = 0. (4.63)
Proof. (We follow the steps from [191].) Let (¢, ty, p) be a solution of (4.20) with
the initial condition y(f)) = yo = p. Since the integral curves of Eq.(4.63) are
represented by straight lines then our aim is to find a transformation from the integral
curve ¢(t, fy, p) to a straight line u(s) = p (see Fig.4.2).
It follows from Remark 4.3 that the mapping g has C”-smoothness, and in
addition, since the Jacobian of an inverse transformation

g7 (t.p) = (t.o(t. 1. p)) (4.64)
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Fig. 4.2 Geometrical interpretation of straightening

is different from zero, then g is a diffeomorphism. The vector field [1, f(¢, y)] is
transformed to the vector field [1, 0]. This is shown in Fig. 4.2, where the tangent
vectors [1, f(¢, y)] are transformed to the horizontal tangent vectors [1, O]. In other
words, the diffeomorphism g transforms the nor;—autonomous equation (4.20) with

the vector field [1, f(z, y)] into the equation % = 0 with the constant vector

field [1, 0]. O
A similar theorem can be formulated in a case of an autonomous system.

Theorem 4.7. Given in an open set S C R'! the autonomous differential
equation y = f(y), where f is C"-smooth (r > 1) function and given a certain
non-singular point yo € Q of the vector field f(y). Then there exists a surroundings
V' of the point yo, V. C Q, and the diffeomorphism g : 'V — W of the C"-
smoothness, where W C R, which transforms y = f(y) into the equation

u=ej, (4.65)

where (uy, ..., Wy) is the local coordinate system in W, and ey is the versor of u;.
The equation y = f(y) can be presented in the form

i =1,
4.66
I;l,'=0, l=2,,l’l ( )

Proof is omitted here.

The last two theorems describe a local behaviour of the integral curves of both
non-autonomous and autonomous nonlinear ordinary differential equations. In the
first case, one can find an appropriate diffeomorphism transforming the integral
curves into the straight parallel lines to the axis 7. In the second case (autonomous),
a family of integral curves can be transformed into a family of straight lines parallel
to uy.
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4.4 First-Order Linear Differential Equations
with Variable Coefficients

4.4.1 Introduction

Consider a non-homogeneous system of differential equations
y=P@t)y+ F() (4.67)
with the attached initial condition

y(to) = yo. (4.68)

The matrix P(¢) has dimension n x n and the elements py;(¢), where k
denotes row number and i denotes column number. Functions y(¢) and F(¢) are
n-dimensional vector functions and functions py;(f) are continuous in a given
intervala <t < b.

Theorem 4.8. If vector functions P(t) and F(t) are continuous fort € [a, b], then
each point of the set [a,b] x R" belongs to only one integral curve of the vector
equation (4.67).

Proof. We consider here the one-dimensional case, since this is more illustrative. In
the nth-order case one follows steps given below but instead of modulus of a real
number |-| one can use a norm ||-|| of a vector or a matrix.

An existence and uniqueness of a local solution results from the Picard’s theorem,
because f(t) — p(¢)y, where F\ = f,and P, = p satisfies locally the Lipschitz
condition. Now we show that it can be extended into the whole interval [a, b].
In other words, we need to prove that a local solution y(¢) can be extended into
the whole interval [a, b]. This is equivalent to show that it is bounded in each of the
interval points of [a, b]. Let y(¢) contains the point (¢, yo). The one-dimensional
equation (4.67) yields

t t
V() = yo - / p(s)y(s)ds + / F(s)ds. (4.69)
and hence

ly(m)] =

Yo + / F(s)ds

3l
—i—K/ |y(s)|ds, (4.70)
to

where K = sup |p(¢)| and ¢, € [a, b]. Since the interval [fo, ¢;] is compact, hence
1€lto.11]
the function f'(¢) is bounded for ¢ € [ty,#,] and
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14l
Yo +/ f(s)ds| = ¢ < +o0. 4.71)
fo
So we obtain the following estimation
3l
penl e+ [ polds @72)
fo
which means that y(z) is bounded in each of ¢, € [a, b]. O

Observe that Eq. (4.67) can be written in the form

L(y)=y—P(@)y, (4.73)

where L is a first-order linear vector differential operator.
Theorem 4.9. If the vectors Cy, Cs,...,Cy, are linearly independent, then the
corresponding solutions y1, ya, ..., Y to the Cauchy homogeneous problem

L(yi) =yi— P(@)yi =0, te€lab],

(4.74)
yilto)) =Ci, i=1,....n

are linearly independent for each t € [a, b].

Proof (We follow the steps given in [191]). A necessary condition for a linear
independence of the solution is that Wronskian determinant

yiyvi o
1 2 n
y y ...y
W) ="’ .2_ 2l #o0. (4.75)
Yo VnVn

Recall that if W(t) # 0,a < typ < b and yik, (k,i = 1,...,n) are solutions
to (4.74), then the solutions are linearly independent. In addition, a necessary and
sufficient condition for linear independence of the solutions yik (¢) is that for any
arbitrary point ¢, we have W(t;) # 0, which means that also W(z) # 0.

Observe that in accordance with (4.74) we have

n
3 =" puyi. (4.76)
k=1

Let us differentiate the Wronskian determinant
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n

W =361 (02) - o)

i=1

Vi )i Vi
=y le’ij(f)Y} leij(f)yf le,-,-(t)yj
j= j= j=

a vz e v

oot

= > P ]yt ¥y (4.77)
i=1j=1 S .
Yo i e oy

One can observe that for i # j the rows ith and jth are the same and fori = j
we get W(¢). Hence from the latter result we get

oo

noon Do : n

Wey=Y""py@ ]y} ¥ - ¥ [ =D pa@W(Q) (4.78)

i=1j=1 T k=1

Yu Vi vn
or

W)
— =) prk(t). 4.79)
W(t) ;

After integration of (4.79) we get

W(t) = W(ty)en "), (4.80)

where tr(P) = Y pik(t) denotes trace of the matrix P.
k=1
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Since W(t)) # O then, as it can be seen in (4.80), W(t) # O for ¢t €
[a,b]. It means also that the set of solutions {y,(¢), y2(¢), ..., y.(¢)} is linearly
independent. O

Remark 4.4. If y(t) is a solution to (4.74) and y(¢y) = O for a certain #y € [a, b],
then y(¢) = 0.

Remark 4.5. If W(ty) # 0 for a certain ty € [a, b], then W(t) # O for each ¢t €
[a, b].

Remark 4.6. The formula (4.80) is known as the Liouville’s formula (sometimes
referred as the Ostrogradskiy—Liouville formula).

Example 4.6. Derive the Liouville’s formula for » = 2 and a homogeneous
differential equation.

For n = 2 we have

_ |yt

Yl vy

dt

‘y} y?
1 V3

_ ‘pllyll + puy; puyi + puy; i h

y) y3 P2yl + P2ys puyi + pny;
1,2 1,2
= pu yll y12 + p» yll ylz‘ = (pu1 + p2)Wa(1).
2 Y2 2 V3
where
1,2
Wa(1) = ‘yll ylz -
2 V2

After separation of the variables and integration we get

W(t) = W(to)eftil (P (@+pn(D)dT .
Definition 4.2. The square (n x n) matrix Y (¢) satisfying the differential equation
Y =POY. 4.81)

composed of n functions y;(¢), y2(¢), ..., y»(¢) being the columns of Y, for which
W(t) # 0, is called a fundamental matrix of L(y;) = 0,7 = 1,...,n. The vectors
y1(2), y2(2), ..., yu(¢) are called the fundamental solutions of L(y;) = 0, =
1,...,n. The determinant W(¢) = det(Y(?)) is called the Wronskian determinant
of the functions y;(¢), y2(¢), ..., ya ().

Theorem 4.10. Any linear homogeneous equation
y=P(t)y (4.82)

has an associated fundamental system of solutions.
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Proof. Take n linearly independent vectors in RR", yé,y%,...,yg. Then we
solve (4.82) with the successive initial conditions

y(to) = yb, i=1,....n, ty € [a,b]. (4.83)
The obtained solutions y(¢) form the fundamental system of equations, since
W(ty) # 0 (4.84)

and hence W(¢t) # 0 for each ¢ € [a, b] (see Theorem 4.9). O

Consider now the non-homogeneous system of Eq. (4.67), which can be written
in the form

Ve =D oy + filt) = L) + fil)), k=1,....n. (4.85)

i=1

We assume that the function py;(t) and f; () are continuous in the interval a <
t < b. Hence, the Picard’s theorem guarantees an existence of a solution to the
Cauchy problem for arbitrary but finite values of the initial conditions yx (f) = y,?
(we follow here the considerations from monograph [191]).

Theorem 4.11. Let y = (1, ..., Vn) be a particular solution to (4.85), i.e.

Ve = Le(F) + fi), k=1,....n. (4.86)

A general solution to (4.85) has the form

ye=z@) + v, k=1....n, (4.87)
where 7 = (z1(t), . ..,2,(t)) is a general solution to the homogeneous equation
Vi = Li(y). (4.88)

Proof. Substituting (4.87) into (4.85) we get

G0 + () = Le@ + Le(P) + fit), k=1.....n (4.89)

and hence
(1) = Li(2). (4.90)
Assume that the fundamental solutions z;1,...,zm, [ = 1,...,n are known.

Hence, a general solution to homogeneous equation (4.90) is
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n
&= ¢k, k=1...n (4.91)
v=1
Differentiating (4.91), and noticing that zx = L (z), we obtain
n
> et =Li(@). k=1....n. (4.92)

v=1

Applying the Lagrange (or variable coefficients) method we are looking for
the following solutions

n
w(@) =) k. k=1...n. (4.93)
v=1
Differentiation of (4.93) yields
G =60k + Y i, k=1....n. (4.94)
v=1 v=1

Substituting (4.94) to (4.85) we obtain

Xn:év(t)zvk + Xn:cv(t)ivk =L+ fir(®), k=1,...,n. (4.95)
v=1 v=1
Since
Li(2) = Xn:cv(t)ivk, k=1,...,n, (4.96)
v=1
then

Xn:év(l)zvk = fi(®), k=1,...,n. 4.97)
v=1

Since the Wronskian determinant is not equal to zero (z,; are the components of
fundamental solutions), one can solve (4.97) to get ¢;(¢), . .., ¢, (¢), and hence z; (¢)
in accordance with formula (4.93). O

After the general introduction and some preliminary theorems and definitions,
now we can proceed with much more advanced results.
Let us consider a set of K differential equations of the first order

y() = P()y, (4.98)



4.4 First-Order Linear Differential Equations with Variable Coefficients 193

where y € RX. We assume that time-dependent matrix is integrable and is
piecewise continuous. Then the Cauchy problem y, = y(f) has a unique solution
y(2, ).

Recall that any functions is said to be piecewise continuous if it has at each finite
time interval (¢1, #;) a finite number of discontinuities.

Any function piecewise continuous is called integrable, if in each continuity point
t*, where t; < t* < t,, there exist limits

ggxg_/n _ If(t)ldt=[l Foldr,

. \ (4.99)
im [ |f(z>|dr=[ Ol d,

g—)0+ t* *

where (21, t) does not include any discontinuities.

4.4.2 Fundamental Matrix of Solutions

Assume that K solutions of the form I (¢) to the system (4.98) are known. Then,
by assumption

0vt) = AT, k=1,....K, (4.100)
any linear combination
K
x(t) =Y aTe(t) (4.101)
k=1
is also a solution to (4.98), where ¢y, .. ., ¢k are constants, which must satisfy

leif + -+ lex| > 0,

K (4.102)
Z Ty #0,
k=1

i.e. they are linearly independent.

Observe that any system of K linearly independent solutions is called a
Jfundamental system (or a main system), and the corresponding solutions are called
Jfundamental ones.

The fundamental solutions create a K x K matrix called the fundamental matrix

I'(t) = AT (), (4.103)

and T = I'(¢, ).
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Observe that any matrix
I=rc, (4.104)

is also a fundamental matrix, where C is a regular and non-singular matrix. To
convince yourself with this observation put (4.104) into (4.98) to get

['=I'C = ATC = AT (4.105)
We are going to consider a particular fundamental matrix ®(¢, #y) such that
(1, 10) = A(t)P(t,10), (4.106)
D(t,10) = 1. (4.107)
Any fundamental solution satisfies

@i (t. 10) = Ak (1. 7o),

(4.108)
or(to to) =ik, k=1,2,...,K,

and i} denotes kth unit vector. The matrix ®(¢, tp) is called matricant or the transi-
tion matrix.
Each of the fundamental matrices can be found using a transition matrix

F(l,to) = q)(t,lo)r(t(),t()). (4.109)

The Wronskian determinant has the form
t
Wit ty) = detT'(¢,t9) = W(ty, to) exp (/ tr (A(7)) dr) . (4.110)
fo

The associated Wronskian with matricant ® has the form
W(ty, to) = det D(ty, 1) = detl =1, “4.111)

and

det d(¢,19) = exp (/t tr (A(7)) dr) #0, 4.112)

to

which means that the matricant cannot be singular.
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4.4.3 Homogeneous Differential Equations

From (4.103) one concludes that
x(1) = ®(z, 19)xo, (4.113)

where xo = x(f).
Matricant is a regular matrix (see (4.112)) and moreover

(1, 1) = A1) D(1. 1), 4.114)
D19, 1) = 1. 4.115)
The solution (4.113) has the following geometrical interpretation (Fig. 4.3).
It is seen that the matricant transforms the vector x (fy) into a new vector x(¢;) in
time interval [ty, #;]. Equation (4.113) yields
x(t1) = @(t1,10)x(%)- (4.116)

On the other hand

x(12) = D(t2, 11)x(t1) = P(t2, 1) P(21, 20) x (o), (4.117)

X2

X(t,)

Fig. 4.3 A role of matricant (geometrical interpretation)
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and
x(t2) = D(t2, to)x (20). (4.118)
Comparing (4.117) and (4.118) we get
®(12,10) = (b2, 11) (11, 10), (4.119)

which agrees with our group properties mentioned in Chap. 1. Observe that a trans-
ition matrix can be expressed as a product of many matrices from the considered
time interval. The group property allows also to find an inverse transformation

x(to) = D(to, 11)x(11) (4.120)
and taking into account (4.116) one gets
D(ty, 1) = (11, 10). (4.121)

The obtained result is important, since it means that any inverse matrix can be
obtained easily by changing its arguments.

4.4.4 Examples of Homogeneous Linear
Differential Equations

As it has been mentioned, a linear system of homogeneous differential equations is
defined as follows

& = P(t)y, yeR" 1€, (4.122)
where P(t) is a square matrix of n x n dimension with its elements p;; (), i, ] =
1,...,n being continuous on the interval J. A set of all solutions of (4.122) defined
on J creates a linear space. Any solution of (4.122) defined on J can be extended
on entire J. In addition, the linear space of all solutions of (4.122) is isomorphic to
a phase space IR" of system (4.122).

Fundamental system of solutions of the homogeneous equations (4.122) creates
the linear space, i.e. there are n linearly independent solutions of (4.122). A matrix
¢ (t) consisting of solutions situated on its rows is called the fundamental matrix.
If ¢(tp) = I, where [ is a unit matrix, then ¢ (¢) is called the matricant.

Any solution to (4.122) can be presented as a linear combination of the
fundamental matrix solutions. It means that if one finds n + 1 solutions, then they
are linearly dependent.
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If one takes vector-function ¢; (¢), ..., ¢, (¢), then the Wronskian is defined by

@ll(t)v HE) @nl([)
W) =| : (4.123)

@ln(t)v cees @nn(l)
and any
o) = @rEy+ -+ @u Ey,

where unit vectors E|, ..., E, create the linear basis. If for arbitrary point r we get
W(t) # 0, then the system of solutions ¢;(?), ..., ¢, (¢) is the fundamental system
of solutions. On the other hand, if W(¢) = 0 for a point ¢, then it is identically equal
to zero for all 7. As it has been already mentioned

/ > pii(s)ds (4.124)

i=1

W(t) = W(ty) exp (/ trP(s)ds) = W(t) exp

fo

Example 4.7. Verify that x; = —sin¢, y; = cost are solutions of the following
two equations

dx 2

— =xcos“’t— (1 —sintcost)y,
T ( )y
d

d_)t) = (1 +sint cost)y + y sin’ 7.

Find the fundamental matrix of solutions.

Assume that x = ¢(¢), y = ¥(¢) are solutions and ¢(0) = 1, ¥(0) = 1. The
corresponding Wronskian is

o(t) —sint
Y(t) cost

10
01

1
-2 2 _
exp (sin”t + cos“ t)dt | =€,
0

and hence
@(t)cost + Y (t)sint = e'.
Substituting x = ¢ and y = ¢ to two first-order differential equations one gets

d
d—f = — +cost(pcost + Ysint) = —y + e’ cost,

dyr . . P
g ¢ +sint(pcost + Ysint) = ¢ + €' sint.
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Observe that
d d
E((p —e'cost) = d—qj + e'(sint — cost) = —(¢ —e'sint),
d d
E(l// —e'sint) = d_lzﬂ —e'(cost +sint) = ¢ — €' cost,

and hence we have found two additional solutions: ¢(t) = e’ cost, ¥ (t) = e’ sint.
The fundamental matrix of solutions is

e' cost —sint
o) = |:e’ sint cost :| ’
0
Example 4.8. Determine a general solution of the following equations

dx
E;::ﬂl—thw+03—t2+t4—ny
d
d—f = (I—t)x+ =141y

assuming that x = x; = a + bt + ct?, y = y; = d + ft satisfy the equations.

Substitution of (xi, y;) into the set of two first-order ODEs yields

—c+ f =0, c—b+d—-—f=0b—a—-d+ f =0,
a+ f+d—-2c=0, b=d, a+d—f=0,

andhenceb =d =0,a = f =c.Takinga = f =c=1wegetx; =1 + 12,
y1 = t. We are looking for remaining solutions x = ¢(t), y = ¥ (¢), where
¢(0) = 0, ¥(0) = 1. The Wronskian

1

1Oexp /[s(l—s)—i—sz—s—i—l]ds = exp (1),
0

:‘01

‘1 +12 (1)
toY@)

or equivalently

(14 )Y @) —ter) =€
The second considered ODE yields

%=(1—r)¢+(1+z2)w—rw=¢—tw+e’,
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and hence

d
zd—lf =top—1*Y +te' =Y+ (t —1e'.
The obtained equation satisfied by ¥ (¢) = €', ¥(0) = 1.

The Wronskian formula yields
to =0+ —e =(1+12)e —e =12,

i.e. we have found two remaining solutions ¥ (t) = e, (1) = te'.
Therefore, the sought general solution has the following form

x=C(1+ [2) + Cyte',

y=Cit + Czet.
O

In the case when in (4.122) P(t) = P = const, the problem of finding solutions
can be solved using directly the Euler method. The following form of solution is
being looked for

y =ae’, (4.125)
where ¢ is an eigenvalue of the matrix P, and the vector alay, ..., a,] corresponds
to the eigenvalue o. Now, if we deal with o01,...,0, and each of them being
associated with the vector ay,...,a,, then a general solution to Eq. (4.122) with
P(t) = P has the following form

y = Cia1e®" + Crae™ + --- + Cpa,e™, (4.126)
where Cy, Cy,...,C, are arbitrary numbers. If there is a multiple root o* of the
k-multiplicity with k-linearly independent vectors ay,as,...,ak, then this root
corresponds to k-linearly independent solutions e®’ay, e%'as, ..., e%" ay.

If for a root o with multiplicity k there are only m (m < k) linearly independent
eigenvectors, then the corresponding solution has the following form

y = (ao+ait + -+ ag_mt*"™)e". (4.127)

If among eigenvalues are complex numbers, then each complex number cor-
responds to a complex eigenvector. Since matrix P is real, then Reo, and Imo
corresponds to real eigenvectors.

There is also a direct approach of finding the fundamental matrix of solutions to
Eq. (4.122) with P(t) = P. Namely, we introduce a notion of the exponent matrix
e of the form

1 1 1
At _ 42 . — o k
el =1+ 1!A+2!A + ;—ok’A (4.128)
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The following properties hold:

(i) If AB = BA, thene8 = e/ .e8 =B . ¢4,
(i) f A=T7"JT, thene? = T 'e/T;
(iii) Matrix Y(t) = e”" is a solution to the Cauchy problem (4.122) with P(¢) = P,
ie.

r = PY, Y(0) = 1I.
Third property means that y(t) = e’’y,, where yo = y(0). Therefore, the

problem reduces to that of finding the matrix e”’. In order to compute e’ one
may apply the property (ii), where J is the so-called Jordan cell

610...0
001...0

= , (4.129)
000...0

and P = T~ 'JpT, where Jp is the Jordan cell corresponding to the matrix P.
Introducing

010...0
001...0
E = : , (4.130)
6 00...0
one gets
J =0l +E, (4.131)
and hence
el = et (4.132)
where e can be found using series (4.128)

Example 4.9. Solve the following system of ODEs
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Assuming x = Ae°’, y = Be®’, governing equations yield
(5-0)A+2B =0,
—4A—-(1+4+0)B =0,

and the determinant

=0

5—0 2
-4 —l-o0o

giveso; = 1,0, = 3.Foro = 1 wehave 44 + 2B = 0. Wetake A = 1, B = -2,
and the solution is x; = €', y; = —2¢’. For 0, = 3 one gets A + B = 0; we take
A =1, B = 1, and the solution is x, = e¥, y, = —e>'. One may check that the
obtained solutions are linearly independent because

et e3l‘
_Zet _e—3t

£0.

All possible solutions to the studied equation are governed by formulas

x = Cie' + Cre¥,
y = —2Cie' — Cre™,

where C|, C; are arbitrary constants. ]

Example 4.10. Find e®’, where
. 01 .. 01 321 .. 31
G) P = |:1 Oi|, (i) P = [_1 Oi|, (iii) P = |:4 _3i|, (iv) P = [_1 1i|.

We use definition (4.128), where

lez P3l3
+

Pt
=1+ Pt
e + + 3 6

(i) We have

01](01 10
P2 = — =1,
Hollio)= o1
P}=PP:=]JP=P, P*=PP2=1]] =1

Therefore PX = P,ifk =2p + 1,and P* = I,if k = 2p.
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Finally, we obtain
£2 3 4

Y S VR LN L L
Pt IS+ Py

—10+011+10Z_+Oli+...
o1 10 01]2 10] 6

2o -
_ |1+ +7+- t+3,+5,+ _ [cosht sinht
RN (A sinh# cosh?

(i1)) We have

pr_[O1][O 1] _[-10
“|=10]||-10] |0 —1)|"

pi_prp_ |1 O[O 1] _[0-1
- 10 =1||-10] |1 0]

pt— pip—|0-1][O 1] _T10
- 1o ||-10] Jo1|

Therefore, we have

*= (=D P = (DR k=012,
Finally, one obtains

. pl /3 4
:I—l—Pt—IZ—!—PB'—}-I—

10 01 10122 o1 10
— l‘_ — —_— e
N E NS [10]3.+[0J4!+
12 14 3 .
_ 1-1 '+4'+...t—3|+5,+ _ | cost sinf
_t+§_t5_5!+...1_;+4|+ —sint cost |’

10
0-1

~

(iii) In this case one computeso; = 1,0 = —1,and J = [ i| We are going

to find a non-singular matrix 7' = [j Z:| satisfying the condition

P=T"YT,
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or equivalently
ab||3-2|_|10]|[ab
cd|l4-3] 0-1][cd]’
which can be presented in the form
3a+4b —2a-3b| | a b
3¢c+4d —2¢—3d]| |-c—d]’
The problem boils down to solving of algebraic equations

a+2b=0,c+d=0.

Takinga =2, =1,c =—1,d = 1 we get

T — 2_1,T_1=11.
-1 1 12
Since e?! = T~ le/! T, therefore
Pl — 11][et 0 2 1| [2e'—e™" —e'+e”!
Clr2floe™ ] [-1 1] [2ef—2e7 —e! +2e7 ]
(iv) The characteristic equation is

=0’—404+4=0,

3—0 1
-1 1—-0

and therefore oy = 0, = 2. Because

rank(P —ol) = rank[ 11 11:| =1,

then J = |:§ ;:| We are going to find T = |:a Z:| such that P = T~'JT, or
c

equivalently
ab|| 31| _|21]||ab
cd]|-11] [02][cd]
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The following linear equations

3a—b=2a+c,a+b=2b+d,
3c —d = 2c, c+d=2d

being equivalent to two equations
a—-b—-—c=0,c—d=0

yield the solutiona = 3,b = 2,¢ = 1, d = 1. Therefore, we define
T = 32 T = 1 -2 .
11 -1 3
P=T"YT
31 [ 1 =2[|21][32
—11] |-13[[o2]|11]"
Taking into account that
g oau|lt
¢ = [01 ’
we have

o[ 12 e te?[32] [+ De*  te
I O N N O N S O O I R 2 A € e Vo

Example 4.11. Find a solution to the following ODEs

One may verify that

or

)'Cl 1 1 -1 X1
562 =|(-12 -1 X2 |
X3 2 -1 4 X3

where [x1(0), x2(0), x3(0)]” = [0, 1,0]”.
Eigenvalues of the matrix P follow
-0 1 -1

-1 2—0 -1 |=(0-2%*0-3)=0,
2 -1 4-0¢
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and hence 01 = 0, = 2, 03 = 3. Observe that

-1 1 -1
rank(P —o;/) =rank [ -1 0 —1| =2.
2 —1 2

Therefore the Jordan form corresponding to P is
210
J=1020
003

We are going to find a matrix T defined by the formula P = T~ J T

1 ti2 13 1 1 -1 210 1 o L3
11 1 123 -1 2 —-1]=1(020 11 1 123
131 132 133 2 -1 4 003 131 132 133

Resulting linear algebraic equations yield: t;; = 3, f1p = t3p = 2,1 =t =
t)3 = t31 = t33 = 1, and hence

302 1 0-2
T=|111|.T'=|01-1
101 —-10 3
Because
e2t t€2t 0
e/'=10 ¢ 0|.
0 0 e*
therefore

1 0-2 e te? 0 302
ef'=101=1|[0 e 0111
—-10 3 0 0 e 101
(3 41)—2e¥ te? e¥(2+1)—2e¥
_ o2 _ o3t o2t o2t _ o3t
—(3+1)e? + 363 —te? —eX (2 +1) + 3e¥

Finally, the sought solution has the following form

x(t) = e?[0,1,0]7 = [te¥,e?, —te¥]T. ]
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4.4.5 Non-homogeneous Differential Equations

As it has been shown earlier, any solution to Eq.(4.67) consists of two parts: a
general solution to the homogeneous equation and a particular solution to the non-
homogeneous equation, i.e.

y(1) = ye (@) 4y, (0). (4.133)

Assume that

yp(to) =0, yg(to) = y(to)- (4.134)

Let us find u(¢) which satisfies the equation

yp(t) = @, to)u(t). (4.135)
Differentiating the above equation gives
¥, = du+ O(t, 1), (4.136)
and from (4.67) one obtains
du + Oit = ADu + F. (4.137)
Note that @ = A® and hence
i(t) = Nt o) F(2). (4.138)

An integration of (4.138) gives

u(t) = u(ty) + /t O (1, 10)F(r)dr. (4.139)

fo

From (4.115), (4.134), (4.135) and (4.139) one obtains u(#)) = 0. Taking into
account (4.135) and (4.139) one gets

y,(t) = (1, 1) / O (2, t0)F(r)dt

. . (4.140)
= / D(t,19)D(to, t) F(r)dT = / ®(t,1)F(r)dr.
to to
Finally, keeping in mind (4.133), we obtain
t
y(t) = O, t0)yo + / P, 1) F(r)dr. (4.141)
fo

Observe that the obtained solution can be expressed analytically only in particu-
lar cases. In general, it is found numerically.
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4.4.6 Examples of Linear Non-homogenous Differential
Equations

The system of Eq. (4.67) can be presented in the following first-order form
dyi _ .
T pit@y1+ pi2@)ya + -+ pin(Oyn + Fi (1), i=1,...,n.
(4.142)

As it has been already mentioned there are two main approaches aimed on
solving ODEs (4.142) in getting an equation of a higher order: (i) method of
integrable combinations and (ii) method of variation of arbitrary constants.

The Lagrange method (ii) can be applied if the associated homogeneous problem
can be solved. In other words if

y =Y()c, (4.143)

where Y (¢) is the fundamental matrix of solutions, we are looking to solve the
original non-homogenous problem in the form

y(@) =Y(@)c(@), (4.144)

where now the vector c is time dependent. Elements of the vector c(¢) are defined
by solving the following system of equation

Y(z)% = F(1). (4.145)

A general solution to the original non-homogeneous problem consists of a sum
of a general solution to the associated homogenous problem and an arbitrary one
solution of the non-homogeneous problem.

Example 4.12. Find a solution to the following ODEs

dx_ 5cost
a7 ’
dy

- =2 .
dy X+y

We find first a general solution to the associated homogeneous equation (see
Sect.4.4.4)

- 2
xg = Cre™" 4+ Cre™,

ye = —Cie™' + 20,¢%,
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A particular solution of the non-homogeneous problem is sought in the form

x = A;sint + B cost,

. (%)
y = Apsint + By cost.
Substituting () to the initial non-homogeneous set of equations we get
Al—BZZ—S, BI+A2=Oa
Ay —2B1— B, =0,24, + B, + A, = 0.
Obtained linear algebraic equations are satisfied for 4} = —2, B = —1, 4, = 1,
B, = 3. Therefore, the general solution of the problem is
x = Cie™" 4+ Cre? — 2sint — cost,
y = —Cie™" +2Cye* +sint + 3cost. O
Example 4.13. Find a solution to the following ODEs
X x4y +2¢
— =2x e,
d1 Y
dy
- = 2y —3e*.
i X+ 2y e
The characteristic equation of the associated homogeneous problem
2—0 1 2
=0"—4 3=0
’ | 2 o o+
yields the eigenvalues oy = 1, oo = 3. Therefore, a general solution of the
homogeneous problem is
Xg = Clet + C2€3t,
ye = —Cie' + Cye’.
Since 0 = 1 corresponds to the excitation e’, therefore we are looking for a

particular solution of the non-homogeneous problem of the following form
Xp = (A + Azl)et + A3€4t, Yp = (B, + th)ef + B3€4t.

Substituting x,, y, into initial ODEs the following algebraic equations are
obtained:

A1 +A,—-B =2, Ai+B —-B,=0, A,+B,=0,
243 — B3 =0, A;—2B3 =3.
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The algebraic equations yield the solution A} = 0, A, = 1, A3 = —1, B = —1,
B, = —1, B3 = —2. Finally, the general solution to the non-homogeneous system is

x = Cie' + Cre® +re' — e,

—Cre' + Cre® — (t + 1)e’ —2e". O

y

4.4.7 Homogeneous Differential Equations with Periodic
Coefficients

The homogeneous differential equations with periodic coefficients play an important
role in many applications. Consider a system of Eq. (4.98) of the form

y(@) = P(1)y, (4.146)
where P(¢t) = P(t + T). According to our earlier consideration we get

x(1) = (. 10)x0,

. (4.147)
D(t,10) = P(t)P(t, ).
Since P(t + T) = P(t), hence we get
O+ T.10) = P(t)D(r + T, 10). (4.148)
It means that ®(¢ + T, () is a fundamental matrix, and therefore
D@t + T, 10) = (¢, to) D, (4.149)
where ®, is constant and non-singular matrix. For t = #; one gets
Dty + T, t0) = P(t0, 1) Ps = [ D (4.150)
The matrix @, is called the monodromy matrix. Observe that
O+ T, 1) = O(t, 1) D(to + T, tp) = O(¢, 1) D,
O(t 4+ 2T, 1) = ®((t + T) + T.to) = O(t + T.19)Ds = (2, 1) P2,
(4.151)

O(t + nT, 1) = D¢, 1) D,
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and hence

x(t +nT)= Ot +nT,to)x(to) = O(¢, 1) D} x (o).

(4.152)

The obtained result suggests that a knowledge of the matricant in the time interval
to <t <ty+ T is sufficient to find a solution in the time interval 5 <t < 4o00.

4.4.8 The Floquet Theory

Assume that a K x K-dimensional matrix F is defined in the following way

Dy =Bty + Tntg) = e’ .

(4.153)

Observe that in general F is complex. Let us define now the following matrix

W(1) = (1, 19)e " TOF,
It can be proved that

tll‘: tzl‘: _

eTF — o FoF —

(4.154)

(4.155)

Now we are going to show that W(¢) = (¢ + T'). From (4.154) one gets

W+ T)= 0@ + T, 1)e” 0t DF,
Hence, from (4.151);, (4.153), (4.154) and (4.156) we get
Ut +T) = (. to)e’ Fe TFe~=0F = (1, t)e~("0F = y(y).
Since det d(7, 19) # 0 and det(e~~F) =£ 0, hence

det W(r) = det B(z, to) dete (—0F £ .
From (4.154) we also get
W(ty) = P(to, t0)] = 1.

Finally, from (4.154) we obtain

®(t,1p) = W(t)e"0F

(4.156)

(4.157)

(4.158)

(4.159)

(4.160)
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It means that the matricant can be expressed in the form of (4.160), where
Wixk = Wgxg(t +T) (4.161)
is regular (W (#p) = I), and Fxxx is a constant matrix.
According to (4.160), having any constant and regular matrix C one can
construct the fundamental matrix of solutions
I'(t,t) = O(¢,1)C, (4.162)
and hence
T(t,10) = W(t)e™FC. (4.163)
Recall that for any square matrices F and C we have
eCTFC = clefC (4.164)
and hence (4.163) can be transformed to the form
(1.10) = W(1)CC e ™FC = w(r)Ce=C FC, (4.165)

Now, introducing new matrices

W, =Y()C,
_ (4.166)
F,=C7'FC,
we get
L(t,1y) = Wy (r)e ™0, (4.167)
It is seen that T'(z, #y) is similar to (¢, y) (see (4.160)) and in addition
W (t+T) = W(r). (4.168)
Since both matrices C and W(¢) are regular, hence from (4.166) we get
det W, = detWdetC # 0, (4.169)

and one can conclude that also W,(¢) is regular.
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4.4.9 Reduction of Non-homogeneous Linear Differential
Equations with Periodic Coefficients
We are going to show that any non-homogeneous dynamical system

y=Pt)y+ F(),
P(t) = P(t +T), (4.170)

can be reduced to a system with constant matrix coefficients. Hence, a stability
problem of (4.170) can be reduced to that of the earlier discussed for singular points.
Let

y(t) = Z(t)x (1), (4.171)
where Z(¢) is a regular matrix. Hence, from (4.170) and (4.171) one gets
Zx+Zx = PZx + F, (4.172)
which yields
x=2Z"YPZ-Z)x+Z7'F. (4.173)

Now we prove that Z7'(PZ — Z) is the matrix which constant coefficients,
where

Z(t) = (1. to)e CTOF (4.174)
Observe that
d . d [ (to—1)" - on(to—0)""" - -
4 ~-)F) _ & U I A U P A T
00 —1 o] k
__ Z(fo—f)n - F—_ Z(fo—f) FK| F = —o~t—0F .
~ (n—1)! = k!
(4.175)
It means that
d —(t—t0) F —(t—t0)F 7 i ,—(t—t0) F
- (e ) = e F=—Fe . (4.176)

Hence the investigated matrix (see (4.173)) has the form
Z7N(PZ —7) = &\ (1. 1p)e"0F (Pq>(t, f)e T — (1, 1) TOF

+ @(I,Zo)Fe_(f—fo)F) — o loF = F.
4.177)
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Taking into account the obtained results Eq. (4.173) has the following form

%= Fx+ 0 (1, t9)eF F. (4.178)

To sum up, it has been shown that a change of variables (4.171), where

Z(t) has the form (4.174), leads to reduction of the non-homogeneous set of

differential equations with periodic coefficients (4.173) to the non-homogeneous
set of differential equations (4.178) with constant coefficients.

4.4.10 Characteristic Multipliers

The eigenvalues n of a monodromy matrix P, are called the characteristic
multipliers, which are found from the equation

Oua = pua, 4.179)
where a is the vector associated with an eigenvalue. The characteristic equation
R(p) =det(®x —pul) =0 (4.180)
has K roots. Each of the eigenvalues i is associated with an eigenvector a
Duar = prag. (4.181)
Observe that the eigenvectors g corresponding to the distinct p; are linearly
independent. In a case of multiple root w;, where wx denotes its multiplicity, a

solution is more complicated. One has to check in addition a matrix (®s — i /)
defect dj, where

dk :k—r(CIJ*—kaI), (4.182)
where
1<diy<wv, k=1,2,...,k* ki <k, (4.183)

and k* is the number of distinct multiplicators.

If i has a multiplicity vy, then there exist dj linearly independent eigenvectors.
If d;. = vy, then uy is associated with v; independent vectors.

Let us take a particular solution yy (¢) of a homogeneous equation with the initial
conditions yi (f9) = Cay, where C is a certain constant. Then

yi(t) = @(1,10) yi (o) = C (¢, fo)ax, (4.184)
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and taking into account (4.152) one obtains
it +T) = CP(t,1)Psa. (4.185)
Taking into account (4.181) one gets from (4.185)
it +T) = i CO(t, to)ak = pr yi (1) (4.186)

The latter result has the following interpretation. A solution y, (¢ + 7') shifted in
time of the period 7 can be obtained as a product of uy and yy (¢). Therefore, the
eigenvalues ;. are called the characteristic multipliers.

4.4.11 Characteristic Exponents

The characteristic exponents A are the eigenvalues of the matrix F':
det(F — AI) = 0. (4.187)

They are associated with the multipliers by the relations

pe = exp(AxT), (4.188)
or
1
Ak = = In ug. (4.189)
T
Note that any one value of uj corresponds to infinitely many characteristic
exponents Ay = Ag, + im 2?”, where m is integer number, and iZ2 = —1. It can

be also proven that any multiple multiplier corresponds to a characteristic exponent
with the same multiplicity.

4.4.12 Structure of Solutions for Simple Characteristic
Multipliers

Let the matrix A, contains the eigenvectors ay
Ax = (ai,...,ax). (4.190)
Owing to (4.181) we get
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and hence
¢s = Ay diag(u;) A, (4.192)
From (4.152) one obtains

y(t +nT) = Y (t. ty) A« diag(u; )" A; ' yo. (4.193)

A similar like solution structure is obtained also for the case d; = vy, since in
this case there are also k linearly independent eigenvectors.

4.4.13 Solutions Structure for Case of Multiple Multipliers

We consider here only the case, where u; is associated with a number of
independent vectors.

Note that any characteristic multiplier 1 ; of multiplicity ®; is associated with
d; < v; linearly independent eigenvectors a1, ... ,a jd; - One needs to increase a
number v; — d; of independent vectors.

Recall that from the matrix theory one has

(¢n — py 1) = a7, (4.194)
where:
WD =23 T S U 1) = v, —d, (4.195)
]\, Ajy, I = <5 Jov, Zl( Jjv )_U] j- .
=

In the above J;, — 1 denoted the number of main vectors a( ) corresponding to

each of the eigenvectors a;,,, whereas J;, denotes the largest number of nonlinearly
independent vectors. Obtained vectors can be used to construct a regular matrix

= (A, Az, Ag), (4.196)

where the block matrices dimensions (k x v;) possess the following structure

m 0 o 0 Uia;)
(ajl, Pl ]1’ R YRR ’) 4.197)
where: j = 1,2,..., K*, and K* is the number of different multipliers. The matrix

¢+ in this case has the following structure

G = ATA7", (4.198)
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and the matrix J is a quasi-diagonal Jordan matrix
J =diag(....Jj,.. .. Jja; ), (4.199)

where the blocks have the form

W 10...0
0wy 1...0

Ju=1."]. . (4.200)
0 00...4

In the case of simple eigenvalue the matrix blocks are simplified to one
element 1t ;.
One gets form (4.198)
¢y =AJ"AT", (4.201)
where:
J" = diag(..., jl,..., ;’d‘/_,...) (4.202)
Hence, similarly to (4.193), one gets

y(t +nT) = ¢(t, o) A diag(. . jl"" J" L )A Ny, (4.203)

Taking into account (4.200) we get

Jjy=u;l + Kj,, (4.204)
where:
010...0
001...0
Kjy=1|::: , (4.205)
000...1
000...0

is the matrix of dimension J;, x J;,.

Itis worthless to note that the matrix K7, is obtained by a shift of a line consisting
of n steps towards right.

Since

K?V =0forn = J;,, (4.206)
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then

Jjp—1
n _
J;V =Wl +K;)" = ,u?I + Z (s) u’} "K}’V. 4.207)

o=1

Expanding the formula (4.207) we get

_ -1, —
Jn = Wi T K+ %M/ZK,ZV 4.
n(n—1)..(n—J;,+1) 1_‘,./'VK jv—1
LI vy v

(4.208)
Observe that for n — 0 we have J7, — 0,if [u;| < 1. For |u;| = 1 the values of
Ji, — oo.

4.4.14 Stability

The following stability conditions can be formulated for the solutions to homogene-
ous ODEs with periodic coefficients.

(i) If each of the multipliers satisfies the inequality |u;| < 1 (or, equivalently,
Re x; < 0), then all solutions tend to zero and hence they are asymptotically
stable.

(ii) If there exists at least one of the multipliers |u;| > 1 (or, equivalently, the
characteristic exponent with Re A; > 0), then the considered dynamical system
is unstable.

(iii) Assume that there are no multipliers ;| > 1.If there are | ;| = 1, which are
simple or multiple but with a full defect, then the considered system is stable,
but not asymptotically stable. If there are multiple multipliers without a full
defect, then the considered system is unstable.

4.4.15 Periodic Solutions to Homogenous Differential
Equations with Periodic Coefficients

Recall that periodic solutions can appear in the case if only simple or multiple with
a full defect multiplier satisfying |u;| = 1 exists. All other multipliers satisfy the
inequality | ;| > 1.

According to (4.186) one value puy = 1 corresponds to infinitely many T
periodic solutions yi (o) = Cay, where ay is the eigenvector associated with iy
and C is a certain arbitrary constant.
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In the case ur = —1 we have infinitely many 2 -periodic solutions, because

ya+T) ==y,
y(t+2m) =—y(@+21x) = y(), (4.209)

where T = 2.
In the general case, each of two complex conjugate multipliers of the form

2 2
U = Ccos il + i sin il (4.210)
v v
is associated with periodic oscillations with the period vT', where T = 27” is an
integer, according to (4.152) we get
y( +vT) =yt 10)Y,y (), (4.211)
and taking into account periodicity conditions one gets
(s —Dy(to) =0, (4.212)

which defines the initial conditions required for finding the periodic solution.

4.4.16 Periodic Solutions to Non-homogenous Differential
Equations with Periodic Coefficients

Consider the system (4.67) where P(t) = P(t + T), F(t) = F(t + gT), and p, ¢q
are integers.
Let T be the smallest period of P(¢) and F(¢) is equal to pT. The fundamental
question appears. Does the system (4.67) have also a solution with the period p7'?
Assume that it is true. Hence,

y(to + pT) = y(to). (4.213)

According to (4.141) we havev

Y6y = ¥t 10)y0 + / (. (D), 4214)

and hence

to+pT
(I —y(to+ pT, 1) yo = / V(to + pT.1)d. (4.215)

fo
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On the other hand

V(to + pT.10) = ¥i. (4.216)

Since we are going to find y, from (4.215), then the matrix (I — ¥ (to + pT, to))
must be regular one. It means that in this case the associated homogeneous
differential equation

y = P(t)y, 4.217)

with P(z) = P(t + pT) should not have the multiplier © = 1, i.e. it should not
have a periodic solution with the period pT'. If the later requirement is true, then

to+pT
e / V(o + pT. O F(D)d T 4218)

Now, from (4.214) we find that

to+pT

() = (b ) (T — y2y / V(o + pT.OF(DdT + / ¥ (. OF (D).

fo

(4.219)



Chapter 5
Higher-Order ODEs Polynomial Form

5.1 Introduction

If a function f (Z,x,)'c,...,x(”)) is defined and is continuous in a subset of
R"*2(n > 1), then the equation

ft,x, x,....x")y=0 (5.1

is said to be ordinary differential equation of nth-order.
Fortunately, it happens very often that (5.1) can be transformed to the form

x® = fit,x, %, ..., x"7D), (5.2)

The Cauchy problem for Eq. (5.2) is that of finding a solution x(¢) satisfying the
series of the following initial conditions

x(to) = xo. X(to) = %0.....x" D(to) = x{"7". (5.3)

Theorem 5.1 (Peano). If the function fi is continuous in certain open subset, then

for an arbitrary point (to, xo, Xo, - . - ,x(()n_l)) belonging to this subset there is a
solution to Eq. (5.2) defined in a neighbourhood of ty, which satisfies (5.3).

Theorem 5.2 (Cauchy-Picard). If the function f, satisfies both the conditions
of Theorem 5.1 and the Lipschitz conditions with regard to the variables
X, %,...,x"V then for arbitrary initial conditions (5.3) there is only one solution
(uniqueness) to Eq. (5.2).
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Recall that the Lipschitz constant L for the first-order case can be found from the
inequality

St x1) = f(t. x2)

X1 — X2

()| <L. (5.4)
X

|
_'3

In words the Lipschitz constant can be defined by an upper bound of . In the

nth-order case, when f = f(¢, xy,...,X,), the Lipschitz constant L can be defined
by the inequality
0 a
Max —f ey / <L. (5.5)
oxq d9x,
of

To show a uniqueness of a solution let us recall the example of the equation - =
1+ x2 given in the book [191]. In this case f(,x;) = l—l—xl2 and f(t,x;) = l—l—x%.
Hence | f (1, x1) — f(1.x2)| = |x} = x}| = |x1 — x2| [x1 + X2| < 2|x; — x2| in the
rectangle || < 1,|x| < 1. Theorem 5.2 states that there exists only one solution
passing through (0,0). In fact, this solution has the following analytical form: x (t) =
tg(t). Let D be a domain composed of points, where any point corresponds to only
one solution of the Cauchy problem. The function

x=¢(tCy,....Cp) (5.6)

is said to be a general solution to Eq.(5.2), if the following assumptions are
satisfied:

(i) the function ¢ has the nth-order derivative with respect to ¢;
(i1) for any point defined by the series (5.3) the following equations

= ¢)(ts Cl? LR Cn)s
= gﬁ(l‘? Cls LR ] Cn)v
xg T =g ”(r Ci.....Cp). (5.7)
have the unique solutions with regard to the constants C 0 .., C,?;
(iii) the function ¢(¢,C?, ..., C,,O) is the solution to (5.2) for arbitrary constants
C/Y,...,C2, which are the solutions to (5.7).

If a general solution is given in the implicit way
¢o(t,x,Cy,...Cy) =0, (5.8)

then Eq. (5.8) defines a general solution to Eq. (5.2).
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Any arbitrary solution (5.6) for the specified values of constants Cy,...,C, is
said to be the particular solution of Eq.(5.2). The following steps are required in
order to find a particular solution knowing a general one:

(1) the algebraic set of Eq. (5.7) should be derived from either (5.6) or (5.8), which
yields the constants Cy, ..., Cy;

(ii) the found specified values Cl0 e C,,0 are substituted to (5.6) or (5.8), which
are now solutions to a Cauchy problem.

Note that sometimes a general solution can be represented in a parametric form

t=t(p,Ci,....Cp),

xzx(pvcla"'acn)a (59)
where p is a parameter. In the most general case governed by Eq. (5.1), the following
theorem satisfies an existence and uniqueness of a Cauchy problem.

Theorem 5.3. Assume that the function defined by (5.1) is continuous and posses-

ses the continuous derivatives with regard to x, X, . . ., x™. Hence, for an arbitrary
. . (n)
point (to, Xo, Xo, ..., X, ) such that
d
f(t()sx()sx()v"'sx(()n)) = 07 L(Z()s-x()sx()v"'sx(()n)) 7é 07 (5'10)
ax(”)

there is exactly only one solution to Eq. (5.1) defined in the neighbourhood of ty and
satisfying the initial conditions (5.3).

A general solution constitutes of a family of integral curves in the plane (z, x)
with n parameters Cy, ..., C,.

5.2 Linear Homogeneous Differential Equations

Consider the following homogeneous nth-order differential equation

Li(y) =y + p@)y"™" + -+ pa()y = 0, (5.11)
where L, is called the nth-order linear differential operator (here y™ = % .

Recall that in general, a linear differential operator (a function) has the following
properties:

(i) L(Cy) = CL(y),
() L(y1+y2) = L) + L(y2),
(i) L(Ciy1 + -+ Cpuym) = C1L(yY1) + -+ Cy L(yn), for any y; and C;.
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Theorem 5.4. If y,,...,y, are the solutions to homogeneous equation (5.11), then
y = Ciy1 + -+ + Cyyy is also a solution to L,(y) = 0 for arbitrary constant
numbers Cy, ..., C,.

Remark 5.1. The set of functions {y;(¢), ..., y,(¢)} is said to be a fundamental set
of solutions of L,(y) = 0.

Remark 5.2. The function y(t) = C1y1(t) + --- + C,yn(t) is called the comple-
mentary function of L,(y) =0

Definition 5.1 (Linearly Independent Functions). Let u;(¢),...,u,(t) are the
functions defined in the interval a < ¢ < b. If there are numbers o1, . .., a,,, not all
of them equal to zero, and the following equation is satisfied

z=0ou + -+, =0, a<t<hb, (5.12)

then we say that the functions u(¢),...,u,(¢t) are linearly dependent in the
considered interval.

The vector z is called a linear combination of the members of the set

{uy,...,uy}, whereas the set {ay,...,q,} is called a set of coefficients of the
linear combination.
Recall that:
(i) the set of all linear combinations of members of {yi,..., y,} is called the

linear span (or simply span) of {y1,..., ym};
(i1) alinear space U is a set that satisfies the following properties:

(a) ifu,v e U thenu+v e U;
(b) ifueUandc € R,thenCu e U;

(iii) the span defined in (i) forms a linear space.

Assuming that Eq. (5.12) is satisfied if and only if ¢y = -+ = «,, = 0, then
the functions u, ..., u, are called linearly independent. A linearly independent
spanning set for a linear space U = {uj,...,u,} is called a basis for U.
A dimension of U is defined by the number of vectors in a basis of vector space U.
A necessary condition for linear dependence of the functions u,...,u, can be
obtained in the following way. Let the given functions uj, . .., u, to be are linearly
dependent. It means that they satisfy (5.12). Differentiating n — 1 times Eq. (5.12)
one gets

o+ au® =0, k=1,....n-1 (5.13)

Of course, we have assumed that the functions {u, ..., u, } have n—1 continuous
derivatives on some interval (they are C"~! smooth). It is known from algebra that
the system of Egs. (5.12) and (5.13) has non-trivial solution of ¢y, . . . , &,, when the
following determinant function (called Wronskian) is equal to zero:
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Uy cee u,

/ /
Ml un

W(uy, ..., uy) = : =0, a<t<hb. (5.14)

u(ln—l) . Mz(1n_l)

Theorem 5.5. [If the functions yi, ..., y, are the solutions of L,(y) = O ona <
t < b, then W(yi(t), ..., yu(t)) is either zero for every t from [a,b] or is never zero
foranyt € [a,b].

Proof. We take n = 2 and follow the proof given in the book [191]. Here we
omit a generalization for any n. Consider the following linear operator with variable
coefficients

Ly(y) = y" + pi(t)y" + p2(t)y = 0.

The Wronskian
Wy, y2) = y}I yz = Y1Ys = Y2V
On the other hand
W' = (y1y3 = »29D)" = »1y'2=Y"152 = »i(=p1Ys = p2y2) — y2(=p1y| — p2y1)

= —p1(y1ys — »y)) = —piW,

and hence
InW = —/pldl +1InC.

Finally, one gets
Wyt y2) = Ce_fpl(f)dt,

which for C = 0 is identically zero, or for C # 0 is never zero. O

Theorem 5.6. If yi,...,y, are solutions of the equation L,(y) = 0 and
Wi, s yu)li=y = O, then W(y1,...,ys) = 0fora <t < b,and yi,...,y,
are linearly dependent solutions in the interval t € [a, b].

Theorem 5.7. A necessary and sufficient condition for solutions zi,...,z, of
L,(z) = 0tobe linearly independent in an arbitrary pointis W(z1, ..., zu)|;=,, 7 0.
If W(ty) # O, then also W(t) # 0 fora <t < b, and if W(ty) = 0, then also
W(t) = 0.
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Theorem 5.8. If yi,...,y, are linearly independent solutions of the equation
L,(y) =0,theny = Cyy; + -+ Cpy, is a general solution fora <t < b,
—co <y <400, k=0,1,...,n—1.

In the case of a homogeneous linear nth-order equation L,(y) = 0, there are n
linearly independent solutions yy, ..., y, forming the fundamental set of solutions
(proof is omitted here). It is interesting to note that the Wronskian can be used to
define a differential equation, when a fundamental set is known.

Recall that a set of all solutions of the linear equation L(y) = 0 is called a null
space or kernel of the operator L.

Theorem 5.9. A homogeneous linear differential equation L,(y) = 0 has n
linearly independent solutions that form a basis for the set of all solutions. The
dimension of the kernel of an nth-order linear differential operator is n.

Example 5.1. Define a linear differential equation possessing the fundamental
solution: y;(t) = sint, y,(t) = €'.

We define the Wronskian
sint ey sint 1y
W(sint,e',y) = | cost e’ y'|e' | cost 1 'y’
—sint e’ y”| |—sint 1&y”
— o (sins Ly'"| . |cost ) cost 1
N 1y” —sint y” Y1 -sinr 1

= e'[sint(y" — y') — (y" cost + y'sint) + y(cost + sint)]
= e'[(sint —cost)y” —2sint + y’' + (sint + cost)y] = 0,

and the being sought differential equation is defined immediately as
Ly(y) = (sint —cost)y” —2sinty’ + (sint + cost)y = 0.
In order to verify the obtained results we check:

L,(sint) = —(sint — cost)sint — 2sint cost + (sint + cost) sint = 0,

Lz(et) = eth(Sil’l t) =0.

5.3 Differential Equations with Constant Coefficients

Since characteristic equation corresponding to an nth-order homogeneous differen-
tial equation cannot be solved using radicals already forn > 5, very often numerical
or approximate analytical methods are used. The most important observation is that
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the nth-order differential equation is reduced to the nth-order polynomial (algebraic)
equation. The solutions differ from each other qualitatively for distinct and repeated
(multiple) roots of a characteristic equation, which we are going to discuss.

Theorem 5.10. Given the nth-order linear differential equation L,(y) = y™ +
1y Vi p, 1y 4+ puy = 0. Let the characteristic polynomial corresponding
to L,(y) = 0 possess:

(i) ndistinct real roots r;, i = 1,...,n. Then the n functions y;(t) = e"' form a
basis for the kernel of L, (y) = 0. A general solution has the form

Y@y =) Cie;
i=1

(ii) Single root repeated n times. Then the n functions y;(t) = e"', y,(t) =
te’, ..., y.(t) = t""'e" form a basis for the kernel of L,(y) = 0. A general
solution can be written as

y(t) = (Cy + cot + -+ Cyt" He';

(iii) Single root repeated m times and there are n — m distinct roots
Tm+1sTm+2s - - - » I'n. Then the n functions
yi(r) = e,

ya(t) =te',

Yl = 17l
Ym1(1) = e+l
yult) = et
form the kernel of L,(y) = 0. A general solution has the form
y(t) = (C1 4+ Cy+ -+ Cut™ He" + Cpyre™ 1 4o Cre™.
Example 5.2. Consider the following third-order differential equation
Liy(y) =y" —8y" +19y' — 12y = 0.
Introducing y = e’ one obtains the characteristic polynomial > — 872 4+ 19r —
12 = 0, with three distinct roots: r; = 1,r, = 3,r3 = 4. The linearly independent

solutions are: y;(t) = e’, y,(t) = e, y3(t) = e*, and every solution is written as
y(t) = Cre' + Cre’ + Cze™. O
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Example 5.3. Consider the fifth-order differential equation Ls(y) = y®—12y® +
56y — 126" + 135y — 54 = 0.

The characteristic equation corresponding to Ls(y) has the following roots:
rp=1,r, = 2and r3 = ry = rs = 3 (multiplicity 3). The following set forms
abasis {e’, e, e¥, te¥, t?e*}. Every solution in the kernel has the form

y(t) = Cre' + Cre® + Cze + Cyted + Cst?e™.
In order to investigate their linear dependence one calculates

W(e’, €2t, €3t, t€3t, t2€3t)

t eZt e3t Ze3t Z2€3t

e
el 2e¥ 3¢ e 4 3te¥ 2te3 4 3¢2e3

= |e' 4e? 9e¥  6e¥ + 9te¥ 203 + 12t + 9t%e¥
et 8e? 27e% 273 4+ 27ted  16e% 4 5413 + 27t
e' 16e* 8le? 108e3 + 81te> 108e¥ + 216t + 81¢2e™

11 t t?

2 3 143t 2t + 3¢2

4 9 6+9 24+ 12t +92 | #0.
8 27 27427t 16+ 54t + 272

16 81 108 + 817 108 + 216¢ + 812

1
1
— ole2 3% |1
1
1

Theorem 5.11. Given the nth-order linear differential equation L,(y) = y™ +
1y 4o p1y 4 pny = 0. Let the characteristic equation corresponding
to L,(y) = 0 to have:

(i) A pair of complex roots r = a + bi, i*> = —1. Then the functions
y1(t) = e cosbt and y,(t) = e sinbt are linearly independent solution

of Lu(y) = 0.
(ii) A pair of complex conjugate roots repeated m times. Then the 2m functions

yi(t) = e cosht, y,(t) =te“ cosht ..., yn(t)=1t"""e" cosbht,
Yma1()=e" sinbt, yui2(t)=te® sinbt ..., youu(t) =" sinbt
are linearly independent solutions of L,(y) = 0. In addition, every function

y() = (C; + Caot + -+ + Cut™ Ne cosbt + (Cpy1 + Copgot + -+ +
sztm_l)e‘” sin bt is a solution to the studied equation.

In order to get a better imagination of understanding of repeated roots of a
characteristic equation we review some properties of polynomials.
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(i) A polynomial w(?) has aroot r if w(t) = (t — r)wo(t).
(ii) A polynomial w(z) has a double root if w(¢) = (¢ — r)?>w;(¢). In this case w(z)
and w'(t) = 2(t — r)w;(¢) have a common root r.
(iii) In general, a polynomial w(¢) has a root r of multiplicity k if w(z)
= (t —r)*wy_1(¢). In this case, w(t), w(¢), ..., w*~'(¢) have a common root r.

Now we focus our attention on a second polynomial corresponding to differential
operator L,(y) = y” —2ry’+r?y. The corresponding quadratic equation is w(t) =
t> —2rt +r? = (¢t — r)% According to Theorem 5.10 we have the solutions:
yi(t) = e, y,(t) = te’" . It is true, because Ly(y;) = €' (r> —2r> +r?) = 0,
and Ly(te™) = (te™)" —2r(te’) + r’te’ = (e" + rte™) —2r(e" + rte’) +
r’te™ = 2re" + r’te" —2re" —2r’te™ + r*te" = 0. The above example leads
to more general observation. Namely, have got L,(e") = e"’w(r). Observe that
%Lz(e”) = %[e”‘w(r)] = te"'w(r) + w/(r)e’". But recall that r is the double
root of the characteristic equation w(r) = 0 and hence w(r) = w'(r) = 0, i.e.
L L(e") = 0. On the other hand £ Ly(e™) = La(Le™) = Ly(te’) = 0, which
shows that ze"” is a solution of the differential operator L,. Finally, let us check a
linear dependence of both solutions. The Wronskian determinant gives

; ; rt tert ort
r rey . 2r
W(@ te ) - ert ert 4 tert =e 7é O’

which means that they are independent. This observation can be generalized by the
following theorem.

Theorem 5.12. Ifry is a root of m-multiplicity of the characteristic equation
w(r) =r" +air"™ a4 agr +a, =0,

where 1 < m < n, then the functions e, te™, ... r" e’ are the linearly
independent solutions of the characteristic equation w(r).

Proof. If ry is the root of w(r) of multiplicity m, then

dw d’w d*"w(rp)
w(ro) = E("o) = W(r()) I v 0.

Consider now the differential operator

Ly)=y" +ay"V +-- 4 ayy.

It is easy to check that L(e™) = w(r)e". Consider now L(t'e") = L (Bid[) =

31.1
i —
s L(e™) = 55 (w(r)e’) . We have

w(r)e' =0;
W + tw)e™ = 0;
s (W 4 2tw + w(l + £2))e" = 0;

0:
1:
2

i
i
i
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Since fori = k — 1 we obtain w*~! = ... = W/ = w = w = 0, hence we

have also L(t'e’") = 0. It means that t' e’ are solutions to L(y). In addition, they
are linearly independent, because the polynomials of different orders are linearly
independent. O

In the case of complex conjugate roots (Theorem 5.12) we recall some funda-
mental properties known from algebra. According to the Euler’s formula we have

¢ = cosp + i sin B,

where: Re(e’#) = cos B, Im(e’?) = sin B and e**'® = e“(cosh + i sinb).

Now let the characteristic equation representing the differential equation
L(y) = 0 to have conjugate complex roots a £ ib, and we obtain the following
solutions to the differential equation: e@+" = % (cosht + isinbt) and
e@=ibt  — ¢4 (cosht — isinbt). Observe that instead of taking this solution
one can take y; = e cosbt and y, = e sinbt. Both of them are real-valued
independent solutions (check), and they span the same real-valued solutions as
the complex-valued solutions e@*?)*_ This observation can be generalized by the
following theorem.

Theorem 5.13. If u and v are in the domain composed of real elements of a real-
valued function L, and we take y = u+iv, then L(y) = L(u)+iL(v). In addition,
if L(y) =0, then L(u) = L(v) = 0.

Remark 5.3. Theorem 5.12 shows that the domain of L can be extended to include
complex-valued component.

Our considerations can be briefly outlined in the following way [191]. The so-
lutions to homogeneous linear nth-order ordinary differential equation (5.11) are
sought in forms of exponential functions

y =e", (5.15)

where r is constant. We have

ak
0 =S et k=1, (5.16)

Substituting the assumed solution (5.15) to (5.16) we get
L") =e"P,(r) =0, 5.17)
where the polynomial

P(r)y=r"+pir" '+ 4 puir + pa =0 (5.18)
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is called the characteristic equation (or the characteristic polynomial). The roots
of the characteristic equation (5.18) are called the characteristic roots. If the roots
ri,...,r, are real and different, then we have n independent solutions of the form

yi=e", .y, =e". (5.19)

The Wronsky determinant has the form

et .. et
rie’t rpe’t
w(e, ..., e") =
ritent L pn—lernt
1 1 ... 1
r r o... F
= elritrt—trm—_nt ! 2 "
ri’_l ré’_l r,’f_l
PSR
= ettt () (1 = 12) o Py = Tye1) (P2 — 71)
...(rn_l—r,,_z)...(rz—rl) 7é 0. (520)
Observe that w(t) — 0, if t — 400, when r, < 0,k = 1,...,n. A general

(or every) solution to (5.11) has the form
y=Cie" -4 Cpe™. (5.21)

If v« < 0,k = 1,...,n, then every solution y governed by (5.21) y — 0 for
t — +o0.

Consider the case, when ry, ..., r, are different, but some of them are complex
conjugate. Let r; = a 4 ib. Since the coefficients of the differential equation (5.11)
are real, then also r, = 7| = a — ib exists. A general solution has the form y =
u(t) + iv(t), where u(¢) and v(¢) are real-valued functions. However, if y(t)) =

u(to) + iv(to) = yo. yPt0) = u®(to) + iv® () =y k = 1,....n -1,

where yo and y\*) are real-valued, then v(1) = v'(19) = --- = v~V (z) = 0, and
hence v(¢) = 0.
Given the initial conditions one finds the being sought constants Cy, ..., C, from

the algebraic equations

yo = Cie" + .- 4 Cue,

y(()k) = Clr{‘e""’ R C,,r,]fe’"t", k=1,....,.n—1. (5.22)
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It can be shown that the solution (5.21), after substituting the constant C;i =
1,...,n from (5.22), is real-valued. Hence, since the solution is real-valued then
instead of complex-valued form of the solution we can use the real-valued form of
the solution. For our case r|y = a +ib,r, = a —ib we get

Cie’" 4 Cre™ = Cie™ (cos bt + i sinbt) + Cre” (cos bt — i sin bt)
= (C; + Cy)e" cosbt +i(Cy — Cy)e® sinbt = Cipe® cosbt + Cysinbt,

where: Cig = C1+Cy, Cy = i(C1—C,). Itis easy to check that C; , = CioCa/i,
i.e. they are complex conjugate, but C;o,i = 1,2 are real-valued. In other words

y = Cloeat cos bt + Cz()eat sinbt + C3€r3t + -4 Cner”t. (5.23)

For real-value initial conditions yg, yj,..., y=2 the solution (5.23) is real-
valued and also Cjy and Cyy should be real-valued. Since e"'! = e (cosbht +
i sinbt) is the solution, then also y; = e* cosbt and y, = e sinbt are the
solutions generated by the roots r; = a +ib, r, = a — bt. Recall now the discussed
case of the root r; = --- = r, with mth-multiplicity. The kth-order derivative
of (5.11) yields

dkL(ert) _s |:dkert

TR T } = L(ke™), (5.24)

and
L(*e™) = (™) + pi(t*e™) ™ + -+ pui(Fe”) + patFe™).  (5.25)
Owing to the Leibniz formula applied to dot product of two functions we have

@)™ = ™ + (rl’) WY + (Z) WP 4
(5.26)

n

o+ ( " )u("_l)v’ +u™y = Zu(k)v("_k)
n—1 '

k=0
where: u® = u, v® = v. Applying Leibniz formula (5.26) to (5.25) we obtain
L(t%e™) =tk Py (r) + C1 e P (r)

+CO 2 P () 4 -+ ¢ PO(r), (5.27)

where the numbers Cl(k) depend on k and [. Since r; = --- = ry,, hence the
characteristic equation has the following property

Py(r)) = Py(r) =---= P""'(r) = 0. (5.28)
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It means that L(tke”) =O0fork = 1,2,...,m —1and r = ry, where r,
is the root of mth multiplicity. In other words, m times repeated root generates m
solutions of the form e”'?, te’?, ... " le™! If ry, ..., r; are different roots of the
corresponding multiplicity m, . .., m; and there are no other roots (i.e. m; + --- +
m; = n), then every solution to homogeneous linear differential equation (5.11) has
the form

y = Pml_l(l‘)erlt + sz_l(l‘)erzt + -+ Pm,_l(t)er”, (5.29)
where: P, —1(t), Pn,—1(t), ..., Py—1(t) are the polynomials of ¢ of the
corresponding orders: m; — 1,my — 1,...,m; — 1. It can be checked that a set
{en! rent, .. pmTlent e te", ... t"™~le""} has members which are

linearly independent.

Recall now our considerations related to repeated complex roots. If among the
roots ri, ..., r; acomplex one appears, say r{ = a +1ib, then also exists r, = a—ib
with the same multiplicity. The used real initial conditions yy, y(’), e yé"_l) allow
to find a set of constants to define a real solution.

Assume that 7 = a + ib and ¥ = a — ib are m times repeated roots. Every

solution includes the functions

ert’tert’ . ’tm—lert’

el tel! (1 prt (5.30)

Since tke’ = thete!? = tke(cosbt + i sinbt) is the solution, then its real
and imaginary part are also solutions. The same consideration holds for 7. In the
case when a root is purely imaginary with mth multiplicity (@ = 0), then every
solution is composed of the functions ¥ cos bt, t* sinbt,k = 0,1,...,m.

Let us sum up our brief conclusions related to a repeated root. Any real-valued
root r with mth multiplicity generates m solutions, whereas a complex-valued root
r with mth multiplicity generates 2m solutions. Every solution corresponding to
m-times repeated root is represented by

m—1
y=Y Cuke. (5.31)
k=0
Every solution corresponding to complex root with mth multiplicity has the form
m—1
y =Y (At*e" cosbt + Bit*e" sinbr) . (5.32)
k=0
Finally, every solution corresponding to repeated imaginary roots r = ib, 7 = —ib
has the form
m—1
y =Y (Akt* cosbt + Byt* sinbt). (5.33)

»
I

0
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In both latter cases, Ay and By are defined by the initial conditions.

Example 5.4. Using formula (5.25) and (5.26) for k = 2 find a corresponding
number Clk when

L(y) =y" 4 p1y" + p2y' + p3y.

Formula (5.26) gives

(MU)/// — uv/// + (:f) M/U// + (;) u//v/ + M///U,
( " __ " (2) /1.7 /i
uv)’ = uv” + | uv +u'v,
wv) =u'v+v'y,
whereas from (5.25) we get
L(lkert) — ([kert)// + pl(tkert)// + pz(lkert)/ + p3(lk€rt)

= (2P} +61r246r)e" +pi (2 ri+atr42)e" + pa(t*r+2t)e" + pstle”
= e"[1(r + pir® + par + p3) +1(6r” + 4rpi +2p2) + 67 +2pi].

Since
Ps(r) = r* + pir?* + par + ps.
P'3(r) = 3r* + 2pir + po,
P"3(r) = 6r +2py,
therefore

L(t%e™) = *¢" P3(r) + C{ Pi(r)e” + ¢" P{(r),

and we have C12 = 2.
5.4 Linear Non-homogeneous Differential Equations
with Constant Coefficients

In the previous section we have considered linear homogeneous operator defined by
Eq. (5.11). Here we are going to consider non-homogeneous problems.
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Theorem 5.14. If the fundamental solutions yi(t),...,y,(t) to Eq.(5.11) are
known, then a general solution to the following non-homogeneous equation

La(y) = y" + pr@)y" " + -+ pa()y = (1) (5.34)
has the form
Y=y, +Ciyi+ Cyr+ -+ Cyyy, (5.35)

where Cy,Cs,...,C, are arbitrary numbers, and y, is an arbitrary particular
solution of (5.34).

There are two general methods to solve a non-homogeneous problem, i.e. the
method of undetermined coefficients and the method of variations of parameters.
The method of undetermined coefficients relies on observation that a being sought
solution is somehow similar to the right-hand side function f(¢).

Example 5.5. Find a general solution to the non-homogeneous differential equation
L(y)=y" =3y +2y =312 -2t + 4.

First we consider the corresponding homogeneous equation L(y) = y” — 3y’ +
2y = 0. The corresponding characteristic equation is 72> — 3r 42 = 0 with the roots
r1 = 1 and r, = 2, and hence the general solution of the homogeneous equation
y = Cie' +C,e? . Let us look for a particular solution of the form Yp = at’>+bt+c.
The simple calculus yields

L(y,) = 2at —3(2at + b) + 2(at* + bt +¢)
=2at> + t(2b — 6a) + 2¢ + 2a — 3b.
Equating the coefficients standing by the same powers of ¢ we obtain:

t9:2¢+2a—3b =4,
th: 2b—6a =-2,

2 2a = 3.
The above linear algebraic equations give: a = 1.5, b = 3.5, ¢ = 5.75.
The general solution of the non-homogeneous problem is y = Cje’ + Cre? +
1.5t 4+ 3.5¢ + 5.75. o

Example 5.6. Find a general solution of the non-homogeneous equation
L(y) = y" +2hy’ + aly = g coswt.

This equation governs oscillation of a one-degree-of-freedom mechanical system
with mass m and with a viscous positive damping, a linear stiffness and a harmonic



236 5 Higher-Order ODEs Polynomial Form

excitation. The parameters have the following physical meaning: c—damping
(2h = c¢/m); k—stiffness (¢} = k/m); P—amplitude of exciting force (¢ =
po/m) and w is frequency of excitation. The characteristic equation is

r2+2hr+ag:O,

which gives the roots 11, = —h + /h% — 01(2). If h > «p, then we have two real

roots and oscillations do not appear. If & = ¢y we have so-called critical damping
¢.r = 2+/km and the root is double. Here we consider the case oz% > h? which

corresponds to oscillations and r;, = —h £ iA, where A = ,/a% — h2. Since

e+t — e=hi(cos At + i sinAt) and according to our earlier discussion we

can take the following real-valued general solution corresponding to homogeneous
equation: y = Cre™" cos At + Coe ™ sin At. As it has been mentioned, the form of
the particular solution to the non-homogeneous equation is similar to the right-hand
side excitation and is assumed to be: y, = Acoswt + B sinwt. Since

y' = —Awsinwt + Bw coswt,

y" = —Aw? coswt — Bw? sin wt,

hence

L(y,) = —Aw? cos wt—Bw? sinwt—2hAw sinwt+2h Bw cos wt + ozéA cos wt

+alBsinwt = g coswt.
Equating the terms standing by sin w? and cos wt yields

A(aé —w?) +2hwB =q,
—2hwA + (a(z) —w?)B =0,

and therefore

q 2hw
AW ‘Oaé—a)z _ g —o?)
w o —o® 2ho (a2 — w?)? + 4h2w?’
—2how o} — &?
ol — w? q‘
B— Wg _ —2hw 0 _ 2hwq
W |2 —0? 2ho (@ — )’ + 4h’w?

—2hw aé — w?
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Finally, the general solution to homogeneous equation has the form

y = Cie " cos At + Cre ™ sin At + Acoswt + B sinwt. .

The obtained solution possesses clear physical interpretation. It is composed of
oscillation of autonomous damped system (this part vanishes, when t — +o00) and
a particular solution generated by the harmonic excitation. A steady state oscillation
is represented by the solution

t1_1)rgo y(t) = Acoswt + Bsinwt = acos(wt + ¢).
Observe that
acos(wt + @) = acospcoswt —asingsinwt = Acoswt + B sinwt.
Equating terms standing by cos w? and sin wt we obtain
A=acosep, B =—asing,

and hence

a= A2+ B2 = 9

(@ — w2)’ + 4n2w?

2hw

2 _ 2"
oy —w

B
Q= —arctanz = —arctan

This result indicates that the oscillations are harmonic with the amplitude a
and are delayed by the phase shift ¢ in comparison to excitation. The latter
example allows to solve more general problem, which possesses many applications
in engineering, and particularly in mechanics.

Consider now the following non-homogeneous problem

L,(y) = e“[P(t) cosbt + O(t) sinbt], (5.36)
where a,b € R and P(t) and Q(t) are polynomials of orders p and g, respectively.

Let the characteristic equation corresponding to the homogeneous equation has
the form

4"k p =0, (5.37)
By s we denote the largest values among p and g (for p = g wetakes = p = q).
If a + ib is not a solution to the characteristic equation (5.38), then also a — i b is

not a solution. In this case the being sought particular solution has the form

yp = e [R(t) cos bt + S(t) sinbt],
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where R(¢) and S(z) are polynomials of an order not higher than s. If a + ib is
repeated root of multiplicity k, then

y, = tXe"[R(t) cos bt + S(t)sinbt], (5.38)

where R(¢) and S(¢) are polynomials of an order not higher than s.
The steps of the method of undetermined coefficients can be even more detailed
presented by introducing the following theorem (see [191]).

Theorem 5.15. Apply the following steps to solve L,(y) = f(t) using the method
of undetermined coefficients:

(i) Factor the characteristic polynomial wy,, (r) of L, into linear and irreducible
quadratic factors and form a basis By, for the kernel of L.

(ii) Separate f{t) into groups of terms that are annihilated by a single annihilator.
Form w4(r), the characteristic polynomial for an annihilator of f(t) factored
into linear and irreducible quadratic factors. Recall that for a given function
f, an annihilator of f is a linear operator A such that A(f) = 0. For instance,
y" + 16y is an annihilator of sin ¢t and cos ¢t, because the characteristic
equation is (r* + 16) = (r + 4i)(r — 4i).

(iii) The characteristic polynomial of Ay is defined by w 4(r)w (r). Form the basis
Bayr, and find B consisting of the functions in B4 that are not in By.

(iv) Form y,(t) as a linear combination of the functions in B and equate

coefficients of L(y,) = f(t).

(v) Determine values for the coefficients and define a particular solution.
(vi) Find y(t) = yq(t) + yp(t).

Example 5.7. Solve the differential equation L(y) = y” —2y” + 9y’ — 18y =
e’ + 3sin2¢ using the method of undetermined coefficients.

(i) The characteristic polynomial wz (r) = r* —2r? +9r —18 = (r —2)(r> +9),
and hence {B; = e?,sin 3¢, cos 3t}.

(ii) The function f(t) = e’ + 3sin2¢ is annihilated by the characteristic
polynomial wy = (r — 1)(r*> + 4), and the basis for kernel of 4 is By =
{e',sin2t,cos 2t}.

(iii) The characteristic polynomial of A; isw w; = (r —=2)(r>+9)(r —1)(r>+4),
and the kernel of A; is B4y = {e’,e?,sin2t,cos2t,sin 3t, cos 3¢}. We have
found also that B = B, = {e', sin 2¢, cos 2t}.

(iv) The particular solution y, = ae' + bsin2t 4 ccos2t. The successive
differentiation gives

y’p = ae' +2bcos2t — 2c¢ sin 2¢,
y", = ae' —4bsin2t —4ccos2t,

y”’]7 = ae' —8bsin2t + 8¢ cos2t,
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and

L(y,) = ae' —8bsin2t + 8¢ cos 2t — 2(ae’ — 4bsin2t + 4c¢ cos2t)
+9(ae' + 2bcos2t —2csin2t) — 18(ae’ + b sin2t + ¢ cos 2t)
= —10ae’ — 18(b + ¢) sin2t + 2(9b — c) cos 21.

Equating the appropriate coefficients with those of f(z) gives

el —10a =1,
sin2t : —18(b 4+ ¢) = 3,
cos2t: 9b—c =0.

(v) The solution of the latter linear algebraic equation is: ¢ = —10,b = —%,
3

C=—35 and hence the particular solution is

1 3
yp(t) = —10e" — % sin2¢ — 20 508 2t.

(vi) Finally, the general solution is

1 3
= C1e* + C,sin 3t + C3cos3t — 10’ — — sin 2t — — cos 2¢.
y 1= + Cys1 + C3 e %0 20 i
Now we briefly describe the method of variation of parameters. Recall that
even in the method of undetermined coefficients we have found the kernel of a
homogeneous equation L, (y) = O first.

Theorem 5.16. A particular solution y,(t) of non-homogeneous equation
L, (y) = f(t) can be found by quadratures if it will be sought in the form

ypt) = Ci@)y1(1) + Co(0)y2(t) + -+ + Cu() ya(2), (5.39)

where {y1(t), y2(t), ..., yn(t)} is the basis of the kernel of L,, = 0.
Theorem 5.17. If the functions C(t), ..., C,(t) satisfy the system of equations

C'iyi+Chy,+--+Clyy,
C'y' +Chy+--+Cy,

Cllle_l) 4 Clzyén—l) 4o C/ny;gn_l), (540)

then the function y, defined by (5.39) satisfies the non-homogeneous equation

Ly(y) = f(0).
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Remark 5.4. The function y,(¢f) possesses the form of a general integral of
L, (y) = 0, where now the constant are the functions depending on ¢.

Remark 5.5. Observe that C{, C;, ..., C, are uniquely defined, since the determi-
nant of the system (5.41) is the Wronskian determinant, and by definition it never
equals zero.

In order to get Ci(¢),...,C,(t) we integrate the functions C|(t),...,C, ()
without the constant of integrations, because they appear already in the part of n
general solutions of the homogeneous equation.

Example 5.8. Find a general solution of the equation
L(y)=)y"+y=1r"

The kernel of L,(y) = 0is {sint, cost}. The general solution of L,(y) = t? is
¥y =yp+ Cicost + C,sint.
The functions y,(¢) is sought in the form

yp(t) = Ci(t) cost + Cy(t) sint.
From (5.41) we obtain
C'icost + C'ysint = 0,
—C’ cost + C'ysint = ¢2,
and hence
C| = —t?*sint, C; =t*cost.
Integration of C/, C; yields
Ci(t) = (t* = 2)cost —2tsint, Cy(t) = (1> —2)sint + 21 cost
and

y =1t>—24 Cjcost + Cysint.

5.5 Differential Equations with Variable Coefficients

We begin with a special class of higher order homogeneous differential equations,
which can be reduced to the differential equations with constant coefficients.
A solution to the differential equation

d ! d
dtf 4ot L g 2 oy, (5.41)

din—1 dt

Ly(y) = pat"
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known as the Cauchy—Euler differential equation, can be sought in the form
y=t". (5.42)
Substituting (5.42) to (5.41) gives
L,(t") =w(r)t", (5.43)

and hence L, = 0, when w(r) = 0. The analysis is similar to previous one, but now
instead of the function e”’, we have ¢”.

(i) Assume that there are ry,rs,...,r,; distinct real roots (m < n), then
t", "2, ..., t"™ are real independent solutions, and
y@)=Cit" +C2 -+ Cput™ (5.44)

is a general solution (it defines an m-dimensional subspace of the kernel
of (5.41)).
(i1) Assume that ry is a root with kth multiplicity, then its subkernel follows

{0, 1" Int, ... 0" (ne)F1Y,
and a general solution
y(t) = Cit" + Cot™ Int + -+ 4+ Cpt"(Int)F ! (5.45)

defines a k-dimensional subspace.
(iii) Assume that r = a % bi, then t“ cos(bIn¢) and ¢% sin(b Int) are real linearly
independent solutions. In addition, if @ & bi has multiplicity k, then

t“cos(bInt),t*Int cos(bInt), ..., t*(Int)* ' cos(bInt), (5.46)

t“sin(bInt), % Intsin(bInt), ..., t*(Int)* 'sin(hInt), '
are 2k real linearly independent solutions in the kernel of (5.41). Their linear
combinations span a 2k-dimensional subspace.

Now we show how to reduce the homogeneous and non-homogeneous
Cauchy—Euler equation to an equation with constant coefficients.

Theorem 5.18. Introducing a variable x = Int in the non-homogeneous Cauchy—
Euler equation

n n—1

d"y _d"y dy
L,(y) = put"—= + pp_it""! - = 1), 5.47
»=p g TPl e e it poy f@, (547
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leads to conversion to the differential equation with constant coefficients
Lly(e")] = g(x), (5.48)
where g(x) = f(e*).
Example 5.9. Transform the Cauchy—Euler differential equation
t3y/// _ 412)7// + 3l‘y/ +y= 0
to a differential equation with constant coefficients.
Let t + e*, and use the chain rule to get

dy dydx dyl e [dy _dy.
dt  dxdt dxt T dt dx’

dzy_d dy\ d (dyl\ d (dy 1+dyd 1
di2  dt\dt) dt\dxt) dt\dx)t dxdt\t
Y

1 dzy_dy e szz _dzy_dy_
2 \dx?  dx o N

d3y_d d?y _d 1 dzy_d
de3  dr \dt>)  dt|¢? 2 dx

d d
_ =2 (d’y dy N 1[d (d*y
o3 \dx? dx 2

_ D2 (dy _dy\ L (dy &
T3 \dx? dx 3 \dx3 dx
d3

_ 1 (dy Py L dy dy _d’y dly L dy
BNE ’ de3  dx3 dx? dx’

Our investigated equation becomes

d’y _d?’y _dy
S 782 45 Ly,
dx3 dx? + dx Ty

The characteristic polynomial is
=T+ 5r+1=(r—1)(r*—6r—1)
and possesses the characteristic roots

rn=1 rn=3— 410, r;=3+ +/10.
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Hence the solution is

y — Clel‘lx + Czel‘zx + C3er3x — Clerl Int + Czel‘zlnl‘ + C3€r3lnt. .

A key role in mechanics plays second-order differential equation, since a second
derivative corresponds to acceleration of a moving rigid body with one degree
of freedom. It can happen that one of its solutions is known (for example, from
theoretical considerations or from an experiment), and a question appears, how to
find a second linearly independent solution?

Consider Ly(y) = p2(0)y” + pi(t)y’ + po(t)y = 0, and assume y(¢) =
v(t)y1(¢), where y;(t) satisfies L,(y;) = 0. The assumed form of solution refers
to the so-called Bernoulli method, which is often applied to solve first-order non-
homogeneous differential equations. The successive differentiation gives

y =y + vy,
" — v//yl +2v/y/l +vy//l’ (549)

and hence

Ly(vy) = pa(0)(@"y1 + 20"y +vy") + pi(®)('y1 + vy')) + po(H)vy
=v"(pay1) + V' 2p2y' + piyv1) + v(p2y” s + 1y’ + poyi)
= poyiv" + 2p2y'y + pry)v’ = 0. (5.50)

Denoting v/ = w one can solve first-order linear differential equation with regard
to w' to give

w(t) = yl_ze_fm(t)/m(t)dt, (5.51)
Hence
v(t) = /yl_ze_fpl(t)/mmd’dt, (5.52)

and the second solution is

y2(t) = v(t)yi(t) = y1(2) / y2()e™  n@/n0d gy (5.53)



Chapter 6
Systems

In the free encyclopedia “Wikipedia”, one can find that the entry “system” is
ambiguous and old. The word “system” comes from Greek and means a “compound
object” (c0Tnue), and this explains why it occurs in many different branches
of science such as: social science (social system, law system), astronomy (solar
system, system of planets, heliocentric system), philosophy (philosophical system),
geology (geological system), anatomy (nervous system), mathematics (number
system, decimal system, binary system), computer science (operating system), logic
(deductive system) and many others. It is difficult to give a single definition of
a system suitable for any branch of science. That is why we give only a few
definitions and choose the most suitable one for our purposes (see [45,48, 107,132,
150, 168,235]). There is a tendency to use a concept of system as a primary one, i.e.
indefinable. However, in this case it is a composed object which contains interacting
elements. We give our own definition within this background.

(1) Definition (generalizing, asymptotical). System is a collection of material
elements or marks, which undergo slow evolutionary processes in space—time.
The interchange of interactions among the systems, ones extracted from the
environment (one being a paradigm determined by a particular branch of
science), is of order ¢, where ¢ < 1. Below, we give some features of such
defined system.

(a) elements of the system can vanish or appear in time of order (1/¢)",n € N;

(b) in the system one can distinguish subsystems, which interact in a region of
space and time. The way they interact obeys the rules related to a particular
branch of science. The role of a subsystem can be understood as “system
residence” in a particular region of space and time of order (1/¢)" as opened
or closed subsystem;

(c) the function and purpose of the system is determined by a generating entity
(human, laws of the nature);
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(d) there exists a border between the system extracted from the environment and
the rest of the environment. Matter and energy (the order of magnitude ¢)
or information (depending on a given paradigm represented by a particular
branch of science) are interchanged through the border. Note that sometimes
in particular cases the interchange may lead to qualitative changes of the
system (or another one, quantitative changes can transfer into qualitative
ones);

(e) we will assume that the mentioned borders undergo slow changes in parallel
with the mentioned changes of the system state;

(f) one can use the definitions from Wikipedia, i.e. a system can (but in a defined
time interval of order (1/¢)") characterize with morphostasis (keeping form
and shape the same) or morphogenesis (tendency to changes);

(g) equilibrium state (dynamical or static state, understood as a particular case
of the dynamical one between the system and the rest of the environment is
homeostatic). Note that from Greek homoios means similar (new), and stasis
means residing in time interval (1/¢)";

(h) one admits the possibility of various results (after exceeding time (1/¢)") or
preservation of the system with the same causes (perturbations of order ¢),
i.e. so-called equifinality holds (it is just a result of slow evolution of the
considered system);

(1) similarly, one can explain the equipotentiality principle. The causes (per-
turbations) originating from the same source can cause various effects
(responses or behaviour) to the system. It depends on places in the border
region where the causes arrive to the analysed system.

Now, we give three definitions of a system used in mathematics, cybernetics and
natural sciences.

(ii) Definition (mathematical)
System (S) is a subset of N-elements relation, which is the Cartesian product
(x) of properties set (objects of a system or a process), namely

SC(U1XU2X"'XUN), (61)

where U; denotes ith set of properties.

In many branches of science, an object is regarded as a “black box”, i.e. we
do not know a mathematical model of an examined object or a process but we
know completely a set of the inputs X and the outputs Y (responses) of the system.
There also exists a concept of a “white box”, when the knowledge of our object is
complete. Such defined system has the form

Sc(XxY) (6.2)

The aim of every examination is to determine the black box. The examination
is equivalent to identification of the system. The identification can be performed
basing itself on the knowledge, investigations, development of science, leading to
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a kind of mathematical model, e.g. based on algebraic, differential, differential-
integral or integral equations. Some parameters of the system are determined by
the identification, i.e. based on the measured or known inputs X and outputs Y (this
problem will be considered in more detail). It can happen that behaviour of the black
box is so complicated that it is impossible to assume a priori a model.

Then, it is useful to apply the concept of neural networks. One needs to “teach”
the network, usually basing oneself on a large amount of input signals, so that the
response of the system is generated by the taught network. In other words, when we
teach our network we make it change its dye from black to white, i.e. a white box.

Note that this method is often used in the behaviour analysis in psychology,
medicine, chemistry and even in mechanics (though mechanics is highly saturated
by mathematics). This way is often more economic with regard to the time
duration of solving the problem or it is not possible to perform the identification
of the whole object due to the costs (e.g. bridge support are immersed deep in water
or some of them are not accessible for examining due to detrimental conditions such
as chemical or nuclear). There is a concept of relation used in the given definition.
Below, we give the definition of relation

Definition of relation (set theory).

Relation p between elements of the sets X and Y is any subset of the Cartesian
product of X and Y, i.e. p C X x Y. The relation defines any set of the ordered
pairs (x,y), where x € X and y € Y. Notation (x, y) € p is equivalent to xpy.

As an example, consider relation in a set of integer numbers C such that y = kx.
Such defined relation is called the relation of divisibility. For example (2, —6) is the
element of the relation of divisibility p, whereas (—5, 3) ¢ p.

(iii) Definition (natural). System is a collection of interacting material elements,
whose mutual interactions make a common goal (function), which cannot be
reduced to a function of a single or a few selected elements.

It is easy to give an example of a natural object, namely a plant or an animal.
For example, the brain consists of cells that are connected by cells of the nervous
system and it receives stimulus’s. The brain would not be able to function without
cells of the nervous system.

(iv) Definition (cybernetic). System is a functional entirety that is extracted from
environment, which influences the system by means of stimulus’s (actions,
signals, input quantities), and the system influences the environment through
“feedback loop” by means of the outputs (reactions).

The notion of cybernetics comes from Greek (kybernetes—steersman, manager;
kyberan—to control) and is a science of control systems, transmitting and proces-
sing information.

Cybernetics is one of the mainstreams of the so-called systematic research and
is an interdisciplinary science. It is assumed that it was Andre Marie Ampere
(1775-1836), who first used this concept in “Essay on philosophy of science”.
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The Polish philosopher Bronislaw F. Trentowski used this concept for the first time
in 1843, in “The relation of philosophy to cybernetics”.

The American mathematician Norbert Wiener is regarded as a creator of
cybernetics as a sole branch of science. Now, one can distinguish theoretical
cybernetics (emerged from biology and mathematics) and applied cybernetics
(technical, economical or biocybernetics).

To sum up, it seems that the definition (i) has the broadest range and can be
applied in many different branches of science. Many of the derived properties (a)—(i)
will be explained further with the help of many examples.

At the end of this chapter, we refer to the genesis of the earlier given definition (i).
The genesis is related to asymptotological understanding of the nature laws and to
the conception of quantitative changes and their transformations into qualitative
changes. In classical textbooks, one usually contrasts traditional Aristotle’s me-
chanics with Newtonian mechanics. However, both conceptions can be seen by
asymptotology. One can show that rough Aristotle’s approach could have been a
stimulus that made modern mechanics arise after asymptotological pattern. The way
the science develops is not like pulling down old theories and building new ones.

It is not unusual for an old theory to be a source of new ideas and concepts.
Although there are many various opinions on development of science today’s, one
can see asymptotological relations between them. Aristotle thought that force is
a cause of motion and a state of rest is when no force is applied. According to
Aristotle, a dropped ball from a horizontally moving object falls downward. Despite
the beliefs outwardly distant from present conceptions, it turns out that one can
point some asymptotological relations between Aristotle’s and Newtonian theory.
In order to make a thorough study of such relations, we consider the motion of
a body experiencing the force F' and the viscous resistance with the coefficient c.
Aristotle’s idea can be expressed through the relationship

F =cx =cv. (6.3)

The relationship confirms the earlier described Aristotle’s ideas. When there is
no force (F = 0), there is no motion (since X = 0). If the force is constant, then it
makes the motion velocity grow. To Aristotle, the resistance force was an attribute of
motion and was not external. Newton introduced inertial force and resistance force
which are external. The equation of motion of a massive body reads

mz =F —cv, (6.4)

and after integrating it leads to the relationship

v = g (1 _ e—%’) . (6.5)
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One can see as t — oo we get Aristotle’s law. Aristotle did not know the law of
inertia and it was Galileo, who made this breakthrough discovery. Thus, Aristotle’s
approximation is a kind of asymptotics of motion for sufficiently long time intervals.
The larger resistance and lower mass, the greater difference is between Aristotle’s
and Galileo’s principle. For small values .- we obtain

a c F
v;—(l—l—f——t)g—t. (6.6)

c m m
The above equation describes additional asymptotics. This equation holds for
sufficiently small time ¢ intervals. Moreover, the lower resisting coefficient c is, the
longer time will pass before Aristotle’s asymptotics comes into play. This example
shows the described asymptotological transition between two theories, namely
Aristotle’s and Galileo-Newton’s. Aristotle’s theory “generated” the asymptotics,

and after differentiating we get

W _p 6.7

TR ©.7)
that is definitely Newton’s second law. Did Aristotle discover Newton’s law without
noticing it?

The way through the asymptotics led us to a completely different world, alien to
Aristotle, to the world of Hamiltonian mechanics. Theory of conservative systems is
one of the asymptotics of Newtonian mechanics. In this new world, completely new
notions emerged such as vibrations, periodic and quasiperiodic dynamics, chaotic
orbits. This new, idealized world is a reflection of the real one and approximates it.

Is Aristotle’s theory already dead? Does not it have a reflection in the reality? On
the contrary, it does. Movements of polymer molecules in solutions and relaxation
movements can be well approximated by Aristotle’s principle.

It was Einstein, who made the next asymptotological transformation arise. This
led to the Special Relativity. Let us discuss the asymptotic transition between
Newton’s and Einstein’s theory.

Consider a particle of mass m, moving at the velocity v and experiencing the
force F. According to the Special Relativity, the velocity is described by the formula

v = Lz (6.8)
T+ (2)

where vy = ’f;—é and c is the speed of light. For small values of the velocity we stay
in the world of Newton’s theory and then v = vy.
The equation allows to discover additional asymptotics. It is easy to see that
. . 1
lim v = lim ——— =, (6.9)
—>00 e + (l)z

where & = v;2.
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‘We seek the solution in the form

v(e) = v(0) + %(0)8 +0(e)>. (6.10)
Since
?(e) - _l—l T (6.11)
3 2 2
(Ve+7)
then
dv = 1,
T =3¢ (6.12)
By (6.10) we get
1c?

As one can see, as t — oo we get completely new effects. With the help of
the asymptotics, one succeeded to either discover or explain a few new physical
phenomena, namely deviation of light rays in gravitational fields, retardation of
electromagnetic signals propagating in gravitational fields and many others.

Another example of asymptotical relations is classical mechanics and quantum
mechanics. First, let us investigate analogous relations between wave optics and
geometrical one. It turns out that there exists a justified, asymptotical transition
between these theories. The transition from wave optics to geometrical optics is
related to neglecting of the wave of the length (¢ ~ 107 7m) in comparison with
the size of the object. Let a light wave be described by the following formula:

ip(x..2)

u=A(x,y,z,e)e ¢ (6.14)

where A is the amplitude and it can be put into the form of series
A=A+ Ad1e+--- (6.15)

and i> = —1 and @(x, y,z) is a phase-shift at the point (x, y,z). One puts the
sought solution into the wave equation. Next, one equates the terms occurring by
the same powers of e. Thus we obtain a nonlinear differential equation to determine
¢(x,y,z). This is the equation which corresponds to the approximation introduced
by theory of geometrical optics. It was E. Schrodinger, one of the first, who
transferred asymptotical similarities between the mentioned theories to asymptotical
relation between quantum mechanics and classical mechanics. Similarly, one can
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find asymptotological relations between both mechanics. The point is that the
initially given probability distribution of a particle position varies according to the
classical mechanics laws.

At the end, it is worth mentioning that the methodology of asymptotical methods
enables to comprehend the real world deeply. There are no eternally accurate
rules and laws—they are less or more approximated as Einstein noticed. Such
fundamental laws as follows: Ohm’s law, Hooke’s law, Coulomb’s friction law
T = pN are the approximated laws and the given relations are obtained through
linearization of nonlinear laws.

Even one of the fundamental models of fluid mechanics, namely the Navier—
Stokes model, is the asymptotics of gas flow in the framework of Boltzmann’s theory
as ¢ — 0, where ¢ is the mean free path of molecules. Such asymptotical transition
allows many completely new concepts to come into being; the concepts which could
not appear in the framework of old theories.



Chapter 7
Theory and Criteria of Similarity

For many years, theory of similarity has been used either in aware or unaware
manner in many branches of science. It turns out that it is impossible to realize the
examining real phenomena and processes, or objects due to their complexity and
costs. For example, the examining water flow in rivers or behaviour of manned and
unmanned flying objects during the flight. In such cases, one usually builds a smaller
object (or larger) in such a way that one could carry out measurements in labs by
means of modern apparatus. The obtained results should be reliable, i.e. there should
exist the possibility of either direct or indirect transition to the real object. Theory
of similarity gives an answer to the essential question: what range and under what
conditions does a model represent a real object? In practice, a researcher fixes his
attention on the object he examines, i.e. on the similar object. Sometimes, it is
difficult for an individual to examine the proper object or the object is out of reach.

It may happen that engineer’s intuition allows building a device that could
not have been built on the basis of mathematical models due to the lack of
sufficient development in a particular scientific discipline. The primary object (real
or imagined) is called original and the object similar to the original is called model.

Let us notice that theory of similarity is based on dimensional analysis. The
theory determines relationships between physical parameters, which influence the
phenomenon under consideration. This approach is often used in nonlinear issues,
especially in fluid mechanics and aerodynamics, or hydrodynamics.

It should be emphasized that theory of similarity is mainly supported by
measurement analysis and defines dependencies between physical parameters
having influence on a being investigated phenomenon. Such approach has been
used often in nonlinear problems especially matched with fluid mechanics, aero-
mechanics or hydromechanics. Obtained results due to theory of similarity can
be transformed from laboratory devices to industry and allow for minimization of
measurement numbers and costs.
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M cosnt C

Fig. 7.1 The original (mechanical system) and the model (electrical system)

Traditionally the following partition of similarity has been introduced.

(i) Geometrical—shapes and dimensions of two objects are similar, e.g. a ratio of
two characteristic dimensions;

(i) Kinematical—distributions of physical fields lines are similar, e.g. velocity,
pressure or acceleration;

(iii)) Dynamical—scale of similarity of different characteristic quantities is the
same. In the case of incompressible fluids, Reynolds number Re is such number
and in the case of compressible fluids one uses Mach, Strouhal or Prandtl
numbers. This description requires introducing concepts of force and torque,
or tension.

Let us remind that Reynolds number Re = el Wwhere [ is characteristic

dimension (e.g. diameter of a pipe), v is characteristic velocity of fluid and u is
kinematical viscosity, and p is density. For Re < 2,300 we have a laminar flow, for
2,300 < Re < 10,000 transition flow and for Re > 10,000 turbulent flow appears.

Similarity numbers allow for qualitative evaluation of the examined phenomena.
They are often used in applications. They follow: Abbe, Archimedes, Arrhenius,
Biot, Euler, Fourier, Rayleigh or Weber numbers. Note that relationships original-
model can concern both material systems and processes (e.g. flow), i.e. phenomena
in general.

As an example, we consider a vibration phenomenon described by a second-order
differential equation in the mechanical and electrical systems (Fig.7.1).

The mechanical system equations of motion, based on Newton’s second law, can
be written in the form

B+ co+ ko = Mycoswt, (7.1)

where (1) = %, B is moment of inertia of a shield suspended on a weightless rod
of torsion rigidity k = (Gly)I~!, G is shear modulus, I is moment of inertia of
cross-section and / is length of the rod. My and w are amplitude and frequency of
harmonic excitation respectively, ¢ is generalized coordinate (angle measured in
radian).
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The electrical system equation of motion is based on Kirchhoff’s law, i.e. we
equate the sum of voltage drops on all elements of the circuit to the voltage on
terminals. We obtain

di 1
Ld_; + Ri + E/idt = Uy cos wt, (7.2)

where L is self-induction coefficient, R—resistance, C—capacitance, i—current
intensity, Uy and o are amplitude and frequency of external voltage (driving),
respectively.

Since i = ’;ll—’t’, where ¢ is electric charge, then by Eq. (7.2) one gets

1
Lg + Rq + Eq = Upcoswt. (7.3)

It is easy to see that Eqs.(7.1) and (7.3) are similar. We have the following
similar quantities: the rotation angle ¢ and the charge ¢; the angular velocity ¢ and
the current intensity 7; the moment of inertia B and the self-induction coefficient
L; the viscous damping coefficient ¢ and the resistance R; torsion rigidity k and
reciprocal of the capacitance C ~'; the amplitude of the torque M, and the voltage
Uy; frequency o of torque and voltage.

We aim to determine the “period of damped vibrations in both systems”. On this
purpose, we transform the homogeneous equation, obtained from (7.1) and (7.3),
into the form

¢+ 2h¢ + a’p =0, (7.4)
¢ +21q +a?q =0, (7.5)
_ _ d - _ d
where o = 5, 2h = =(Lo)y 2 =8 = 4,

In order to determme relatlonshlps between the original and the model, we make
use of dimensional analysis. Let us introduce the following values of the scales

10 t h o
k(p = ;s kt = ?s kh = Es koc = R (76)
where () refers to the model. Making use of (7.6) in (7.4) we get
k kok
k—:;q” + %Zh’q’ + kok2a'*q = 0. (1.7)

The equations of the original and the model are identical when there are the
following relationships between the scales

2= =k, k2. 7.8
ktz kt oMo ( )
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The above relationships imply

ktkh =1, kockt =1,

(7.9)
koc = kh
which means
ht =Wt and atf =o't
or
h 4
—=—. (7.10)
o o

We have obtained the criterion of similarity (7.10). This means that some
dimensionless combinations of the signal parameters must equal to the analogous
combinations of the model parameters. By Eq. (7.10) we get as well

¢ C
R/ — (7.11)
vk L

The above equation implies that two of the three parameters R, C, L can be
chosen freely but the third one is obtained from (7.11).

When we have a model (the electrical system) we can measure the period
of damping vibrations 7', and then determine the period of vibrations in the
mechanical system (the original) in the following way

T =kT' (7.12)

where

1
1 o C B
ki = — = — = = , 7.13
"The o« I kLC (7-13)
B

There is another often applied method of obtaining similarity criteria, namely
the transforming equations of both the original and the model into the same
dimensionless form, and the imposing of identity conditions on the form of
the equations and their coefficients. The vibration phenomenon will be described
by the only one dimensionless differential equation of second order. We introduce
to the original and to the model, the following dimensionless values

@ ! qg ,_ 1
=—, L=+ = —, H=— 7.14
®1 p =7 q1 7 1= (7.14)

where ¢g, qo, T’ and T are values of the angle and the charge, and the time (period).
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Inserting (7.14) into Eqgs. (7.1) and (7.3) we get

Bo L oy Mo cos 2 (7.15)
— = — -cos2mty, .
kT2 kT(pl @1 koo 1
LC§, RC, U,C
— 4+ —q1+q1 = -cos2mty, 7.16
77 it a . 1 (7.16)
since the cosine input values are assumed to be the same, namely w7 = 2,
o'T' =27, o't = wt.
One can assume that % = % = T7 = 1, which implies #; = ;.

Equations (7.15) and (7.16) possess the same independent variable #;. The quan-
tities ¢ and g; are dimensionless, so the original and the model can be represented
by the second-order differential equation

(T2p* + Top + 1)x = K cos 27t (7.17)
where
_d
P=g
X =¢1 =41,
B LC
h=vm=7a (7.18)
o RC
T kT T T
My, U,
koM _ UC
ko qo

One can say that the obtained relationships are equivalent to (7.10), (7.11).

Now, let us come to the third way of determining similarity criteria between
the original and the model, using Egs.(7.4) and (7.5). Each of the equation
terms (7.4) or (7.5) possesses the same dimension. The terms can be written in the
following way

2]-[] -

dividing the above equality by [t%] we get

[1] = [ht] = [«?£7]. (7.20)
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This implies the products At and «¢ are dimensionless combinations of dimen-
sional quantities for the mechanical system. Similarly, with regard to Eq. (7.5) we
get that the products 4’t’ and «'t’ are dimensionless combinations of dimensional
quantities for the electric system.

Newton formulated the following law of similarity of two phenomena.

We say that two phenomena are similar to each other when the quantities occurring in the
equations which describe the phenomena form dimensionless combinations are of equal
values.

In regard to the analysed example, the similarity criteria are the following
ht =h't’ and ot =o't (7.21)

which lead to (7.10).

The example was based on the knowledge of equations describing the phenomena
in the original and the model.

Now, we will try to determine similarity criteria only through the analysis of
physical quantities characterizing the phenomenon (the equations describing the
phenomena are unknown), basing ourselves on dimensional analysis.

Every dimensional quantity can be presented in the following way

Q = gx{'x3 ... xg", (7.22)
where X1, ..., X, are dimensional units, g is dimensionless, and a1, ..., a,, are real
numbers. As an example, letusput | W = I1Nms™! or g = 9.81 ms™2.

Let n dimensional quantities Q1, ..., O, be given in the description of the exa-
mined phenomenon, however only m measurement units are required to complete
the description, n > m. It turns out that the choice of these m measuring units is
free provided that the condition of dimension independence holds.

We say that the quantities 01, ..., Q,, are dimension-independent if the equality
01'07...0m=y,y>0,y.r1...w €R (7.23)
impliesri =r,=...=r,=0andy = 1.

Example 7.1. Show that the displacement s, the acceleration p and the force F are
dimension-independent.

According to (7.23) we have
sl‘] pl‘2 Fr} — )/’
and after taking into account the dimensions

m' (ms—Z)"Z (kgms—Z) 3 — makgosa,
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or equivalently
m' +r2+l'3kgr3s—2r2—2r3 — mokgoso
Equating the exponents of the same bases we get

r+r+r =0,
r3 =0,
=2(r2+1r3) =0,

hence
ry =ry=r3 =0

which proves that s, p and F are dimension-independent.

One can do it in another way. On this purpose, one must determine the rank of
the exponents matrix of each dimensional quantity. For the considered case from the
example 7.1 we have

m | kg | s
s | 110
p|l11]0 | =2
F|1 |1 -2

Three quantities s, p and F are linearly independent because the determinant of
third order is nonzero, i.e.

10 0
10-2 ‘?:ﬂ 2
11-2

If there are m of the n dimension-independent quantities, then it is easy to
determine n — m non-dimensional combinations of these quantities referred to the
form

L1 A2 rm1 _
Om+10, ) Omt =y,

02017057 ... Q0w = 12,
(7.24)

QnQII'I.nmeSZ.nfm . :’;n.nfm = Yoo,



260 7 Theory and Criteria of Similarity

or of analogous form referred to the model (prime mark):

/ / /
Q,/n_HerH 2r2,1 L Q";m,l — yl/s

’ m2 /22 fm2 __ .1

Q29 2 o Ym =V

! A/Ttn—m A/T2.0—m "mp—m __ 1
Qn Ql 2 e m = )/n_m,

The similarity criteria in number n — m are obtained from the equations
/ /
Yi=VY1s--s¥Vn—m =Y n—m-
Let us introduce the following scales of independent quantities

k,-:%,i:l,...,m

~X

and dependent quantities

Qm+l
kmy1 = ——,
m+1

(7.25)

(7.26)

(7.27)

(7.28)

After dividing both sides of Egs. (7.24) and (7.25), and making use of (7.26)—

(7.28) we obtain
Kk kS Lkt =1,
hence
k1 =k, "k, k™
Product of type (7.24) takes the form
at® =y, ht’ =y,

where « and & are dimension-dependent.
From the first equation (7.31) we have

hence a = 1, and the first invariant takes the form

at = y.

(7.29)

(7.30)

(7.31)

(7.32)

(7.33)
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The second equation (7.31) leads to determining the second invariant of the form
ht = y». (7.34)

Analogous considerations, carried out for the electrical system, lead to determi-
ning invariants of the form

o't =9y, and Kt =y, (7.35)
Since we get the following similarity criteria
at =o't’, and ht = W'Y, (7.36)

dividing both sides we get the invariant
=1, ——-===1, (7.37)

thus kakt = l,khkt =1. O
At the end, we consider the procedure of transforming Duffing’s equation into
dimensionless form.

Example 7.2. Letus analyse an oscillator described by the second-order differential
equation

d’u _
ﬁﬁ'f(bl) =0.

We Maclaurin-expand the nonlinear function

_ _df 1_,d*f 1 _,d3f
Let us take
d*f df

hence the resulting equation takes the form

d’i  _df 1_,d3f
ar POt e @ =

After introduction of the following non-dimensional quantities u = il ™', t =
fT" one gets
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| d*u df 1 ,.d3f
- =L 28311 0) =
T2 902 +uldﬁ(0)+6u e (0) =0,

which leads to the equation

d2u df
hiig T2,
ar T

3
0) + éu?’Tle% 0) = 0. (%)

Assume that
df
y i =1
[ du (0):| ’

what follows from the often applied combination [F 7%/ML] = 1, where L is the
length, T the time, M the mass and F the force. Note that [ /] = Nkg™", [i] = m,
[Tz] = 52, and hence

d

[TZ—{(O):| = s2(kgms kg 'm = 1.
du

Equation (x) takes the following dimensionless Duffing-type form

d2
—u+au+bu3=0,

dr?
where:

_dart
" du

_ld3f*
6 dud

_ /T

0. f*=%

a ), b

Transformation of the dimensional equation into dimensionless one has a signi-
ficant meaning. It enables to generalize the results, i.e. transition from one scientific
discipline to another one, e.g. from mechanics to electrics. Moreover, transforming
equations into dimensionless form sometimes allow the number of parameters to
be reduced significantly. It has non-trivial meaning in analysis, especially during
numerical computations. O



Chapter 8
Model and Modelling

8.1 Introduction

The concept of model has deep historical roots and definitely it is not unambiguous.
Especially it is used in both common life and science. In this book, we think of
a model as a simplified representation of the reality. Depending on the goal of
investigation, a human makes some simplifications intentionally leaving the real
system without many details and many features, which are unnecessary from the
awaited goal viewpoint.

The concept of model is very broad. In sociology, culture is treated as a collection
of behaviour models and human activities. In linguistics, in the case of colloquial
language, grammatical rules and writing are models.

The ideal scientific theory should include a collection of minimal axioms
(principles and concepts taken without proof). One can obtain, basing oneself on the
axioms, a solution of any problem with the use of formal logic, i.e. mathematically.
It turns out that complexity of phenomena around us, as well as limitations
originating from creative abilities of Man makes a scientific theory impossible to
apply.

The examining processes proceeding in the reality is performed by means of
suitable mathematical apparatus, based on the earlier chosen mathematical models.
The structure of mathematical model is the key to describing phenomena and
processes. It should be emphasized that any mathematical model is approximated
and is not adequate to the process it describes.

When one constructs a mathematical model, one tends to catch the most
characteristic features of the analysed process. On the other hand, the mathematical
model should be quite simple and it should provide necessary information about
the process under consideration. Consequently, some singularities of a process
are completely taken into account, others at a certain degree and the rest is
ignored. We say about the so-called idealization procedure and the success of the
investigation strongly depends on this procedure.
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In order to make use of mathematical apparatus in practice, any problem should
be simplified. Only experiments can verify the assumptions, the ones that should be
verified not only physically but also mathematically.

One does not require experiments related to problems, which do not differ from
each other too much, while qualitatively new problems require new experiments
since the introduced simplifications can lead to physically unrealizable conclusions.
During the idealization procedure it is necessary to introduce a kind of order of
its elements by comparing them.

For example, if one of the system elements is 1 cm long then a natural question
arises, namely: is this length small or large? Only initial formulation of the problem
can give an answer to this question. It is obvious that when we examine the motion
of an orbiting satellite, we can assume that 1 cm is negligible. On the other hand, if
we consider distances between molecules then 1 cm is huge.

Let us take another example. It is well known that air is compressible. Does one
always need to take into account the compressibility of air? Again, it depends on
initially formulated problem. If an object moves in air at small velocity V, then we
can neglect the compressibility. However, if the velocity is high, even close to the
speed of sound or higher, then we must take into account the compressibility. In this
case, it is convenient to introduce a dimensionless quantity M = % called Mach
number. It plays an important role in aerodynamics.

For example, as M <« 1 one can use the idealized model of incompressible
fluid, however at larger values of Mach number the compressibility of air should
be taken into account. We have the similar situation during the building of a
mathematical model and in other branches of science or technology, where other
characteristic dimensionless numbers play an important role. These numbers are
formed as combinations of three dimensionless quantities, such as: length L, time
T and mass M. For the sake of convenience, one assumes that the dimension of
the combination F 72/ ML equals 1 (where F is force). In other words, one of the
quantities F, T, L and M can be chosen freely.

The concept of model can be defined in regard to a language L. In this case, the
model consists of the universal set U containing all the objects under examination
(symbols), which are significant from the goal of examinations viewpoint, and the
map from L to U, called an interpretation function.

From the viewpoint of logic, a theory is defined as a consistent collection of
sentences. The Austrian scientist Kurt Godel stated the theorem of consistency,
which says that a theory possesses a model if and only if it is consistent. This means
that theory can lead to the contradiction. Gédel’s theorem, proved in 1931, allows to
verify correctness of a theory through the examining of its models. It follows from
the Godel’s theorem that the theory T proves the sentence X if and only if each
model of T fulfils X. Validity of a statement X is proved on the basis of statements
belonging to the theory 7', axioms and proving rules of classical logic.

Besides Godel, the Polish mathematician and logician Alfred Tarski had an
impact on the theory of models, called logical semantics. Tarski claimed that in
a theory there must exist true statements, which are not proved by the theory.
He emphasized the importance of meaning (semantics) of the examined statements



8.1 Introduction 265

and not only their syntactical relations. He pointed the attention that equivalence
of syntactic and semantic consequences exhibits only internal equivalence of the
theory but it does not allow to conclude about the validity of a sentence as a result
of the analysis of syntactic relations.

In the 1960s of twentieth century, mathematicians and logicians obtained many
significant results so that the theory of models isolated from logic as an individual
science.

The reality around us is so rich that sciences which so far have not under-
gone absolute formalization and their results are based on deductive reasoning
and intellectual evaluations dependent on subjective media. With regard to rich
development of mathematics, a natural tendency of a researcher is to introduce a
mathematical model, i.e. applying mathematical apparatus for description of the
examined object or process. Most of the sciences undergo such an approach. One
needs to mention such sciences as: mechanics, electrical engineering, physics,
biophysics and biomechanics, biology, economy, sociology, medicine or even
politics sciences.

Most of the examples given in this book and concerning the modelling will
be related to applied sciences. Nowadays, it is difficult to imagine life without
engineering achievements based on mathematical fundamentals. This concerns civil
engineering, construction of airplanes and spaceships, transport of people and reso-
urces, production of machines and mechanisms, control of complex technological
processes, novel solutions in bioengineering, or various solutions in electronics and
high technology.

With regard to rapid changes and achievements in science, particular scientific
disciplines underwent the transformations, which originate from the expectations
imposed by the industry, as well as tendency to being interdisciplinary. The field
of interests of mechanics ranges from atomic to astronomic phenomena. The tools
of mechanics are used by physicists, biologists, chemists, ecologists, physicians,
economists and even cryptologists which proves its interdisciplinary.

There exist indissoluble relations between mathematics and mechanics in histo-
rical course and one pointed out how the development of one of the mentioned
scientific disciplines positively influenced the development of the second one.
For example, problems appearing in a field of interests of mechanics stimulated the
development of such branches of science as theory of dynamical systems or theory
of optimization. Mechanics was a source of rise of individual scientific disciplines
such as theory of control or theory of bifurcations and chaos.

Mechanics, in the sense of Godel’s approach, is a theory represented by
the system hierarchically ordered. The highest level of the hierarchy is usually
connected with a description of the whole “macro-body” with the use of time-
varying parameters. On technical purposes, from mechanics one isolates mechanics
of materials, solids mechanics and fluids mechanics.

Mechanics makes use of classical tools of fundamental physical laws, when
relatively small number of material points is taken. While the number of these
objects increases (in the case of molecules and atoms) then mechanics makes use
of phenomenological theories. It turns out that there is no model, which describes



266 8 Model and Modelling

transition on the basis of the knowledge concerning particular basic elements
of structures such as atoms and molecules. Mechanics allows for explaining
many biological or medical problems such as biological structures or hemostaza
processes. The attention should be paid to biomechanics—a new and dynamically
developing branch of mechanics.

It should be emphasized that examining any continuum medium is connected
to the analyses of fields of displacements, deformations, temperature, velocity,
acceleration and stress, but these fields vary in time randomly.

The outlined portrait of contemporary mechanics points the difficulties related to
the theory of modelling. Moreover, modelling in this domain of science, supported
by computational methods, gives hopes connected with solving of many courageous
problems in the future such as: predictions based on computer simulations of
properties of natural objects, working out new and complex models of continuum
media, working out transition techniques from nano to micro scales, modelling of
biological systems or yielding new materials of the desirable properties.

8.2 Mathematical Modelling

Let us start from the definition given by Gutenbaum [107]. A mathematical model
is a collection of symbols and mathematical relations, and the rules how to operate
them. The mentioned symbols and relations refer to specific elements of the
modeled part of the reality. Interpretation of symbols and mathematical relations
made a model come into being. Mathematical modelling is characterized by two
essential features:

(1) interdisciplinarity (introducing the language of formal logic enables to examine
many various scientific disciplines);

(i1) wuniversalism (the same mathematical model can be applied in different bran-
ches of science).

Great scientists of eighteenth and nineteenth centuries pointed that applying the
rules of mathematics and logic awaited empirical verification. Since mathematics
and logic is a product of the human mind, and the latter undergoes evolutionary
process according to the laws of the nature, then one can expect that the product of
the mind is also consistent with the nature. Consequently, the product possesses a
corresponding real element of the being.

There are many examples of application of outwardly pure abstract products,
e.g. non-Euclidean geometry or Boole algebra. The aim of mathematical modelling
is to describe our reality. An experiment is an ultimate verification of modelling
correctness.

In general case, a sequence of events leading to appearance of a mathematical
model is depicted in Fig. 8.1.

Mathematical modelling is successful and reaches sciences, which have
been regarded as being resistant to mathematizing as e.g. history. Geometry
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Fig. 8.1 Thinking process leading to the appearance of a mathematical model

undergoes unbelievable mathematical regime, as Spinoza (1632—-1677) emphasized.
He presented his philosophy in “a geometric manner” using definitions and axioms.

It was Galileo (1564-1642), who introduced mathematics into physics and
Lavoisier (1743—-1794) introduced mathematics into chemistry. In order to fami-
liarize with the modelling procedure we will focus on mechanics.

8.3 Modelling in Mechanics

In order to examine an object or a phenomenon we are interested in, first we must
build its physical model. A physical model is understood as a conception of physical
phenomenon description and determination of parameters having the influence on
its course.

The model should accurately represent processes proceeding in the real object.
On the other hand, the model should not be too large. The next stage of modelling
is the building of a mathematical model that is understood as mathematical
formulation of physical laws. A mathematical model can be represented by algebraic
equations, ordinary or partial differential equations, differential-integral equations,
difference equations or difference equations with a delayed argument.

Although a mathematical model of a phenomenon should describe real condi-
tions as accurately as possible (modern computational methods enable to analyse
very complicated models with nonlinearity, stochasticity and various types of
external interactions involved), it can happen that the costs connected with the
analysis of so complicated problems are very high. Moreover, sometimes very
simple models are sufficient to describe a phenomenon.

In the case of analysis of construction, one can treat the analysis as a system
of coordinates, which are decision variables (constructional) and parameters from
mathematical viewpoint. Moreover in the case of modelling of construction, one
often makes use of a simplified model at the preliminary stage, while in final stages
the model is more complicated.

The goal of mathematical description of construction is mathematical formula-
tion of all constructional features, i.e. geometrical, material and dynamical ones.
On the other hand, one needs to remember that constructional conditions make
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functional limitations. A complete mathematical model of construction covers
determination of decision variables, determination of a set of good constructions
and creating an optimization criterion—an objective function.

Mathematical models of construction can be classified as follows:

a) deterministic—all parameters are determined and each decision corresponds to
one value of the objective function;

b) probabilistic—one or a few parameters are random variable with known
probability distribution;

c) statistic—one or a few parameters are random variable with unknown probabi-
lity distribution;

d) strategic—one or a few parameters can take on one of the determined values.

It is worth noticing that dynamical processes proceeding in a physical model
are not accurate reflection of a real phenomenon but they rather present the actual
knowledge about the examined phenomenon.

The differences between a real process and a process proceeding in a physical
model are called disturbances. By the notion of disturbances we understand
unknown or known influence of small changes of the system parameters on the
process. This influence is intentionally ignored.

In order to understand the concept of disturbances better, let us consider an
example of mechanism with ideally stiff links. Assumption of such a model is a kind
of approximation, since in a real mechanism there are many (omitted) phenomena
described by equations of theory of elasticity, rheology, fluid mechanics and others.

A mechanism with susceptible links can make the same movements as a mecha-
nism with stiff links (classical), but additionally these movements can interfere with
vibrations, which are connected with deformability of the constraints. The motion
of a classical mechanism, called the base motion, is perturbed by additional motion,
namely vibrations in this case. This additional motion will be called a disturbance
of the base motion.

This observation also led to an original method applied in a new branch of
mathematics and physics, namely the asymptotology. Due to the introduction of
a naturally occurring quantity, namely a small parameter (perturbative), there exists
a possibility of suitable separation of equations describing a modeled phenomenon
into several systems. The systems describing processes, which differ in terms of
only magnitude of some characteristics can be solved separately, that significantly
simplifies the computing procedure. Next, the obtained particular solutions are
combined into asymptotic series.

The next stage of modelling is the analysis of equations describing dynamics of
machines. The analysis is performed in various ways, depending upon a type of the
equations. Generally, one can isolate some essential steps applied at this stage. First,
one seeks analytical solutions of such equations. One can do it if one deals with a
linear mathematical model. It turns out that even very simple nonlinear systems
do not possess unique solutions or it is very difficult to find solutions. Then, one
uses analytical methods for finding approximated solutions based on elementary
functions.
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Such solutions allow for at least initial to familiarize with qualitative and often
with sufficient accuracy quantitative dynamics of the system. However, so far
numerical methods have been widely used in the analysis of the equations. On a
present level of development of calculating machines (computers) and numerical
methods, very many problems of dynamics of machines can be successfully solved.

Finally, the last stage of modelling covers the choice of system parameters so
that one achieves the required dynamical properties. The choice is made within a
framework of synthesis and optimization.

The next step, after synthesis and optimization, is a construction of a machine
or a mechanism, which should be optimal with respect to the chosen optimization
criteria. The detailed principles of constructing follows:

(a) functionality;

(b) reliability and durability;

(c) efficiency;

(d) lightness;

(e) cheapness and availability of materials;

(f) producibility;

(g) easiness of usage;

(h) ergonomicity;

(i) agreement with current norms and regulations;
(j) corrosion-proof and resistant to changes of temperature;
(k) aesthetics.

The optimization procedure can be defined as the choice of an element from a
given set with regard to an order in this set [94]. Different variants of construction
or control of particular processes can be included in the set. The set of solutions is
usually bounded to the set of admissible solutions. Numbers (Euclidean space) or
functions (Hilbert space) are components of a vector of decision variables.

The operator transforming an admissible set ¢ (or space of solutions E) into
another set ¢, (or quality space E,), which is called a set of attainable objectives is
said to be an optimization criterion Q. The optimization criterion can be treated as
a hypersurface located over the admissible set.

If E, = R"(m = 2,3,...), then the operator Q(qi,..., Q) associates each
element belonging to the admissible set (¢)) with m numbers characterizing the
quality of the element. This is a job of poly-optimization, since m components of a
vector of the function Q correspond m different optimization criteria. An element
of a subset of m-dimensional Euclidean space Q(x) = (q;(x), ..., Omn(x)), called
an objective vector for a fixed vector of decision variables, is a set of m numbers
determining the value of particular quality coefficients. It is worth noticing that
dimension n of a vector of decision variables does not depend on dimension of a
vector of quality coefficients m1.

From mathematical point of view, by optimization we understand finding such
an element x* € ¢, that for x # x* the values of Q(x) are not less than the values
of a quality functional at the optimal point x*, i.e. (x* € ¢) : Areg O(x) > OQ(x™).
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*

The point x* = (x§, ..., X)) is said to be optimal, if the components x{, ..., x,

are optimal values of particular decision variables.

Depending on ¢ and Q we have to do with various optimization tasks. If an
admissible set has a finite number of elements, then a problem of optimization is
discrete. A problem of optimization is continuous if we have to do with continuous
variation of decision variables. When we have to do with both mentioned tasks of
optimization, then problems of optimization will be mixed.

Problems of optimization can be classified as problems with and without
limitations, and static or dynamic problems. The case of static analysis in E”
belongs to a problem of linear or mathematical programming. If the dimension of
Euclidean space is 1, then we have to do with minimization of a function of single
or multi variables in one direction.

In the case of dynamical optimization, admissible solutions are elements of
infinite-dimensional space, i.e. they are functions of independent variables. In prac-
tice, we mostly have to do with optimal choice of controlling, while an admissible
set is given by equational and inequational constraints, and differential equations of
a state.

Optimization problems can be classified with respect to the way they are solved.
Generally, optimization problems can be classified as partial problems, and then we
say about the decomposition of a problem. Iterative and statistical methods belong
to the computational methods of optimization.

Besides the mentioned theoretical analysis, one should perform experimental
research. The goal of such an examination is identification of elements of a phy-
sical model, identification of a mathematical model and verification of theoretical
considerations. The experimental research is often performed in parallel with the
theoretical research.

By the occasion, it is worth paying attention to significance of modern research
techniques supported by reliable mathematical methods. As an example one can
mention constructions consisting of non-uniform shells of various thickness. It turns
out that the most reliable results can be obtained by using modern experimental
methods.

There is a scheme of elements of modelling in dynamics of machines depicted
in Fig. 8.2.

One distinguishes two classes of physical models. Structural models, belonging
to the first class, whose organization is similar to organization of the analysed object
and there exists correspondence between the elements of the object and model.

In the case of mechanical models, one distinguishes continuous and lumped
models. The first ones are systems with continuously distributed parameters and
they are usually described by means of partial differential equations, integral or
differential-integral equations.

Lumped mechanical systems are described by ordinary differential equations
and are simpler than continuous ones during the analysis. That is why continuous
systems are often approximated by discrete systems. Moreover, one distinguishes li-
near and nonlinear models which are described by linear and nonlinear equations
respectively. Usually, linear systems are approximations of nonlinear ones because
the world outside is nonlinear.
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Fig. 8.2 Scheme of modelling stages in dynamics of machines

It is worth emphasizing that we will consider rather simplified mathematical
models generated by problems related to nonlinear dynamics of machines. More-
over, we will show, even in regard to complicated systems of nonlinear equations,
how to obtain much information, desired by engineers concerning the behaviour of
the systems with the use of an associated simplified model, which is very often a
system of linear differential equations.
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Further considerations will be carried out on the basis of a mathematical model
described by the equations

dyy
dt

= F(t,y1,...,yn), s=12,...,n, neN. 8.1)

This is a very general formulation of equations. The processes proceeding
between ideally stiff bodies, ones connected by a massless system of stiffness and
damping can be brought to these equations. The system (8.1) needs more discussion.
First of all, it is in normal form i.e. derivatives of the quantities are on the left-hand
side of the equation. It can happen that the system F;(¢, y1,..., Yn, Y1,---,Vn) =0
is implicit, however such problems will not be discussed here. Most of methods and
textbooks on numerical solutions of ordinary differential equations concern a system
of the form (8.1). Moreover, the right-hand side of the system (8.1) is continuous,
thus some of the processes proceeding in dynamical systems are not modelled by
the system (8.1).

The techniques of transforming mechanics problems into a system of differential
equations (8.1) are described in many textbooks on mechanics and will not be
discussed here. With regard to a problem or needs of a user, on the medial stage
leading to the system (8.1) one uses Lagrange’s equations of the first or second kind,
Lagrange’s equation with multipliers, Boltzmann—Hamel or Maggi’s equations (see
[12,13]).

The state of a dynamical system is described by yi, ..., y,,t, where ¢ designates
time, while yy, ..., y, for each fixed # > 7y > 0 take on real values. The Cauchy
problem connected with the system (8.1) requires a “starting point”, i.e. imposing
initial conditions of the form y(#y) = yo, thus for the initial instant a state of the
system is known, i.e. y19, 20, - - - » Yn0-

Moreover, assume the function F is defined, continuous and its first derivative
with respect to y is continuous as well forallt € I =1 :¢t >ty > 0and ||y|| < oo,
where || - || denotes the norm.

The mentioned assumptions ensure for each zp > 0 and ||y|| < oo local existence
and uniqueness of solutions as well as their continuous dependence on the initial
instance Yy in the finite time interval.

Moreover, we will deal with only such a class of equations for which solutions
can be extended to 400, and this covers most of mechanical systems. Assume we
know a particular solution to the system (8.1)

ys =@s(t), s =1,....,n, (8.2)

while ¢;(f)) = @s0. This solution for ¢ > #, means that for each value of ¢ the
instantaneous state of the system is generated by the initial state.

This raises a question: can one, on the basis of proximity of two states (proximity
of two sets of initial conditions), come to conclusion about the distance between
these two states as t — oo. Theory of stability of motion deals with such problems.
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8.4 General Characteristics of Mathematical Modelling
of Systems

One can distinguish the following types of models of systems connected with the
goals of modelling:

(i) phenomenological model—describes and explains functioning of a system;
(ii) prognostic model—allows for predicting the behaviour of a model in future
even when there are different conditions of environment interactions;
(iii) decision model—allows for a proper choice of input interactions satisfying
required conditions;
(iv) normative model—allows for a proper choice of parameters and structure of a
model for realization of particular tasks.

As one already mentioned, mathematical models should be compatible with
the modeled system and easy in usage on the basis of the modelling procedure
in mechanics. Verification and validation of a model plays a crucial role during
the modelling procedure. Comparison of results obtained during the modelling
procedure with a modeled object conserved (piece of the reality or more complex
medial model) with respect of theory and experiment is called verification of a
model.

The following criteria decide about consistency between an original and
model:

(1) Internal, based on formal consistency (no logic and mathematical con-
tradictions) and algorithmic (correctness of functioning of computational
algorithms);

(i) External,based on heuristic consistency (ability of interpretation of phenomena
or verification of hypotheses and formulation new research task) and pragmatic
(evaluating whether a built model is good).

In 1976 Zeigler [251] formulated the following types of consistency:

(i) Replicative—relies on evaluation of consistency with the same data as one used
during identification of models;

(ii) Predicative—relies on evaluation of consistency with the modeled system
under another conditions than during the performance of identification of a
model;

(iii) Structural—relies on preservation of consistency also with respect to the
structure of a model.

8.5 Modelling Control Theory

Now, we deal with modelling in automation and control theory which can be suc-
cessfully applied in scientific disciplines such as: mechanics, electronics, physics,
civil engineering, chemistry, chemical and process engineering, biochemistry and
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biomechanics, materials science and others. Moreover, many conceptions of the
mentioned sciences can be easily transferred to another system, which is an object
of considerations of cybernetics, psychology, linguistics or other arts. This chapter
is based on the textbook [37].

Classification of control systems is performed on the basis of assumed criteria.
One of the most important criterions is the one of required initial information (a
priori) about a controlled system. According to this criterion, automatic control
system can be divided into:

(i) ordinary control systems;
(ii) adaptive control systems;
(iii) distributed control systems.

Ordinary control systems require some initial information about a controlled
process, i.e. detailed information about properties, equations, characteristics and
parameters of the process before the start of controlling. Such systems are charac-
terized by a constant structure and time-invariant values of parameters of particular
elements during the system operation.

Ordinary control systems are widely discussed in literature and applied in prac-
tice. Since conditions variation of many physical processes is slow in time enough, it
is sufficient to apply ordinary control systems (instead of more complicated control
systems, namely adaptive ones).

In Fig. 8.3 one presented classification of ordinary control systems.

Ordinary control systems

Open-loop control systems Closed-loop control systems

Program-following

control systems
y Constant-value control systems

(stabilizing systems)

Disturbance compensation
systems

Programming systems

Follow-up control systems
(tracking systems)

Fig. 8.3 Classification of ordinary control systems
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8.5.1 Ordinary Automatic Control Systems

Principles of operation and basic structure of control systems of different types will
be presented in block diagrams.

8.5.1.1 Open-Loop Control Systems

Open-loop control systems constitute a group of systems, in which there is no
feedback, which makes the input dependent on a selected output quantity. This type
of systems requires complete initial information about a controlled system (process)
with regard to the lack of feedback. The operating information is contained mainly
in controlling and disturbing quantities. Open-loop control systems can be divided
into open program-following control systems and open systems with disturbance
compensation.

Principle of operation of an open-loop control system is depicted in Fig. 8.4.

Such systems perform jobs in order, preset by a controller, independently of the
state of a controllable quantity y and disturbances acting on a plant (an object to
be controlled). A correcting element in the system is necessary, when the response
v, of the object to the disturbance z differs from the response y, of the object
on the control signal u, and this can occur in both stationary and transient states.
An amplifier is an element of the system which amplifies its output by means of the
energy E, taken from outside.

Open program-following control systems very often occur in processing industry
in machines such as: numerically controlled machine, cyclic automata, etc. The
information (program) is stored in controllers (memory devices), e.g. magnetic
drums, perforated tapes or diskettes. The information in digital form is delivered
to actuators and ensures the preset order and parameters of the procedure. In the
similar way mechanical copy devices operate, in which a program is contained in a
suitable type of cam mechanisms. Another example of an open-loop control system
is control of the traffic lights.

A block diagram of an open system with disturbances compensation is depicted
in Fig. 8.5.

Open systems with disturbance compensation are used to reduce undesirable in-
fluence of the environment (disturbances) on a process or object to be controlled by
means of measurement of these interactions and compensation, which is performed
by the additional inverse interaction on the object. The operating information is
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Fig. 8.6 Block diagram of a constant-value control system with a regulator of indirect operation

contained in disturbing quantities, but one needs to choose only those disturbances
which influence the process most, since it is impossible to cover all disturbing
interactions. As an example of this kind of systems, one can mention thermo-
compensation systems in sensitive measurement devices.

8.5.1.2 Closed-Loop Control Systems (Automatic Control Systems)

Closed-loop control systems operate on the basis of the negative feedback principle,
in other words measurement of the output quantity of an object (controllable
quantity) and comparison of this result with the preset value of this quantity.
Hence, a signal of control deviation arises. So the operating information is contained
in the controlled signal itself. The initial information about a process to be controlled
must be moderately complete, however less so than in open systems.

A control system with single controlled quantity and single feedback loop is
called a one-dimensional system, while systems with many controlled quantities are
called multi-dimensional.

Closed-loop control systems can be classified as follows: constant-value automa-
tic control systems (stabilizing), program-following automatic control systems and
follow-up control systems (tracking systems in other words).

A block diagram of a simple constant-value control system is depicted in Fig. 8.6.

As one can see in Fig. 8.6, the system possesses a backward feedback loop
running through the meter of the controlled quantity y. Thus, it is a closed system.
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In the main loop of the system there is an amplifier supplied with the energy E,
besides an actuator, adjuster and plant.

In consequence, the signal power from the controller is amplified and such
systems are called systems with a controller of indirect operation. Otherwise, if a
regulator does not amplify signals (there is no amplifier), then we have to do with
simple systems with a regulator of direct action. A characteristic feature of constant-
value control systems is constant value of the presetting quantity (w(¢) = const.),
which can be varied (if necessary) by means of various inputs w, adjusted in the
controller by means of handwheels. On the preset level w of the controlled value y
the system will stabilize its course despite the undesirable disturbance z interaction
on the object.

Control systems containing one loop of control are called one-loop systems.
Such a system is depicted in Fig. 8.6. However, both one-dimensional and multi-
dimensional systems can be multi-loop.

A set of elements of a simple regulator of indirect operation (see Fig. 8.6) is not
always sufficient in practice. One introduces correcting serial and parallel elements
into the system in order to ensure the necessary stability of operation, suitable
quality and accuracy of control.

A block diagram of such a stabilizing one-dimensional system (which is then a
one-loop system) is depicted in Fig. 8.7.

Constant-value control systems are the largest group of control systems, which
are encountered in practice.

The second group of closed-loop control systems is different from stabilizing
systems by that the presetting quantities w(¢) (preset values of controlled quantities)
vary in time according to the program introduced by the service of the controller.
Thus, these quantities are known, programmed functions of time (w(t) = f(¢)).

A block diagram of the program-following control is similar to that in Fig. 8.7
but instead of an ordinary controller a program controller occurs. The controllable
quantity y varies according to the program stored in a controller. Follow-up control
systems do not possess a controller. The presetting quantity w(¢) is a random,
previously unknown function of time (w(t) = f;(¢)). The controlled quantity y
follows or tracks the course w(z).
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Fig. 8.7 Block diagram of a stabilizing system with a serial and parallel correcting element
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In practice, one can also meet combined systems (closed-open), where feedback
loop occurs with section of disturbances measurement.

8.5.1.3 Adaptive Automatic Control Systems

Adaptive control systems are such systems in which required initial information
about a controlled process or object does not have to be complete. This means that
in order to ensure the required accuracy and quality control, these systems require
smaller range of the initial information than ordinary systems do. It follows from
the fact that adaptive systems have an ability to adapt to such changes of the object
operating conditions, which result in a change of its parameters or characteristics.

Activities connected with an object control in these systems rely on continuous
or periodic examination of the object, and this results in completing the initial
information.

Cars (changes of the tractive adhesion coefficient, changes of intensity of
wind) and airplanes (changes of flight parameters according to altitude or weather
conditions) are examples of objects, whose characteristics change as the operating
conditions change.

Another type of objects of variable properties are objects with characteristics
possessing extrema. The objective of an adaptive system is to keep an object
operating point at maximal point of this characteristic. An example of such an object
can be a radio receiver, whose circuit must be aligned to the frequency of a received
electromagnetic wave in order to obtain a maximal value of intensity of the received
signals. Another example is a water turbine, whose efficiency coefficient  under
different loads Z; varies according to curves possessing maxima according to the
value of angle o of blades configuration (Fig. 8.8). Keeping a turbine operating point
at maximal efficiency requires an adaptive system.
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Fig. 8.8 Extremal characteristics of a water turbine
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Adaptive systems can be divided into extremal control systems, control systems
with self-adjustable correcting devices and self-optimizing systems. Extremal ad-
aptive control systems refer to objects of characteristics, which possess extrema.
The operating information in these systems is deviations from an extremum of a
particular function of a single or multiple variable and it is not necessary to know
precise position of the extremum at the beginning. In fact, it is sufficient to know
a type of the extremal function and occurrence of the very extremum. The system
gains the lacking information about position of the extremum during the seeking
procedure.

Adaptive systems with self-adjustable devices allow to ensure the stability
and required quality of control under incomplete knowledge of parameters and
characteristics of a plant.

These systems are classified as follows: systems with open adjustment loops,
closed adjustment loops and automatic control of object characteristics, and systems
with extremal adjustment of correcting devices. Additional operating information
in these systems is: information about disturbances influencing the parameters of
a plant, information about deviation of transient processes in the main loop and
information about deviation of quality control from the extremum of this quality.

Self-optimizing systems are a kind of control systems, which improves their
characteristics during the control. The operating information, which concerns the
existing interactions, and conclusions about necessary changes of the characteristics
are gained by the system during the operation. Such processes as: prediction of
occurrence of a random event, classification of complex situations, etc. are the basis
of control algorithm of such systems. These systems are used in e.g. remote control
and optimization of flight trajectories of rockets.

8.5.2 Distributed Automatic Control Systems

Distributed systems constitute a group of systems, which are meant to control
motion of a large number of elements, means of transport or elements of communi-
cation network, etc.

Control in such systems is like playing game between two sides, from which one
side is controlled by the system (computer) but the second side is not. The control
is to ensure the most useful kind of motion of particular elements according to
a criterion called a success function. This function can be e.g. required amount
of transported goods in determined terms at the smallest costs of the transport.
A system which is controlled is a set of means of transport, and the other side,
the uncontrolled one, is a set of goods requirements, which pour in from various
regions of a territory. In such systems, the required initial information about the
uncontrolled side is poor. Only in successive game stages (control) the system gains
the operating information about the other side.

A block diagram explaining the distributed system functioning is depicted
in Fig. 8.9.
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Process to be controlled

Initial information
‘ - the first side

Operating information |
- the first side
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Operating information
- the second side

Initial information
- the second side

Fig. 8.9 Scheme of functioning of a distributed control system

8.5.3 Classification of Control Systems with Respect
to Another Criteria

Besides the main criterion of classification of control systems with respect to initial
information about a process to be controlled, it is advisable to discuss another
classification criteria, which are used in theory and practice.

8.5.3.1 Classification with Respect to Purpose
It covers control systems or automatic regulation systems of: level, intensity, flow,
power, voltage, angular velocity, pressure, temperature, humidity, etc.
8.5.3.2 C(lassification with Respect to Type of Energy of the Control
Factor
It covers control systems such as: mechanical, electrical, electronical, hydraulic,
pneumatic, electro-hydraulic, electro-pneumatic, chemical systems, etc.
8.5.3.3 Classification with Respect to Types of Signals Occurring
in a System
We distinguish here: continuous systems, in which all occurring signals are conti-

nuous functions of time and discontinuous systems (discrete), in which at least one
element generates a discrete quantized signal in time.
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The following systems belong to the discrete systems:

(1) impulse systems, in which quantized in time signals occur, and this means that
output quantities (coming from impulsators) appears only in pulsing instants
(e.g. each 1 second), while the width of the pulse can be constant and the height
can be variable or otherwise. One encounters impulse systems of variable period
of pulsing;

(i1) relay systems, in which output signals of relays attain only two (e.g. zero—
maximum) or three (minimum-—zero—maximum) values, while transition from
one to another level is done, when the input signal of a relay exceeds so-called
switch point.

So-called finite automata belong to the class of discontinuous systems. These are
systems, which take on (under influence of external signals and internal couplings)
finite number of specific states, whose change obeys deterministic or stochastic
rules (algorithms). Thus, a finite automaton will be a simple relay as well as digital
mathematical machine. Complex finite automata can serve for modelling of neural
networks of alive organisms.

8.5.3.4 C(lassification with Respect to Linearity of Elements

Linear systems, in which all elements have linear static characteristics (dependen-
cies between inputs and outputs in stationary states) and are governed by linear
differential, integral or algebraic equations. These are systems, for which one can
apply the superposition principle, i.e. a complete output signal of the system with
simultaneous action of several input signals is equal to the sum of output signals of
the system.

Nonlinear systems are such systems in which there is at least one nonlinear
element, and this makes that the whole system can be described by means of
nonlinear equations, whose analysis is more difficult than the analysis of linear
equations.

In the reality, one does not meet ideal linear elements. However with good ap-
proximation, one can often linearize for technical purposes nonlinear characteristic
in neighbourhoods of operating points of an element.

8.5.3.5 C(lassification with Respect to Character of System Parameters

In this case we distinguish the following systems:

 stationary, whose parameters do not vary in time. In the case of stationary linear
systems, they are described by linear equations of constant coefficients;

* non-stationary (parametric), whose parameters clearly vary in time, mostly
according to known functions of time. Equations describing these systems are
so-called parametric equations, whose coefficients are known functions of time,
e.g. harmonic functions.
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Fig. 8.10 Scheme of a temperature control system in a gas furnace

8.5.4 Examples of Control Systems and Their Block Diagrams

Classify elements occurring in control systems and make block diagrams (structural)
of control systems, which are presented in schematic block diagrams and described
with respect to their destination and operation. Moreover, determine the type of the
considered control systems.

Example 8.1. Description of the system functioning.

The presented system (Fig. 8.10) serves for controlling the internal temperature
of a furnace (1). It is achieved through the change of intensity Q of the heating
medium (gas) delivered to a valve (5) under constant pressure p. The degree of valve
opening is controlled by the electric engine (4), whose angle of rotation depends on
the delivered voltage u,, which is amplified in the amplifier (3) by the voltage u,.
Voltage u, is a difference between the voltage u, on the resistor (2) and the one u,,
on the temperature sensor (6). So, the value of temperature 6 can be changed by the
service through adjusting position of the slider of the resistor (2), which is under
constant voltage u;.

After the analysis of the system functioning one can say that temperature control
is carried on in a closed loop of signals, since the signal u,, from the measurement
of the temperature 6 backward-influences the value of this temperature, which in
turn depends on the voltage u, set on the resistor (2) by the service. The considered
system is a constant-value automatic control system, in other words a stabilizing
system.

Essential Elements in the System

1. Plant—a furnace (1), in which a process of temperature 6 control proceeds by
means of variation of inflow intensity Q of the heating medium.
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2. Controller—a potentiometer (2); with its help the service can preset the required
value of the temperature 6 in the furnace (1) adjusting the potentiometer to the
proper voltage value u,.

3. Summer—an electric circuit of thermoelement connections (6), a potentiometer
(2) and an amplifier (3).

4. Amplifier—an electrical amplifier (3), serves for amplifying a difference u,
voltage u, and u,, to the value, which allows to start the engine (4).

5. Actuator—an electric engine (4), serves for changing the degree of valve opening
(5). Elements mentioned in points 2—-5 constitute a regulator.

6. Adjuster—a valve (5), serves for variation of inflow intensity Q of the heating
medium.

7. Sensor—a thermoelement (6), serves for measurement of the temperature, which
is transformed into voltage u,,.

Essential Quantities Occurring in the Considered Temperature Control System

. Controllable quantity—temperature 6 inside the furnace.

. Input—position “w” of the potentiometer slider.

. Presetting quantity—voltage u, on the potentiometer.

. Processed quantity (measuring)—voltage u,, on the thermo-element.

. Control error—voltage u,, which is a difference between the voltages u, and u,,.

. Controlling quantity (adjusting)—angle o of rotation of an electrical engine shaft
(4) adjusting a valve (5).

7. Adjustable quantity—inflow intensity Q of the heating medium through the

valve (5).
8. Disturbances—opening of the furnace (2), the external temperature 6,, eventual
changes of the supply pressure p.

AN A W=

Basing oneself on the analysis of signal courses in the considered system, one
made its block diagram (Fig. 8.11).

| Q P
W potentiometer 2 Amplifier 3 Uyl Eaginea o Valve 5 0 Furnace | 0
{controller) {amplificr) {actuator) {adjuster) (plant)

Termoel f
(meter)

Fig. 8.11 Block diagram of the system from Fig. 8.10
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Fig. 8.12 Scheme of a system of humidity control of a material band

As one can see, the considered control system is a one-loop constant-value
automatic control system (stabilizing), since there is a negative feedback and the
presetting quantity U, does not vary during the system operation.

Example 8.2. Description of the system functioning.

The presented system in Fig. 8.12 is meant for regulation of tapes humidity of
material moving by means of system of rolls at velocity v. Functioning of this
system is as follows: we insert the material (8) containing some amount of humidity
into a drying chamber (1). The material containing some amount of humidity is
subject to drying air flow of temperature 6 measured by a sensor (6). The humidity
D of the material is measured at the dryer output (1) by means of the humidity
sensor (7). Signals from sensors (6) and (7) in a form of respective voltages Uy
and Uy, are subtracted from the adjusted voltage U,, on the potentiometer (2). The
difference U, amplified in the amplifier (3) arises, then it starts the engine (4), which
change the degree of valve opening (5), and consequently the flow intensity Q. The
value of temperature 6 of the heating medium, which influences the temperature
inside the dryer depends on the flow intensity Q. The temperature inside the dryer
has an influence on the vaporization intensity of humidity in the material.

After the analysis of the system one can say that stabilization of humidity of the
tape (8), coming out the dryer chamber (1) is made through the variation of the
temperature 6 inside the chamber. The signal coming from the temperature sensor
(6) and the signal from the humidity sensor (7) are summed up with the input signal
in the summer. Thus, we have to do with a double-loop system of humidity control.
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Essential Elements in the System

—_—

. Plant—a furnace (1) together with a material (8).

. Controller—a potentiometer (2).

. Summer—electric circuit of the thermoelement connections (6), a humidity
sensor (7), a potentiometer (2) and an amplifier (3).

. Amplifier—an electric amplifier (3).

. Actuator—an electric engine (4).

. Adjuster—a valve (5).

. Sensor—a thermoelement (6) and a humidity sensor (7).

W N

~N N L B

Essential Quantities Occurring in the Considered Temperature Control System

. Controllable quantity—humidity D of a tape (8).

. Input—position “w” of a slider on the potentiometer.

. Presetting quantity—rvoltage U, on a potentiometer (2).

. Processed quantity—voltage U,; and U, from the sensors.

. Control error—input voltage U, on an amplifier (3).

. Adjusting quantity—angle « of rotation of a shaft of an engine (4).

. Adjusted quantity—intensity Q of inflow of the heating medium.

. Disturbances—opening (2) of the drying chamber, the outer temperature 6,,
variations of the velocity v of the tape displacement, variations of the tape
humidity D,,.; on the entry of the furnace chamber.

0NN kW

A block diagram of the considered system is depicted in Fig. 8.13

We can see from the block diagram that we have to do with a two-loop system.
The first, internal loop concerns a temperature control and the second, external
loop concerns the very humidity control. This is a constant-value control system
of the humidity, whose value can be adjusted on the potentiometer (2). There are
two negative feedbacks in the system, and the total control error U, is a difference
between the presetting quantity U,, and two measured quantities Uy, and U,,.

II 3] v D

b bl

W | Potentiometer 2 o| Amplifier 3 U, Engine 4 | O Valve 5 Q Fumace 1 | O teies | D
{controller) (amplifier) (actuator) " (adjuster) (plant) (plant)
T it

D

Sensor 7

Fig. 8.13 Block diagram of the system from Fig. 8.12
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Fig. 8.14 Schematic diagram of the numerically controlled lathe

Example 8.3. Description of the system functioning.

Figure 8.14 presents a schematic block diagram of a numerically controlled lathe.
The machining program of the item is saved on a perforated tape (1). Data read
from the tape in the form of pulses sequence are changed into another kinds of
pulses, from which each pulse corresponds to the precisely determined increment
of the coordinates w and p. It is performed by an interpolator (3). Position of the
board in arbitrary instant of time is measured by sensors (6). The information about
this position is transmitted from the sensors in a form of signals, which come from
the interpolator. Thus, the signals determine the required position of the board in a
given instant of time. When there is a difference between these signals, the electric
engines rotate and move the board by means of a gear, and this makes the difference
vanish.

It follows from the above description that quantities presetting the position of the
board in the form of signals U,,, and U, from the interpolator (3) are not constant,
but they vary according to the treat program saved on a perforated tape (1). There
are also two feedback loops reaching from the sensors (6) to the amplifiers (5). The
considered system is a two-loop program-following control system.
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Essential Elements in the System

[OSTN S

~N N L B

. Plant—a treated object (9) together with a cross slide (7) and carriage (8).
. Controller—a perforated tape (1), a reader (2) and an interpolator (3).
. Summer—an electric circuit of interpolator connections (3), sensors (6) and

amplifiers (5).

. Amplifier—an electric amplifiers (5).

. Actuator—an electric engines (4).

. Adjuster—gears moving the slide cross (7) and carriage (8).
. Sensor—position sensors (6).

Essential Quantities Occurring in the System

AN AW

3

. Controllable quantity—coordinates y,, and y, of positions of the slides.

. Input—configuration of perforation on the tape (1) (w.).

. Presetting quantity—voltage U,,, and U,, from an interpolator (3).

. Processed quantity—voltage U,,,, and U,,, from sensors (6).

. Control error—input voltage of the amplifiers (5)

. Adjusting quantity—angles a,, and «, of rotation of shafts of electric engines

.

. Adjusted quantity—displacements of the slides on the gears
. Disturbances—movements resistance of the slides, technological inaccuracy.

A block diagram of the considered system (Fig. 8.15) is as follows: the consi-

dered system is an example of a program-following control of two loops. The first
loop serves for program-following control of the carriage position and the second
loop serves for program-following control of the cross slide position; presetting

hJ
I ERR IS Yow
_‘lp Reader ’—b@i.{ A30RATeE |l E J| :cn:.'.‘\[c;” F‘I Gear }7"‘{ Carriage >

u

’ U,
Sensor <

‘|

u v
» | 0, )I'
—p % F—w|  Amplifier [—w| Engred | Tpl  Gear [—m sioss ' >
- | (actuator) slide

| Sensor L.
| |

Fig. 8.15 Block diagram of the system in Fig. 8.14
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Fig. 8.16 Schematic block diagram of a register of voltage signals

quantities of these position are obtained from the controller consisting of a reader
of the perforated tape (2) and interpolator (3).

Example 8.4. Description of the system functioning.

Figure 8.16 illustrates the principle of operation of a voltage signals register.
A signal Uy, whose course is to be registered on a tape (8), is delivered to the input
of a correcting element (1), where it is compared with the voltage U,, obtained
from a slider of a potentiometer (2) supplied with a constant voltage U,. Voltage
U, = U, — U, is obtained on the output of the correcting element The voltage is
amplified in an amplifier (3) and then it supplies the electric engine (4). The engine
via the gear (5) and the strand (6) moves the slider of the potentiometer (2) in such
a direction that the difference of voltage U, and U,, decreases. The engine stops
when the voltage U, is zero. The strand (6) moves the pen (7). If the input signal
U, varies, then the slider of the potentiometer will be moved so that the voltage U,
follows the voltage U,. The pen, which is displaced together with the slider saves
on the tape (8) a graph of variation of the input signal U, vs time.

It follows from the description of the system functioning that the input voltage
U, varies arbitrarily and independently of the service. This voltage is followed by
the voltage U,,, whose value influences the position of the slider. The positions of
the pen and the slider depend on the value of U,,. To conclude, the system depicted
in Fig. 8.16 can be classified as a follow-up control system, tracking in other words,
since the position y of a pen follows changes of the input voltage U, and there is a
closed cycle of signals in the system.
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Essential Elements in the System

—_—

. Plant—a pen (7) of the register.

. Controller—it can be an electric device, whose voltage characteristics U, (¢) is to
be registered on the tape (8).

. Summer—an electric comparison unit (1).

. Amplifier—an electric amplifier (3).

. Actuator—an electric engine (4).

. Adjuster—a gear (5) with a strand (6).

. Sensor—a potentiometer (2).

[\
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Essential Quantities Occurring in the System

. Controllable quantity—position y of a pen of the register.

. Presetting quantity—input voltage U,.

. Processed quantity—voltage ,, on the potentiometer.

. Control error—voltage U, on the correcting element (1).

. Adjusting quantity—angle o of rotation of an engine shaft (4).

. Adjusted quantity—displacement of the strand on the shaft.

. Disturbances—resistance of the pen, elongation of the strand, variation of voltage
U, applied to the potentiometer, slides of the strand on a shaft.

~N N BN =

A block diagram of the considered system has the following form.

In Fig.8.17, one can see that this is a tracking system. Its structure is similar
to the structure of a stabilizing system in Fig. 8.11, but the presetting quantity U,
varies arbitrarily and in a completely independent way, i.e. it can be neither adjusted
nor programmed by the service.

Example 8.5. Description of the system functioning.

In Fig.8.18 a schematic block diagram of a system is presented, which serves
for keeping the flow intensity Q constant or in other words a constant discharge
of the liquid in a common part of a pipeline. A discharge Q is, as one can see
in Fig. 8.18, a sum of two discharges Q| and Q,. The discharge O undergoes
indeterminate changes, while the discharge O, depends on the angular velocity of a

i s
Amplifier 3 (—5 Engine4 |— Gear5 [—> Pen7 >

Potentiometer 2

A

Fig. 8.17 Block diagram of a system in Fig. 8.17
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Fig. 8.18 Schematic block diagram of a system of keeping the flow Q constant

pump (1), which is driven by a direct-current motor (2). The motor is supplied with
the constant voltage U, and its revolutions depend on the resistance R of a resistor
(3), which in turn depends on a slider (6) position. The slider (6) position at fixed
length of a mandrel (7) by means of a screw (8) depends on displacement of a sensor
(4) membrane, which in turn depends on the pressure drop on a measuring orifice
plate (5). This pressure drop depends on actual value of the flow intensity Q. As the
flow intensity Q| grows, the resistance R grows as well, and in turn angular velocity
of the engine (2) decreases. Hence, the discharge Q, of the pump (1) decreases.
Thus, the total discharge Q is kept on a constant level. The service is able to change
the value of the discharge Q by changing the mandrel (7) length.

It follows from the description of the system functioning that the system serves
for keeping the discharge QO on a constant level. As follows from the schematic
block diagram, the quantity Q is not measured. The quantity O is measured by
means of the orifice (5) and the sensor (4). One needs to say that there is no classical
feedback in the system. Thus, it is an open-loop automatic control system and not a
closed-loop one. By further analysis we can conclude that it is an open-loop system
with disturbance compensation. The disturbances are certain indeterminate changes
of the flow intensity Q.
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Essential Elements of the System

N —

position on a resistor (3).
. Summer—a resistor (3).

. Adjuster—a pump (1).

~N N AW

. Plant—common part of the pipeline.
. Controller—a mandrel (7) with a device (8) serving for adjusting of its initial

Essential Quantities in the System

. Amplifier—there is none in this system.
. Actuator—an electric engine (4).

1. Controllable quantity—flow intensity Q.
2. Presetting quantity—initial position / of the slider on the resistor.
3. Processed quantity—displacement s of a sensor mandrel (4) corresponding to the

flow intensity Q.

291

. Disturbance sensor—an orifice (5) together with a membrane sensor (4).

4. Control error—increment of the resistance se resulting from the displacement of
the slider of the resistor with respect to the initial position / corresponding to the

resistance R.

5. Adjusting quantity—angular velocity of an engine (2).
. Adjusted quantity—flow intensity 0, from a pump (1).

[@)}

7. Disturbances—flow intensity Q.

A block diagram of a system in Fig. 3.18 has the following form.
In Fig. 8.19 one can clearly see that it is an open-loop control system without
feedback. In this system, there is a slotted line of disturbance influencing the

controllable quantity.

Example 8.6. Description of the system functioning.

It follows from the schematic block diagram (see Fig. 8.20) that the system serves
for controlling of a piston motion (3). It is performed with the use of a programmed
motion of the slider (2) of a hydraulic divider, which guides the oil (which is

Orifice 5 + Sensor 4

Q

A

1 X As(Au
Engine 2

Y

Pump 1

Q

()

Y

Common part Q
of the pipeline ?

Fig. 8.19 Block diagram of the system in Fig. 8.18
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Fig. 8.20 Scheme of a piston motion control

delivered under constant pressure p,) over or under the piston. The device presented
in Fig. 8.20 consisting of a slider divider (2) and a piston, which moves in a cylinder
is called a servo-mechanism. In this servo-mechanism slight movements of the
slider make the piston move. Small movements of the slider requiring small forces
to be applied result in large displacements of the piston (3), which can overcome
significant resistance.

It follows from Fig. 8.20 that it is an open program-following control system
since there is no feedback. This means that there is no connection between
movement y of a piston (3) and movement s of a slider (2) of the hydraulic divider.
The motion s, as can be seen, follows from the cam (1), which is a program of this
motion, and motion of the piston (3) in consequence.

Essential Elements of the Considered System

1. Controller—a cam (1) of a particular angular velocity w.
2. Amplifier—a hydraulic amplifier, which is a slider divider (2).
3. Actuator, adjuster and plant—a cylinder together with the piston (3).

A block diagram of a system in Fig. 8.20 has the following form (Fig. 8.21).
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L» Cam 1 > Hydraulic Q > Cylinder _3;
am amplifier 2 with the piston 3

Fig. 8.21 Block diagram of the system in 8.20

Essential Quantities of the System

. Controllable quantity—movements y of the piston (3).

. Input—curvature of the cam (1).

. Presetting quantity—position s of a divider slider.

. Controlling quantity—degree of gaps opening s; delivering the oil to the engine.

. Adjusted quantity—flow intensity Q of oil in the system.

. Disturbances—resistance R of the piston movements, changes of the pressure p,
of oil supply.

AN AW =



Chapter 9
Phase Plane and Phase Space

9.1 Introduction

A dynamical state of an autonomous system is completely determined by the
generalized coordinates y; (¢) and the generalized velocities y; (t) (i = 1,2,...,n,
where 7 is the number of degrees of freedom). Treating time ¢ as a parameter, a point
of the coordinates (y;, y;) will be a point of 2r-dimensional phase space. Motion
of this point describes a phase trajectory as time increases. In the case of n = 1
a vibrating system has one degree-of-freedom and the phase space reduces to the
phase plane. Then, a phase trajectory is a curve lying in the plane, and a set of all
phase trajectories, corresponding to distinct initial conditions, form a phase portrait.

If the motion of one degree-of-freedom autonomous system (or two-dimensional
system because it is governed by two first-order differential equations) is governed
by the equation

y=F(.y), O.1)

then phase plane is said to be a plane with the rectangular coordinate system
v,y =v).

Equation (9.1) is transformed into a system of two first-order differential
equations

y=v,
v = F(y,v). ©-2)

Equation (9.2) describes motion of a point A(y, v) in the phase plane. Elimina-
ting the time, we obtain an integral curve (phase trajectory) formula of the form

C(y,v) =0. 9.3)
© Springer International Publishing Switzerland 2014 295
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Fig. 9.1 Phase plane and phase trajectories
Dividing both sides of the system of Eq. (9.2) by themselves, we obtain

d F(y,

dv _Fo.v) _ tany, 9.4)

dy v

where y is an angle between a phase trajectory and positive direction of the y-axis.
There are a few phase trajectories depicted in Fig. 9.1 with the marked phase point
and the angle y.

Phase points, at which a tangent line is determined, will be called ordinary or
regular points. Phase points, at which a tangent line is not determined, will be called
singular points. The latter are equilibrium positions, determined from the equation

F(y,0) = 0. (9.5)

One can see in Fig.9.1 that the phase trajectories intersect the y-axis at right
angles. It turns out that each phase trajectory must pass through a regular point
lying on the y-axis at right angle, since

d F(y.
fim & = i OO0 _ (9.6)
v—0 dy v—>0 v

and hence the value of y at these points is /2. A characteristic feature of nonlinear
system follows from Eq. (9.5). These systems can possess one or several equilibrium
positions depending on the character of the function F(y, 0). Phase trajectories have
some general properties, given below.
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1. Direction of motion of the phase point A(y,v) along the phase trajectory is
such that the positive velocity v is in correspondence with increment of the
displacement y according to positive direction of the y-axis, and the negative
velocity v is in correspondence with the increment, which is opposite to the
positive direction of the y-axis.

2. A phase trajectory cannot have a tangent line parallel to the v-axis at regular
points, which do not lie on the y-axis. The phase trajectory cannot have a tangent
line parallel to the v-axes at points, which do not lie in the v-axis.

3. If any continuous phase trajectory intersects the y-axis at two successive points,
then there is at least one singular point between them.

4. In time interval, in which a continuous phase trajectory does not intersect the
y-axis, the trajectory can intersect, at most, once any straight line parallel to the
v-axis.

5. Closed curves in a phase plane correspond to periodic motions.

9.2 Phase Plain and Singular Points

A broader class of physical systems can be described by first-order differential
equations of the form:

dy dv
= = V), — = P(y,v). 9.7
7, = Q0. — (y.v) 0.7

Equation (9.4) is a particular case of Eq. (9.7). In what follows we analyse the
linearized equation (9.7):

dv_ay+bv 9.8)
dy cy+dv

In the dynamical system described by Eq. (9.8) there can be three types of phase
trajectories, namely: a point, a closed (corresponds to a periodic solution) and open
(corresponds to a non-periodic solution) curve. The aim of qualitative examination
of the dynamical systems (9.8) is to determine a phase portrait and its topological
structure. By a notion of topological structure we mean such properties of a
phase portrait that remain unchanged under topological (i.e. unique and mutually
continuous) mapping of a plane into itself. In order to perform such a qualitative
analysis of the dynamical system (9.8), in most cases one can confine oneself
to determining equilibrium positions, periodic trajectories and limit cycles, and
phase semi-trajectories, which are curves separating qualitatively different phase
trajectories in a neighbourhood of equilibrium position.

A limit cycle is said to be a closed phase curve, surrounded by a region
completely filled with trajectories tending to the curve as t — +o0 or t — —o0.
After Taylor expanding the functions P(y,v) and Q(y,v) about the analysed
singular point we obtain
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dv _ay+bv+ P'(y,v)
dy cy+dv+ Q')

9.9)

Ignoring the nonlinear terms, Eq. (9.9) takes the form

HRH|

ba
A=[d c] 9.11)

The point y = v = 0 is a critical point (or a trivial solution) of Eq.(9.10)
and if det A # 0, then the system (9.10) is called simple [191]. Eigenvalues of the
matrix A allow to determine the canonical basis in R%, where the matrix A takes a
canonical form. A characteristic equation leading to determination of eigenvalues
can be obtained by standard procedure, namely by assuming solutions of the form

o
where C| and C, are constants. Substituting (9.12) into (9.10) we obtain
‘b:zkcix‘:o’ (9.13)
and after expanding
A2 —(b+c)A+bc—ad =0. (9.14)
By the above equation we find the discriminant
A= (b—c)*+4ad. (9.15)

The above equation possesses the following roots

Aip = % [(b+c)i \/(b—c)2+4ad} . (9.16)

Considerations based on the phase plane (x, y) are transferred into the plane
(¢, 1) and correspond to the canonical form of the matrix A. After the transfor-
mation, corresponding curves in both planes are rotated and deformed but their
qualitative features remain unchanged, e.g. a circle corresponds to an ellipse but
both curves are closed. The character of the curves depends on the ratio A;/4, and
a constant C (see (9.20)).
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We will consider the following cases:

1. Both roots are real and distinct, and of the same sign. We have such a situation
when A > 0, ad — bc < 0. Then, the matrix A in the canonical basis has the
form

A0
A= [0 Aj, 9.17)

where A, € R, and Eq. (9.10) takes the canonical form

7'7=/1177,

) (9.18)
& = L.

Equation (9.18) can be easily solved by separating the variables. Consequently,
we obtain

n(t) = Cre™",
(9.19)
E(1) = Cre.
Next, we have
A
In n_M 1 i
1 A G
thus
AL
A
In T =In (i) 2,
1 &)
hence
AL
n=Clg|=, (9.20)

A
where C = (C,/ Cz)ﬁ. The singular point (0, 0) is called a stable (unstable)
node.
2. It bc —ad = 0and b + ¢ < 0, then by (9.14) we get

AA = (b +0)] =0, 9.21)

and this implies A, = 0 and A; = b + ¢ < 0. In this case, the analysed system is
not simple. The matrix A has the following canonical form
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_[n0
A= [0 0] (9.22)

and its rank equals 1. Such a singular point is called a stable centre. It is
noteworthy that when the rank of the matrix A equals 0, then the matrix is a
zero matrix and each point of the phase plane is critical.

Critical points, called nodes, also occur when the discriminant of (9.14)
A =0.Then A; = A, = A¢ (double root) and if two linearly independent vectors
are associated with a double eigenvalue, then canonical form of the matrix A
reads:

[x 0
A= [o Ao] (9.23)

A critical point corresponding to this matrix is called a star-shaped node, which
is stable, if Ao < 0 (and conversely). Only one eigenvector can be associated with
a double eigenvalue. Then, a canonical form of the matrix A takes the form of
the following Jordan block

[r 0
A= [1 /\o] (9.24)

The differential equations (9.10) take the form

0 =Aov, (9.25)
Y =v+ Aoy,
and their solutions follow
— Aot
v=Cett, (9.26)

y=(Cr+ Cll‘)elot.

In this case, the critical point (0, 0) is a degenerate node, which is stable for
Ao < 0 and unstable for Ay > 0.

3. In this case both roots are real and have opposite signs. The orbits surround a
singular point, which is called a saddle. Two orbits approach and move away
from this point—these are axes of a coordinate system.

4. If the discriminant of (9.14) A < 0 and b 4+ ¢ # 0, then the roots A; and A,
are complex conjugate. Then, the critical point is a stable b 4+ ¢ < 0 or unstable
b + ¢ > 0 focus. Assume that A;, = o + iw, while @ # 0 and w # O (farther
we will assume w > 0). In this case the canonical matrix has the form

A= [“ _‘“} , (9.27)

w o
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and we will consider the following system of equations

V= Qv —wy,
(9.28)
y =wv + ay.

Parametric equations of orbits of the above system (its general solutions) are:

v(t) = Ce* cos (wt + ¢),
9.29
y(t) = Ce* sin (wt + @), ©-29)
where C and ¢ are any constants.
Orbits in neighbourhood of a focus can be also presented in the polar
coordinates (p, 6). Let us make a change of the variables

v = pcosb,
(9.30)
y = psinf.
By Egs. (9.28) and (9.30) we get
pcosf — pé sinf = apcosh — wpsinb,
(9.31)

psinf + pd cos @ = apcos b + wpsin .

Multiplying (9.31) respectively by cos 6 and sin 6 (and by sin § and by — cos 6),
and adding the equations we get

p=ap,
. (9.32)
0 =w.
The solution in the polar coordinates takes the form
p = poe*,
0 = wt + 6, (9.33)

where pg and 6 define any initial conditions. The solutions (9.33) have simple
physical interpretation. The argument 6 grows linearly in time, while a ray
originating from the focus and passing through the point (y(¢),v(¢)) rotate
anticlockwise at angular velocity w [rad/s].

By Eq. (9.33) after eliminating the time we obtain

0= poe oPeu?, (9.34)
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In this case the orbit is represented by a curve called a logarithmic spiral in the
coordinates (p, 8). It is worth emphasizing that in the case of an unstable focus

liJIP p(t) = 400, and the shape of logarithmic spirals depends on the ratio <.
—>+0o0

In the case when b + ¢ = 0, then A;, = +iw (@ = 0). Then Eq. (9.32) we get

L = po = const.,
(9.35)
0 = wt + 6.

The above formulas represent a circle of radius py in the polar coordinates (p, 8).
While, by Eq. (9.28) we get

V= —wy,

y = v, (9.36)
and eliminating the time we obtain

v __v (9.37)
dv ¥
and hence v? + y? = C2.
A critical point, in this case, is called a centre. The centre is a stable point but
not asymptotically stable in Lyapunov’s sense.
There is only one particular case left to discuss, namely the case of vanishing
discriminant A = 0, when zero is a double root, and the matrix A has the
following canonical form

00
A— [1 0} . 9.38)

A normal form of a system of differential equations takes the form

v=0, (9.39)
y=u,
and their solutions are the following functions
v = Ci,
y =Cit 4+ Cy. (9.40)

In Table 9.1 one classified phase portraits associated with critical points in two-
dimensional space R?. Using linear transformation

E=ay+ Bv, n=yy+dv. (9.41)
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Table 9.1 Phase portraits classification

Eigenvalues Eigenvectors

Al A (comment) Name of a critical point
0<A; <Ay Unstable node

A <A <0 Stable node

A <0< Ay Saddle

0=1 <Ay Unstable centre

Al <A =0 Stable centre

A =2A,<0 Two eigenvectors | Stable star-shaped node
Al=2A,>0 Two eigenvectors | Unstable star-shaped node
A=A <0 One eigenvector | Stable degenerate node
Al=A>0 One eigenvector | Unstable nondegenerate node
Ay = A, =0 | Oneeigenvector | Degenerate centre
AMo=atio a>0,0F#0 Unstable focus
AMo=atio a<0,0F#0 Stable focus

Ao=axio la=0,0F0 Stable centre

one can transform Eq. (9.8) into the form of separated variables (see 9.18)

dn _ M
— = 9.42
dE Tk O
Equation (9.41) yields
d¢ =ady + Bdv, dn=ydy + édv. (9.43)

Inserting the nominator and denominator of the formula (9.8) instead of dy and
dv, we obtain

dn _ y(cy +dv) +8(ay + bv)
de¢  a(cy +dv) + Blay + bv)’

(9.44)

Comparing nominators and denominators of the above equation and of the
formula (9.42), and using the linear transformation (9.41) we obtain the following
system of equations

y(cy + dv) + 8(ay + bv) = A1n = A (yy + 6v), 9.45)

a(cy +dv) + Blay + bv) = 12§ = Ax(ay + Bv). '

In order to determine the constants y and &, for the first of the formulas (9.45),

we equate the terms occurring by y and v. We obtain two algebraic equations of the
form
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y(c—A1) +8a =0,

9.46

yd + §(b — A1) = 0. (9-46)

The algebraic equations for the second equation (9.45) have very similar structure
and allow to determine the coefficients o and f

a(c —A2) + pa =0,
9.47
ad + B(b—1,) =0. ©47)
This implies that A and A, are roots of the same characteristic equation, which is
formed by equating the characteristic determinant of the system of Eqs. (9.46) and
(9.47) to zero, i.c.

c—A a
d b—2A

‘:o. (9.48)

9.3 Analysis of Singular Points

Nowadays there are many softwares allowing to solve the differential equ-
ation (9.10) analytically and numerically. The obtained results are automatically
plotted in a plane in the coordinates (y,v). The character of a singular point
under consideration depends only on the coefficients a, b, ¢, d. The obtained phase
trajectories are slightly deformed but it is possible to rotate them by solving the
differential equation (9.10). This equation allows to obtain the rectified trajectories
in the coordinate system (&, 7). The shape of these graphs depends only on a ratio
of the roots A1 and A, of the characteristic equation (9.10).

9.3.1 Unstable Node

The first singular point (0, 0) will be a node. In this case the roots A; and A, of the
characteristic equation must be real and distinct, and have the same signs. These
conditions will be satisfied when

(b—c)>+4ad >0 and bc—ad > 0. (9.49)

The solution curves in the plane (£, 7n) will be parabolas passing through the
point (0,0). If b + ¢ > 0, then a critical point is an unstable node, a phase point
moves away from the origin as time increases. These conditions are satisfied for
e.g:a=0,b=2,c=1,d = 1. This situation is presented in Figs.9.2 and 9.3.
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Fig. 9.2 The phase trajectories passing through the unstable node in the coordinates (y, v)

An

-4

Fig. 9.3 Phase trajectories passing through the unstable node in the coordinates (£, )

By the above graphs one can see that all the trajectories pass through the singular
point (0, 0), which is an unstable node because phase point move away from the
node as time increases.

In Fig.9.4 one can see the trajectory obtained numerically. This verifies the
earlier obtained analytical solutions.
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-15 -10 -5
Fig. 9.4 Numerical solution for an unstable node in the coordinates (y, v)

v

Fig. 9.5 Phase trajectories passing through the stable node in the coordinates (y, v)

9.3.2 Stable Node

If b+ ¢ < 0 then a phase point approaches to the singular point (0, 0) as time grows.
For instance, it takes place fora = 1,b = —2, ¢ = —1, d = 0. These conditions
are demonstrated in Figs. 9.5 and 9.6.

The phase trajectories are parabolas passing through the origin (0,0) of the
coordinate system but the origin, which is a singular point is called a stable node,



9.3 Analysis of Singular Points 307

nry.

Fig. 9.6 Phase trajectories passing through the stable node in the coordinates (€, 1)

A v

o

Fig. 9.7 Numerical solution for a stable node in the coordinates (y, v)

since phase points approach the point (0,0). Below in Fig.9.7 one can see the
numerical verification of the analytical solution.

If the roots A; and A, differ from each other significantly, then the phase
trajectories change the direction more rapidly. Moreover, if one of the roots equals
zero, then the curves are transformed into vertical straight lines.
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_‘|0 -

Fig. 9.8 Phase trajectories passing through the critical node in the coordinates (&, n)

9.3.3 Critical Node

When roots of the characteristic equation are real and A; = A,, then a node is called
a critical node. In this case we have

(b—c)+4ad =0 and a=d =0. (9.50)

Let the coefficients be:a = 0,6 = 2, ¢ = 2,d = 0.If b = ¢ > 0, then a
phase point moves away from the origin as time increases. This situation is depicted
in Fig. 9.8.

While b = ¢ < 0, then the coefficients can be: a = 0, b = -2, ¢ = -2,
d = 0. Then phase points approach the point (0, 0) as time increases. This situation
is depicted in Fig. 9.9.

Figures 9.8 and 9.9 imply that the trajectories form a bunch of lines, on which
a phase point approaches or moves away from the node (0, 0), which is now called
critical. Verification of the analytical solution is the numerical one depicted in
Fig.9.10.

9.3.4 Degenerate Node

We deal with a degenerate node if roots of the characteristic equation are equal
and no special case occurs e.g.:a = 2, b = 5,¢c = 1,d = —2. Now, we have
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Fig. 9.9 Phase trajectories passing through the critical node in the coordinates (&, 1)

024 M

02 F

Fig. 9.10 Numerical solution for a critical node in the coordinates (€, 1)

b 4+ ¢ > 0, and the singular point (0, 0) is called a degenerate node and a phase
point moves away from the origin of the coordinate system (Fig.9.11).

Whena = 1,b = —2,¢c = —4,d = —1, then b + ¢ < 0, and a phase point
approaches the origin and we also have to do with a degenerate node illustrated in
Fig.9.12. The numerical solution for a degenerate node is presented in Fig. 9.13.
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Fig. 9.11 Phase trajectories passing through the

degenerated node in the coordinates (&, 1)
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\J
-4
-6

Fig. 9.12 Phase trajectories passing through the

9.3.5 Saddle

degenerated node in the coordinates (&, 1)

The second critical point is a saddle point, which is always unstable. In this case,
the roots A and A, are also real and distinct but they must be of opposite signs. This
case occurs when the following conditions are satisfied:

(b—c)>=4dad >0

and bc—ad <O. (9.51)
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Fig. 9.13 A phase trajectory presenting a degenerated node obtained numerically in the coordina-

tes (£, 1)

Fig. 9.14 Phase trajectories around the saddle in the coordinates (y, v)

The solution curves in the plane (£, ) are hyperbolae, which do not pass through
a singular point. One of the roots (a positive one) is associated with the value growth
of the solution as the time ¢ increases, while the second solution tends to zero. In the
plane (y, v) the curves will be deformed. Figure 9.14 illustrates this situation, where
the coefficients:a = 1,b =2,¢c = —-2,d = 1 and then 1| > A,.

In order to “rectify” the phase trajectories, we transfer the solutions into the plane
(&, n). This situation is illustrated in Fig. 9.15.
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Fig. 9.15 Phase trajectories around the saddle in the coordinates (£, n)
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Fig. 9.16 Numerical solution in the case of a saddle in the coordinates (£, n)

Verification of the analytical solution is illustrated in Fig.9.16, where there is
numerically obtained singularity of saddle type.

All the analysed dynamical systems possessed real roots, which were solutions
of the characteristic equation (9.14). This means that we did not have to do with
any types of vibrations. Below, we characterize dynamical systems, whose roots of
a characteristic equation are not real any more, i.e. there are no vibrations in these
systems. For a stable and unstable focus damped oscillations appear, while in the
case of a centre undamped oscillations appear.



9.3 Analysis of Singular Points 313

150 +

100 +

Fig. 9.17 Phase trajectories around the unstable focus in the coordinates (&, n)—numerical
computations

9.3.6 Unstable Focus

The next analysed singular point appears, when
(b—c)>+4ad <0 and b+c#0. (9.52)

Then, roots of the characteristic equation (9.14) are complex conjugate, but any
of the roots is neither real nor purely imaginary. It is possible for e.g. the following
coefficientsa = 2,b =0,¢c = 1,d = —1 then b 4 ¢ > 0, and a singularity of this
type is called a non-stable focus, from which phase trajectories move away.

Figures 9.17 and 9.18 illustrate this situation.

9.3.7 Stable Focus

When b + ¢ < 0 and the coefficients equal e.g. ¢ = =2, b = 0,¢c = —-2,d =2
then we have a stable focus. Then, the phase trajectories approaches the origin of
the coordinate system (Fig.9.19).

We have also added the numerical solution of this problem (Fig. 9.20).
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Fig. 9.18 Phase trajectories around the unstable focus in the coordinates (£, n)—numerical

computations

Fig. 9.19 Phase trajectories around the stable focus in the coordinates (y, v)

9.3.8 Centre

The last possible singularity, occurring in the origin is a centre point. The roots A;
and A, are then complex conjugate and purely imaginary A;, = i, when

(b—c)>+4dad <0

and b+c=0. (9.53)
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Fig. 9.21 Phase trajectories around the centre in the coordinates (y, v)

In the plane (y, v) the phase trajectories are deformed, but their character is left
unchanged, thus they are closed curves surrounding the origin of the coordinate
system. The coefficients can be selected in the following way: ¢ = =3, b = 2,
¢ = —2,d = 2. This is illustrated in Fig. 9.21.

In this case, the normal form of the equations differs from the previous one since
we have to do with the case described by Eq. (9.37).

Figure 9.22 presents the phase trajectories around the origin of the coordinates
(&, 1), whereas the numerically obtained solution is shown in Fig. 9.23.
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Fig. 9.22 Phase trajectories around the centre in the coordinates (£, )

0.5

=y

Fig. 9.23 The phase trajectory obtained numerically for a singularity of centre type in the
coordinates (y, v)

It follows from the analysis performed in this subsection that the character of an
equilibrium position and the shape of phase trajectories near the position depends
only on the coefficients a, b, ¢, d. They have significant influence on the structure
of the characteristic equation (9.14).
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9.4 Analysis of Singular Points Governed by Three
Differential Equations of First Order

In this section we deal with dynamical systems which are governed by three
differential equations of first order. The obtained solutions will be presented
by means of three-dimensional graphs of phase trajectories. Both analytical and
numerical solutions will be plotted for properly selected values of all three constants
Cy, C,, Cs. Selecting in a proper way the values occurring in the equations, we
will obtain singularities of special types. In Sect. 9.4.1, we will present the analysed
system of equations and its characteristic equation, which will serve for determining
proper matrices.

A given matrix will be characteristic for a specific type of a considered
singularity. While, in Sect.9.4.2, graphs of solutions of the corresponding system
obtained numerically and analytically will be presented. These are solutions of a
system of three first-order differential equations.

9.4.1 Theory Concerning the Solving a System of Differential
Equations and Method for Determining Roots
of a Polynomial of Third Degree

Considerations will be based on a system of three first-order differential equations.
The analysed system of differential equations written in a form of rectangular
coordinate system can be presented in the following way:

WX _ax+by +o

T =ax y +cz,

dy

— =dx+ey+ fz, 9.54)
dt

dz +hy +i

— = gX 1Z.

di g y Z

In this system, the coefficients (characterizing the equations), i.e. a, b, ¢, d, e,
f, g, h, i, can take on real as well as complex values. A solution of this system of
equations, we will seek in the form

x = Cexp (A1),
y = Cyexp (A1), (9.55)
z = Csexp (A1).

The characteristic equation can be written in a matrix form
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abc 100
de f|—A[010]|=0. (9.56)
ghi 001

This equation has a trivial solution when we equate the determinant below to
Zero

a—A b c
d e—A f |=0. (9.57)
g h i—2A

Expanding the determinant we get the following characteristic equation
M —(a+e+i)A>+(ai+ei+ae—cg— fh—bd)A+bdi+afh+ceg—ghf—dhc—aei = 0.
(9.58)

The above properly selected coefficients allow to obtain singularities, we are
interested in, in a three-dimensional space. The coefficients are responsible for the
character of curves plotted after solving the system of differential equations (9.54).

9.4.2 Analysis of Singular Points Described by Three
First-Order Differential Equations

Below, we consider and analyse different dynamical systems, in which we select
and change the values, which we will write in the matrix form:

abc
A=|de f|. (9.59)
ghi

9.4.2.1 Unstable Node

An unstable node will be the first analysed type of equilibrium in a three-
dimensional phase space. We meet this type of singularity, when components of
the matrix A are following

211
A=10 31
1-11

Then the characteristic equation (9.58) possesses three roots. All of them are
positive and real. They are: Ay = 1,1, =2, 43 = 3.
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Fig. 9.24 The analytical
solution, when an unstable
node is an equilibrium
position in the
three-dimensional space

Fig. 9.25 The numerical
solution, when an unstable
node is an equilibrium
position in the
three-dimensional space

In Fig. 9.24, one can see that the solution is a parabola. One could have expected
this, since we have obtained a similar graph during the analysis of equilibrium
positions in the phase plane. Verification of this solution is a numerically obtained
graph depicted in Fig. 9.25.

Another example of the matrix A (this matrix enabled to obtain equilibrium
position of unstable node type), whose elements are

01 0 O
A=1]0 006 0
0 0 0.01
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Fig. 9.26 The analytical
solution, when an unstable
node is an equilibrium
position in three-dimensional
space

Fig. 9.27 The numerical
solution, when an unstable
node is an equilibrium
position in three-dimensional
space

Then roots of the characteristic equation are positive and real, but one of the roots
is a double root. They are: A; = 0.06, A, = 0.1, A3 = 0.1. Below (Fig. 9.26), one
can see the analytical solution graph (Fig. 9.27).

The graph presented in Fig.9.26 was obtained with the use of symmetry
principles and selecting the constants, which appear as a result of solving the system
of differential equations (9.54).
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Fig. 9.28 The analytical
solution, when a stable node
is an equilibrium position in
three-dimensional space

9.4.2.2 Stable Node

The second equilibrium—a stable node occurs, when the matrix A has the following
components

-2 11
A=1]0 —-11
1 -13

Then, the characteristic equations (9.58) possesses also three real roots but all of
them are negative. They are: Ay = —1, A, = —2, A3 = —3. Both analytical and
numerical solutions of this example coincide and they are reported in Fig. 9.28.

9.4.2.3 Saddle

A next equilibrium position is a saddle point, which is always unstable. The matrix
A has the following form then

0.1 0 0
A=| 0009 0
0 0 -0.09

The characteristic equation (9.58) possesses then three real roots, but they are of
opposite signs, i.e. two of them are positive and the last one is negative. They are:
Ay = —0.09, A, = 0,09, A3 = 0.1. The analytical solution is depicted in Fig. 9.29.
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Fig. 9.29 The analytical solution, when a saddle is an equilibrium position in three-dimensional
space

The solution is hyperbola, just like in the case of a two-dimensional saddle. In this
case, when two roots of the characteristic equation are positive and one is negative,
then the solution approaches the equilibrium position.

When a solution of Eq. (9.58) is three real roots of opposite signs, but two of them
are negative and one is positive, then we also have to do with equilibrium position
of saddle type. The matrix A has the following elements:

01 0 0
A=|0 —-007 O
0 0 -0.1

Roots, as one can predict, are following: A; = 0.1, A, = —0.07, A3 = —0.1, and
the analytical solution with the use of symmetry principles is depicted in Fig. 9.30.

In Fig. 9.30, similarly to Fig. 5.30, a hyperbola is a solution. This result differs
from the previous one, since the phase trajectories move away from the equilibrium
position. Roots of the characteristic equation have influence on this situation, since
both of them are negative and previously were positive.
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Fig. 9.30 The analytical
solution, when a saddle is an
equilibrium position in
three-dimensional space

9.4.2.4 Unstable Focus

Now, we will consider the cases, when only one root of the characteristic equ-
ation (9.58) is real, while two remaining roots are complex conjugate.
When the matrix A has the following components

020 O
A=1]0 01-1/,
0 1 0.1

then roots of Eq. (9.58) equal: A} = 0.2, A, = 0.1 +i, A3 = 0.1 —i. Then we have
to do with equilibrium position of unstable focus type. This situation occurs since
the real root as well as the real parts of complex roots are positive. The obtained
result is depicted in Fig. 9.31.

As a result, we obtained spirals stretching along the x-axis. As one can see a
radius of these spirals grows and moves away from the equilibrium position. This
type of singularity is called an unstable focus. Verification of this solution is a
numerically obtained graph depicted in Fig. 9.32.

The spirals stretching is better seen for a similar matrix A, which also characte-
rizes an unstable focus, namely:

0.050 O
A=1] 0 0.1-13
0 1.3 0.1

The roots are following: A; = 0.05, A, = 0.1 4+ 1.3i, A3 = 0.1 — 1.3i, and the
solution is depicted in Fig. 9.33.
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Fig. 9.31 The analytical solution, when an unstable focus is an equilibrium position in three-
dimensional space

Fig. 9.32 The numerical
solution, when an unstable
focus is an equilibrium
position in three-dimensional
space

9.4.2.5 Stable Focus

Similar graphs, in which phase trajectories approach to the equilibrium position,
occur in the case of a stable focus, which can be characterized by the following
matrix
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Fig. 9.33 The analytical solution, when an unstable focus is an equilibrium position in three-
dimensional space

-02 0 O
A= 0 —0.1 -1
0 1 —-0.1

In this case, a root of the characteristic equation (9.58) is negative. While
complex conjugate roots have a negative real part: A; = —0.2, A, = —0.1 + i,
A3 = —0.1 — i. Then, the solutions converge to the equilibrium position. This
situation is illustrated in Fig. 9.34.

9.4.2.6 Saddle-Node

Similar graphs of phase trajectories can be obtained in the case of equilibrium
position of saddle-node type. This singularity occurs when among three roots of
Eq. (9.58), the real one is negative and real parts of the remaining complex conjugate
roots are positive. It is possible when the matrix A has the following elements

—-01 0 O
A= 0 0.09 0.5
0 0.5 0.09

Therootsare: A = —0.1, A, = 0.0940.5i, A3 = 0.09—0.5i, and the trajectories
are presented in Fig. 9.35.
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Fig. 9.34 The analytical
solution, when a stable focus
is an equilibrium position in
three-dimensional space

Fig. 9.35 The analytical
solution, when a saddle-node
is an equilibrium position in
three-dimensional space
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9.4.2.7 Saddle-Focus

An identical graph but flipped can be obtained if the matrix A has the form

0.1 0 0
A= 0 -0.1-05
0 05 —0.1

The roots are: A; = 0.1, A, = —0.14+0.5i, A3 = —0.1—0.5i. One can see that in
this case a real root is positive and real parts of the complex roots are negative. The
singularity of this type is called a saddle-focus, and the phase trajectories approach
the equilibrium. This situation is illustrated in Fig. 9.36.

As one can see by the above considerations (just like in the case of phase plane),
the graphs of three-dimensional phase trajectories corresponding to specific equili-
brium points depend on coefficients occurring in the characteristic equation (9.58).
Only they decide about the number of real roots of this equation and their values.

Fig. 9.36 The analytical solution, when a saddle-focus is an equilibrium position in three-
dimensional space



Chapter 10
Stability

10.1 Introduction

If a dynamical system is governed by a system of equations

dy;
dt

= F(t,y1,y2,...,9n), s=12,...,n, (10.1)

then a point (y; ... y,) will be called a phase point, and a space y; ...y, will be
called a phase space. In this chapter, we will consider systems, for which the Cauchy
theorem holds, which implies that for each point (¢, y10,- - ., yno) there exists a
single solution (10.1) satisfying the initial condition y,(fy) = ys(0),s = 1,2,...,n.
More detailed discussion on this problem, including discussion on critical points and
curves, for which the Cauchy theorem holds can be found in [191]. The solution
s = ys(t) is a phase trajectory and the time ¢ is a parameter.

Definition 10.1 (Lyapunov Stability). A solution y = y¥(¢) of the system (10.1)
is called stable in Lyapunov’s sense, if for any numbers ¢ > 0 and ¢, there exists
8 = 8(e, tp) > 0 such that all the solutions y; = y,(¢) of the system (10.1) along
with the solutions y(¢), which satisfy the initial conditions

|ys(to) — ¥} (t0)] < 8, (10.2)

also satisfy the inequality

lys(t) —yi ()] <e, (10.3)

forty <t < oo.

This means that the solution yJ(¢) is stable, if in any given instant of time #, all
the solutions y, () sufficiently close to y(¢) lie within any small (but §-dependent)
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Ys | Y5
yi(t)

perturbed solution

ys'(®)
unperturbed solution

Fig. 10.1 Tllustration of the stable solution in Lyapunov’s sense

epsilon band. 1t is depicted in Fig. 10.1. It is worth emphasizing that stability of the
solution y¥(¢) does not imply its boundedness, and the boundedness does not imply
the stability. For example, solutions near resonance can be unbounded, yet stable.

On the other hand, chaotic orbits are characterized by the fact that when they
start from any close initial conditions they move away from each other exponentially
(they are unstable) but they stay bounded. Contradicting the definition (10.1) in the
sense of logic, we obtain the following definition.

Definition 10.2. A solution y = yX(¢) is called unstable in Lyapunov’s sense, if
for some ¢ > 0, ty, and any § > O there exist at least one solution y(¢) and the
instant r; = #;(8) > f; such that

lys(to) — yi (1) <8 and |ys(t) —y) ()] > e (10.4)

This situation is presented in Fig. 10.2.

Definition 10.3. A solution y) = yX¥(¢) is called asymptotically stable as t —
400, if it is stable and the following condition is satisfied

Tim [y,(1) = 7 (0)] = 0. (10.5)

Definition 10.4. If a solution y*(¢) is asymptotically stable as t — +oo for the
whole considered region of initial conditions, then the solution y (¢) is called global
asymptotically stable.

This means that a region of attraction of y}(¢) is the whole considered space.
One can show that it is sufficient to examine stability of a solution for any chosen
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Ys | ¥

v

to t t

Fig. 10.2 Tllustration of an unstable solution in Lyapunov’s sense

instant of time #;. If the examined solution is stable or unstable for 1 = ¢,, then it is
also stable or unstable respectively for each instant of time in the considered interval
of variation of 7 [77]. Examination of stability by constantly acting perturbations is
a very important problem, as will be clear hereafter.

Definition 10.5. A solution y; = yJ(¢) of the system (10.1) is said to be orbital
stable, if the solution trajectory y; () located sufficiently close to the solution y ()
at instant 7y stays at distance, no greater than any arbitrarily small number ¢ > 0,
from this solution. Or equivalently, for each ¢ > 0 there exists such (¢, ty), that if

|ys(to) — y; ()] < 8, (10.6)

then

p(ys(t). yi (1)) < e, (10.7)

fort > 1y and p is a distance between y;(#y) and y ().

Definition 10.6. A solution y*(¢) which is orbitally stable (or stable in Poincaré
sense) is called asymptotically orbital stable, if there exists such § > 0, that for all
solutions satisfying the condition

lys(to) — y; ()| < 8, (10.8)

the following condition is satisfied

p(ys(t), ys (1)) =0, (10.9)



332 1
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Stability

initial conditions

asymptotical stability

Xy
-

instability

equilibrium position |

Fig. 10.3 Scheme of stability and instability of a solution represented by the origin of the
coordinate system (equilibrium position)

as ¢ — oo. This means that the trajectory y;(¢) coincides with the trajectory y(¢)
ast — oo.

It is worth emphasizing that a stable solution (asymptotically stable) in Lyapu-
nov’s sense will be orbitally stable (asymptotically orbital stable). While orbital
stability does not imply Lyapunov stability.

If we consider only perturbations of the unperturbed solution x(¢), then we can
introduce the following definitions of stability. An unperturbed solution is stable if
for any real value of ¢ > 0 there exists real value of § such that if ||x(z)| < §, then
|x(®)|| < & forallt > ty. A norm is defined by the formula

x|l = vxTx. (10.10)

An unperturbed solution is asymptotically stable, if tlim [x ()| = 0. Stability
—00

and instability of unperturbed solutions of equilibrium position on the basis of the
analysis of perturbations are depicted in Fig. 10.3.

In the case of analysis of the unperturbed solution y*(#) the scheme of evolution
of a perturbed and unperturbed trajectory is depicted in Fig. 10.4.

The above figure differs from Fig. 10.3 by that the origin is time-independent in
the latter, while in Fig. 10.4 the unperturbed trajectory changes in time. A notion of
stability in Poisson sense is rarely used. A phase trajectory is called stable in Poisson
sense, when it is bounded and V- and § > 0 there exist (sufficiently large) values
of time #;, 0,1,2, ..., for which the following inequality ||x(#;) — x(#o)|| < &, is
satisfied, where § is the neighbourhood of the mentioned singular point.
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time

perturbed trajectories (stable solution)

R

A J

asymptotically stable solution

X

Fig. 10.4 Stable time-dependent solution

Definition 10.7 (Lagrange Stability). The system (10.1) is stable in Lagrange
sense, if each of its solutions exists in time interval ¢ € (#y, c0) and its norm is

bounded in this interval.
It is worth emphasizing that Lagrange stability concerns stability of a system,
thus stability of its all solutions (they are stable if they are bounded). As distinct

from this case, the notion of stability in Lyapunov’s sense concerns single phase
trajectories and their stability is not connected with the notion of boundedness. Now,

we give definitions of exponential stability.
Definition 10.8 (Exponential Stability). A trivial solution of the system (10.1)

will be called exponentially stable as t — oo, if for any solution of this system
{x(t)} = {t; to{xo}} originating from the region || (x¢)|| < § the following inequality

holds
lx @) < Llx(0)]] e, (10.11)
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where L and o are some positive constants, which are independent of the choice of
the solution {x(¢)}.

Exponential stability of a trivial solution implies asymptotical stability. If we
consider the exponent function exp(B¢), B € IR, then the coefficient 8 characterizes
a function growth and we will call it a characteristic exponent of the function
exp(Bt). In the case of a complex function

F(t) = Fr(t) +iF;(2), (10.12)
of real variable 7, then a number (or a symbol +00) defined by the formula

HIF) = lim (1/0)In|F(0)]., (10.13)

will be called a characteristic exponent (a notion of a characteristic number
of a function F(¢) has been introduced by Lyapunov), the number taken with
the opposite sign is a characteristic exponent. It is worth emphasizing that by
the inequality (10.11) a trivial solution is exponentially stable, if characteristic
exponents { y[{x(z)}]} of the solutions {x (¢)} of the system (10.1) close to the trivial
solution satisfy the inequality

x[x(@®)] < —a <0. (10.14)

Definition 10.9 (Conditional Stability). A solution x*(¢) of the system (10.1) is
called conditionally stable as t — o0, if there exists such k-dimensional manifold
(in the n-dimensional space) Sy (kK < n) that, for each solution satisfying the
condition

x(to) € Sk, [|x(t0) = x*(t0) || < 8(e), (10.15)
the following inequality holds
lx(t) —x*@)|| <& for t=>1. (10.16)

The above definition can be easily generalized on a case of conditional asympto-
tical stability.

A solution x*(z) will be called conditional asymptotically stable, if besides the
mentioned conditions in the Definition 10.9, the following property holds

Jim [lx (1) —x*(0)] =0, (10.17)

where ||x(t)) — x*(f)|| < §, while § > 0 is constant.

The sense of the above definition will be discussed in more detail with the use
of an example of a system, which can be obtained from (10.1) by Taylor expansion
and extraction of a linear part
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j—f = Ax + F(¢,x). (10.18)

We assume that the constant matrix A possesses k eigenvalues of negative real parts
and n — k characteristic roots (eigenvalues) of non-negative real parts. Moreover,
we assume that the function F (¢, x) satisfies Lipschitz condition, namely

|F(t,x*) — F(t,x)|| < L|x*— x|, (10.19)

for all 1 € (—o0,+00), and Lipschitz constant L is sufficiently small. Then, in
some neighbourhood of the point x = 0 there exist manifolds S /j and S, of
dimensions k and n — k, and such that for solutions of the system (10.18) the
following boundary conditions are satisfied:

lim |x(2)] =0, if x(0) e S,

#—>+o0 , - (10.20)
lim [x(1)]| =0, if x(0) € S,_,.

t—>—00

It is worth emphasizing that the second boundary condition is sometimes used, when
one seeks position of an unstable equilibrium point or a periodic orbit in the case of
Poincaré map during numerical calculations.

The described notions of stability refer only to ideal systems governed by
ordinary differential equations. In real systems it often happens that the observation
time of the examined system is finite and sometimes very short. For such examples,
it is impossible to examine asymptotical stability as t — -+oo. Consequently,
there exists a need for introduction a less rigorous definition of practical stability
(technical stability).

Definition 10.10. Consider a system of equations of the form
x=F(t,x)+ R(.,x), (10.21)

while x(#yp) = a. The function R(t, x) is a perturbation constantly influencing the
system, which is defined as sufficiently small, i.e. || R(z,x)| < r?, where r is a
sufficiently small number.

If all the solutions of the system (10.21) which satisfy the initial condition, i.e.
they are imposed with inaccuracies determined by the inequality

la—bl| = (a; — b;)* < & (10.22)

i=1
and with constantly acting limited perturbations R satisfy the condition

n

A @ =2 Ol = 3 [ () = X[ OF <&, (10.23)

i=1
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then the solution x*(¢) will be called technically stable with respect to limitations
82, e and r2. A region determined by the number 28 will be called a region of initial
conditions w, while a region determined by the number 2¢ will be called a region of
admissible solutions €2.

We will point the differences between the above definition (referring to sys-
tems with constantly acting perturbations) and a definition in Lyapunov’s sense.
According to the definition in Lyapunov’s sense, for each region of admissible
solutions €2 there exists a region of initial conditions w (can be selected), so that
solutions starting from this region stay in the region 2 all the time. In the case
of requirements determined by the definition of technical stability, notions of both
regions are independent. They can be a result of requirements concerning the quality
of technological, material conditions, etc.

In order to make a thorough study of this issue we will consider dynamics of a
system governed by the first-order differential equation:

d
d—f =y(@—)). a>0 (10.24)

A singular solution (equilibrium positions) is obtained by equating the right-hand
side of (10.24) to zero. The solutions are:

=0 y=a y=—a. (10.25)
A general solution of the above equation has the form:

ayoeaz(l‘—to)

J@ = 33) + e

y (10.26)

where y(f)) = y0
lim = y(t) = to.
—>0o0

For o = 1, a solution for four different initial conditions is shown in Fig. 10.5.

Some singular points are stable when they attract solutions, which are within
their neighbourhoods. And conversely, unstable singular points (or solutions) repel
solutions, which are within their neighbourhoods. The former will be called
attractors and the latter repellers [184].

With regard to detection of chaotic responses of simple dynamical system, but
governed by at least a system of three second-order differential equations, it is not
easy to define an attractor and repeller precisely and there exist several equivalent
definitions.

Going back to our dynamical system (10.1) we can observe that its right-hand
side generates a vector field, while the solution x (1) = ®(z, ty, xo) will be called a
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Fig. 10.5 Solution to Eq. (10.26)

vector state. The solution x(¢) is a vector, which has its origin in a point xo = x(0)
and whose end moves at velocity f(x), which depends on the position.

Systems governed by differential equations belong to the class of dynamical
systems with continuous time. If for every initial condition the Cauchy problem
possesses one solution, then a dynamical system is unique.

As one can see by the last example, only a small class of differential equations po-
ssesses analytical solutions and most differential equations are solved numerically.
With regard to applying of various numerical methods, it is necessary to introduce
discrete time. Then, one introduces a notion of a dynamical system with discrete
time (a cascade). A dynamical system (R", f) can present a cascade (discrete time)
or flow (continuous time).

In the case of a cascade, a sequence of successive values of {®"(x)}, n =
0,1,2,... will be called a trajectory of the point x. If there exists a natural number
k > 2 and a point x, satisfying the relationship xo = ®*(x¢), and xo # ®'(x¢)
for 0 < I < k, then xy will be called a periodic point of period k. A trajectory
(periodic sequence) is connected with such a periodic point, whose k-element set
{x0, P(x0), P*(x0) ... D*(x0)?} will be called a periodic orbit associated with a
point (xo). Each point of this orbit is a periodic point of period k.

A point x* will be called an w-limit point of the trajectory {®" (x)} if there exists

asequence such that lim ®"" (x) = x*. The set of all w-limit points will be called
n*—o00

the Q2-limit of the trajectory {®" (x)}.

The compact subset X* of the space R" will be called an invariant set of a
cascade (R", ®) if ®(x*) = x*.

The mentioned fixed points, periodic points and sets $2-limit are examples of
invariant sets. Moreover we add quasi-periodic sets, which are one of Q-limit sets.
They can occur in a system of at least third order. The simplest case, which is
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often encountered in technical problems is a harmonically driven linear oscillator.
Frequencies of free oscillations and excitation are not commensurable, e.g.: 1 and
V/2. In this case, the observation and registration of a stationary state of the system
each period of the driving force allow to observe a course of a quasi-periodic orbit,
which is a collection of points constituting the closed curve.

On the basis of the earlier introduced notions we can make a notion of an attractor
and repeller clear. All of the mentioned sets, namely fixed points, periodic and
quasiperiodic solutions can be attractors or repellers.

An attractor of a dynamical system (R", ®) is a bounded and closed invariant
set A C R" if there exists such its neighbourhood O(A), that for any x € O(A)
the trajectory {®" (x)} stays in O(A) and moreover asymptotically approaches this
point as n — co0. Moreover, a set of all values of x, for which the sequence {®" (x)}
tends towards the set A is called its set (basin) of attraction.

A repeller of a dynamical system (R", ®) is a closed and bounded invariant set
A C R if there exists such a neighbourhood O(A) that if x ¢ A and x € O(A),
then no matter the neighbourhood we choose, the property holds such that for some
[ we have ®*(x) ¢ O(A) fork > 1.

Recently, one encounters in the literature many examples of both strange
attractors and repellers, whose basins of attraction or repulsion can possess very
complicated character and properties [183—-186, 189].

The next step in adaptation of definition for the purposes of real dynamical
systems is to introduce a notion of technical stability in finite time. This problem
has been stated and solved by Bogusz [52,53].

Definition 10.11. Let a dynamical system be governed by Eq.(10.21) with the
initial conditions x(f)) = xg, X € w. Let w C Q C E,, where Q is a bounded
and closed set, while each point x € @ possesses a compact neighbourhood within
Q,ie. V vo K(x, R) C 2, where K(x, R) denotes a ball, described in a set E,,,

X€w R>
with a centre at the point x and the radius R.

The dynamical system (10.21) will be called technically stable with respect to
(w, 2) in the finite time 7" > 0, if each trajectory starting at instant ¢y from the point
Xxo € w will not leave the set 2 within the time shorter that o + 7, V x(¢) € Q

Xo€EwW
for typ <t < to4+r1, and this illustrates Fig. 10.6.

Theorem 10.1. Let a positive definite function V(x) of class C' on E, be given. If
the following conditions are satisfied:

(@) L0 g,
forallx(t) e Q/wand0 <t —ty <T;

(b) V(x1,11) < V(x2, 1),
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Fig. 10.6 Graphical
interpretation of
Definition 10.11

x(t), t>t+T

forall x| € w, x, € E/Qand0 < t,—t; < T, then the system (10.1) is technically
stable in the time T

Proof. Let us denote by 1y, ¢, 1, and ¢3 the time of start of a trajectory from the point
X, the time of leave of the set w and set €2, and the end of the observation when the
trajectory is outside 2 (see 10.6). According to the theorem assumptions we have
0<t,—t; <Tand V(x,t;) < V(xz,t). When a trajectory resides in the sets @
and €2, the energy decreases along the trajectory as time increases, and this means
that

Vity) - V(i) = / RIS (1027)

f ot

and V() < V(t;), which is in contradiction with the condition (b) of
Theorem 10.1. O

Theorem 10.2. Let a positive definite function V(x) be given of class C' onto E,,.
If the following conditions are satisfied:

(@) V V(x1,t1)) <Cyp, 0<t) —ty < T;
X1€Ew

bB) Vi(x,t)>=C, 0<ty—ty<T, where Cy < Cy;
(c) davix@) . Ci=Co
dt T

forx(t) € Q/wand 0 < t, —t; < T, then the system (10.21) is technically stable
at the time T.

More examples concerning this problem can be found in the mentioned papers
of Bogusz as well as in [9]. A definition of stability in technical sense assumes
that a region of admissible solutions €2, with respect to technological processes,
requirements, etc. includes a region of initial conditions w. It often happens that
a trajectory leaves the region of initial conditions @ C €2, which come into the
region (set) 2 and stay there. This means that one can assume that behaviour of
the system is stable, when the system is in one of the equilibrium positions, from
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whose neighbourhood trajectories pass to a neighbourhood of another equilibrium
position. The stability understood in that way comes forward the effective needs of
technical stability investigations, which extend the range of Bogusz stability.

Definition 10.12. Consider the system (10.21) with initial conditions x (0) = xo,
while a function R is constantly acting perturbation, and ||R(¢, x)|| < r, where r is
a sufficiently small number. Let ® C E, and 2 C E, be two bounded and closed
regions (Fig. 10.7), while @ ¢ €. The system (10.21) is called technically stable
with respect to (w, 2) at the time ¢ > T, if each trajectory starting at the instant
t = 0 at the point x(0) € @ will not leave the region Q2 within the time ¢ > T, i.e.
x(0) e w = té\Tx(Z) € Q.

The above definition has been stated by Szpunar [225]. When one examines
stability with the use of Szpunar’s method, one can make use of the following
theorem.

Theorem 10.3. Assume that there exists a positive definite function H(t — T, x)
of class C' onto E". If the following conditions are satisfied: H(0,x) = A(x),
H(t —T,x) > —oo as |x| = oo in the interval 0 < t < T, derivative of the
function H along the solutions of the system (10.21) satisfies

A M=CT for >0, x ¢ Q* = {x, A(x) < C*} (10.28)

where: M = max H[-T,x(0)], and the following inequality holds for C*

x(0)Ewy

M-m<C*<MandC*<C (10.29)

.
A}

-

?

m———————

A(x)=C

[ ]
>
s
-
bl TS L

A(x)=C*

Fig. 10.7 Scheme of stability in Szpunar’s sense with marked quantities occurring in The-
orem 10.3
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where: m* = min H[—T, x(0)] and the inequality H(t; — T, x;) < H(t — T, x3)

x(0)ew
forty > ty, is satisfied x| € Q¥, x, ¢ Q2 then the system (10.21) is technically stable
in Szpunar’s sense.

Radziszewski [203-206] and Stawiniski [209-211] contributed to a discipline
connected with stability of dynamical systems. These works are connected with
so-called second Lyapunov’s method and the choice of Lyapunov’s function. Many
recent results point that this method requires the least amount of assumptions, which
weaken generality of considerations concerning a given system and that Lyapunov’s
function gives the best estimation of stability.

Consider the following nonlinear system [210]

¥ = £t x) (10.30)

where f : I xQ — R", I = (t,00), T > —o0 and €2 is a subset of R" containing
the point (0, 0). We will assume that f(¢,0) = 0 for all # € /. On the basis of the
mentioned works we will show how one can estimate exponential stability, a set of
attraction and the so-called exponential index of convergence for the equilibrium
positions (0, 0).

An exponential set of stability is defined by the relation:

— . —o(t—1o)
2 = e (v) () (y) el <alule

(10.31)
where | - | denotes a norm of a vector w € R". The exponential index of stability is
a limiting value of the derivative of Lyapunov’s function.

V(x) = |Ix]ly = (x. Sx)"2, (10.32)

where x : R — R", S € M;}(R), and M, (R) is a set of symmetric positive
definite n x n real matrices. Derivative of the function V(x) reads

y 9 S ta
Piex) = ES/EX) (10.33)
Ixlls
Before we go further, let us consider a simple particular case
X = Ax, (10.34)
where A C M, (R). For this case, Eq. (10.33) takes the form:
. ,SA
V) = & 540 (10.35)

Ix1ls
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According to Lyapunov’s definition the system (10.34) is exponentially stable if and
only if there exists such y that the following inequality holds

V(x) < yV(x), (10.36)

for all x € R". Assume that we choose y in the following way

ye = su Vi(x) (x, SAx) (10.37)

=sup ———.
e V) P s

The system (10.34) will be called exponentially stable if there exists a positive
definite symmetric matrix S, such that y < 0. It is worth emphasizing that for the
system (10.34) and matrices S the values of y; can be non-negative, in that case it is
interesting to make such a choice of a matrix S that the value of y; is minimal, i.e.
solve the equation

y = inf supm. (10.38)

seM;F(R) (x, 8x)
A matrix Sy satisfying (10.38) will be called a best matrix for the linear sys-
tem (10.34). In general case, such a matrix may not exist. If the matrix A4 has a
complex structure, then the matrix Sy can be singular and Sy ¢ M,"(R). One can
prove that

7 = max Rel; (A), (10.39)
J

where A j (A) is an eigenvalue of the matrix. The condition < 0 is a necessary and
sufficient condition of exponential stability of a system. In the case of the considered
linear system, a choice of the best matrix S is given by the following lemma

Lemma 10.1. A best matrix Sy for the linear system (10.34) is a matrix determined
by the equations So = X* X, where X is a matrix of eigenvalues, which correspond

to the eigenvalues of the analysed system, and X* = YT.

In what follows we consider a system described by differential equations of the

form
)2?1 _ 0 1 X1
[562} B [—1 Za}[xz] (1040

where a € R is some parameter. A determinant of the matrix occurring in (10.40)
has the form

'—A 1

O 2a—x' =0, (10.41)
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and this leads to the characteristic equation
A—2al+1=0 (10.42)
Roots of the above equation are
AMo=a+ Va2 —1, (10.43)
and the following equality holds A;A, = 1.

According to the lemma, let us look for a matrix of eigenvalues corresponding
the eigenvalues A; and A, which can take two forms. The former has the form

[14}[—12a:|_|:0 )‘2}[161] (10.44)

and this leads to the following equations

p=—-XA, 14+2pa=2rp,
q = —X2, 1 +2qa = Ay.

Consequently, the sought values p = —A;, ¢ = —A; and the above two equations

(see the characteristic equation) are identically satisfied. A sought matrix X has the
form

1 -2
Xq) = [1 _A;] (10.45)

The following matrix equation presents another form of a matrix composed of

eigenvectors
1p 01 A 0O 1p
= 10.4
[611“—120} [Oleql ’ (1040

and this leads to the following system of algebraic equations

p = -2, 14+ 2pa = Ap,
q=-1/Aa=-A, q+2a=hk.

Finally, the sought matrix has the form

1 —A
X(z)Z[_Al 11] (10.47)
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According to the lemma for |a| > 1 we have 7 = a + +a? — 1 and the sought
matrix Sp has the following forms:

so=[ 4 ][ 2[ ! —M]
0 T _p - _ = Mth) A3+A)
A=A L1 -4 - 5

and

1+42
s =0 T ] =2 ]
—Al 1 —/\1 1 _Al 71

2

and taking into account the dependence A, »(a) we have:

1 —a
S(l) -2 i
0 —a2a®> -1

_1
S = 2k? [_11 K }
a

(10.48)

where k? = al,. Substituting the obtained values of the matrix into (10.38) we get
y = Al
Consider a limiting value of a derivative of Lyapunov’s function of the form

¥s(p) = sup sup M (10.49)
t€l x€BS (x,8x)

where BS = {x € R" : ||x||s < p}.
According to Krasowski theorem concerning the exponential stability (see
[138]), if there exists S € M, (R) and p > 0 such that

ys(p) <0, (10.50)

then the trivial solution (10.34) is exponentially stable and B;f € Q,(t) for each
fo € 1. 1f there exists S € M, (R) and p > 0 such that

y(p) = }Lmo(”) <0, (10.51)

then a trivial solution of the system (10.34) is exponentially stable. In [210], the
time duration of the transient process is given. The time needed to reaching the
neighbourhood of the equilibrium position for any two sets ; = {x : ||x|ls = pi}
i = 1,2,...such that po < p; < p. If the condition (10.50) is satisfied, then
time duration of a transient process can be estimated directly with the use of the
introduced notion of a limiting value of derivative of Lyapunov’s function in the
following way:
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n?2. (10.52)

ys(p)  p1

Ts,p(p1,p2) <

The time needed to overcome the distance between x € BPS and the equilibrium
position decreases k-times in the sense of a norm || - || if
Ink
Fo<_ . (10.53)
5P ys(p)

The value of the exponential index of convergence depends on the matrix S if for
ys(p) < 0. The less value ys(p), the better estimation is of £2.(¢y) and Té" o We
demand the following minimal value of an exponential index of convergence with
respect to the matrix S € M, (R)

Yp= inf ys(p). (10.54)
sem,t

An analytical solution of such a stated problem can exist only for some systems of
several degrees-of-freedom. In the case of nonlinear system the problem reduces to
numerical determination of extremal values of the function

_ (x, S8, x))
q(t,x) = TSy (10.55)

A dimension of such a stated problem of optimization (10.54) is (n> +3n)/2, where
n is a dimension of the considered phase space. If the matrix S is known, then the
dimension of the problem is #n 4 1 and it is a linear function with respect to n. So in
order to decrease the dimension of the optimization problem we assume the matrix
So (which is a linear part of the analysed system) as the best one of the matrices S
occurring in (10.55). We will estimate the set of attraction and the exponential index
of convergence for an equilibrium position after the linearization of the system

f(t,x) = Ax + h(t, x), (10.56)

where: A € M,,(R)and h : I x R, — R, is a continuous function at the point (¢, 0)

and lin%) hﬁ;ﬁ) = 0 with respect to the time ¢, where | - || is an arbitrarily chosen
X —>

norm. Taking into account (10.49) and (10.50) we obtain

. . (x, SAx) + (x, Sh(t, x))
ys = lim sup sup =
=0 eg xEBS (x, Sx)

1
max Rel,; [E(Ag + AS)} :
1

(10.57)
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where Ag = S'248712. 1f S = S, = X*X and X satisfies the equation
XA = AX, then

Vs, = max Rel;(A) < 0. (10.58)

The exponential index of convergence ys,, is a non-decreasing function of p.
Taking into account the condition (10.50) and performed calculations one can state
the following theorem:

Theorem 10.4. I[f maxRe A;(4) < 0 and lin}) hl(lirﬁ) = 0 with respect to t, then a
i x—

trivial solution of such system (10.32) is exponentially stable and B/f[? € Q. (1),
where So = X* X and

po = sup{p : ys(p) < 0}. (10.59)

The above theorem is a good tool to estimate an exponential index of convergence
and a set of attraction of the trivial solution. As can be seen by the mentioned
definitions of stability, very serious difficulties arise by precise determination of
many factors connected with real objects. Glendinning [99] states that there are
about 60 different definitions of stability.

Despite the fact that discussion of these definitions is not a goal of this
chapter, we will describe one more definition, which is one of the classical ones
(besides Lyapunov [159], Poincaré [201, 202]). The definition has been given by
Zhukovskiy [253]. Lyapunov’s definition refers to analysis of a trajectory from
neighbourhood of the examined one, whereas the Poincaré definition concerns
a distance between neighbouring trajectories and the examined trajectory in the
phase space. The Zhukovskiy definition seems to gather advantages of both of the
mentioned definitions. In the case of the stability analysis of equilibrium positions
all three definitions are equivalent.

With regard to detection of chaotic orbits, it turns out that applying two first
definitions to evaluate the stability of chaotic orbits is not satisfactory. The main
idea of Zhukovskiy’s method is to estimate the distance between neighbouring
trajectories on a piece of a surface, which is perpendicular to one of the trajectories
[154], and this allows to introduce a completely new conception of linearization.
In order to introduce a notion of Zhukovskiy stability we introduce the following
class of a homeomorphic mapping. Let us recall a notion of homeomorphism: if
X and Y are topological spaces, then a homeomorphism is called a continuous,
bijective mapping between two spaces X and Y, and the inverse mapping is
continuous as well. Two topological spaces will be called homeomorphic if there
exists homeomorphism, which maps one space into another one.

I' = {z]|t : [(0, +o0) — (0, +00), T(0) = O]}, (10.60)

while the function I' will play a role of a parameterizing factor of the trajectory x (¢).
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Definition 10.13 (Zhukovskiy’s Stability). A solution x(#) = x(¢, xo) will be
called stable in Zhukovskiy sense if V 8(\)/ for any yo € Bs(xo) (Bs(x) is an
£>068(e)>0

open ball of a radius § and its centre x) one can find two parameterizing factors
71, T» € I' such that for all # > 0 the following inequality holds:

[x(z1(2), x0) — x(22(2), yo)|l < &. (10.61)

Next definitions concern asymptotical stability and non-stability in Zhukovskiy
sense.

Definition 10.14. A solution x(¢) = x(¢, xo) is asymptotically stable in Zhukovski
sense if one can find such §, > 0, that for all yo € Bjs,(xo) there exist two
parameterizing functions 71, #, € I', that the following condition is satisfied:

lim |x(z1(2), x0) — x(z2(2), yo)|| = 0. (10.62)
t—>+o00
Definition 10.15. A solution x = x(t, xo) is called unstable in Zhukovskiy sense as
t — +o0, if there exists such e > 0, that for any § > 0 one can select yo € Ks(x¢)
in the way that for any two parameterizing function 7;,7, € M and for the first
71 > 0 following inequality holds:

lx(z1(2), x0) — x(T2(2) yo)|| > . (10.63)

As was mentioned, in the case of stability analysis of equilibrium position
Lyapunov’s, Poincaré and Zhukovskiy’s definitions are equivalent.

Consider a periodic solution x = x(¢, xo), i.e. an image of this solution in the
phase-space is a closed curve.

In this case, one can see the essential differences between definitions in Lyapunov
and Poincaré sense, as was mentioned earlier. Assume we will consider an autono-
mous conservative harmonic oscillator. Then the perturbed solution with respect
to the examined periodic solution will be also periodic. Thus, an arbitrary small
perturbation makes a solution transfer from one closed curve to another one in the
phase space and it is stable in Poincaré sense. However, it is not stable in Lyapunov
sense because the periods of the mentioned orbits are distinct. For the considered
case, Zhukovskiy’s definition is equivalent to Poincaré but not to Lyapunov’s one.

Consider a more general situation, when the analysed trajectory is neither
periodic nor degenerate periodic orbit, i.e. an equilibrium position. In the considered
case, a phase point belonging to the perturbed solution can leave neighbourhood
of a segment of the analysed trajectory so as to find itself in & neighbourhood of
another segment of the trajectory. In this case, a trajectory is unstable in Zhukovskiy
sense, though distances between phase points belonging to the perturbed and
unperturbed orbit remain arbitrarily small. Thus, the solution is stable in Poincaré
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sense. Many other examples, which point out usefulness of applications of the
Zhukovskiy definition (in particular, to analysis of stability of quasi-periodic or
chaotic trajectories) have been discussed in [154].

10.2 Lyapunov’s Functions and Second Lyapunov’s Method

If

xs(t) + y5() = ys (), (10.64)
then substituting (10.64) into Eq. (10.1) we get

Lo = X,(t, X1, ... %), s = 1., (10.65)

where
Xs(t,x1,...,x,) = Fs(t, x +y1*,...,xn+y,f)—Fs(t,y{k,-..,y,f)-

The quantities xg(¢) are understood as perturbations of the analysed (unperturbed)
solution y§ (¢). It is noteworthy that the solutions xs = 0 of Eq. (10.64) (which are
called equations of perturbations hereafter) correspond to the solution yg(¢). Thus,
stability analysis of the solution y§(t) reduces to the analysis of a trivial solution
(equilibrium position) of equations of motion of a perturbed system which are also
called reduced equations.

Now, we will introduce some notions and definitions, which are necessary for
further considerations.

Definition 10.16. A scalar, real and continuous function V(¢, xy,...,Xx,) is cal-
led a weak definite (positive or negative) function, if V(¢,x;,...,x,) > 0 or
V(t, x1,...,x,) <0, respectively.
Definition 10.17. A function V(¢, xy, ..., x,) is called positive definite if there
exists a scalar function W(xy, ..., x,) such that
Vi, x1,...,x0) = W(xy,...,x,) >0, (10.66)
V(t,0...,0) = W(,...,0). (10.67)

Similarly, we define a negative definite function V.
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Fig. 10.8 Illustration of a positive definite function for a two-dimensional system
Definition 10.18. If there exists W(x, ..., x,) such that:
V(t, x1,. 0 %) S W(x1,...,x,) <0, (10.68)
V(,0...,0) =W(O,...,0) =0, (10.69)

then the function V (¢, x1, ..., x,) is called negative definite.

A positive or negative definite function is called sign definite. One can show that
it V(t, x1,...,x2) = V(x1,...,x,) is a sign definite function, then there exists such
a number H > 0, for which all the surfaces V(x,...x,) = C are closed around
the point (0,...,0) for |C| < H. If there is time in the function V, then though

the surfaces V(¢,x;,...,x,) change as time flows, after a suitable selection of
C the surfaceV (¢, xy, . . ., x,) stays within the region surrounded by a closed surface
W(x1,...,x,). For a system of two variables one can give a graphical illustration

(see Fig. 10.8).

When one examines stability by means of Lyapunov’s method one needs to relate
a function V (¢, x1, ..., x,) to the reduced system (10.65). If a variable (x, ..., x;)
of this system is the same variable occurring in the function V (¢, x; ..., x,), then
the function

. WV IV
V(t,x1,....,xp) = — —Xi(t, xiy ..., Xp), (10.70)

Jt pr ax;
is called an exact derivative of the function V(¢, x1, ..., x,) with respect to time ¢,

associated with the reduced system.

Theorem 10.5 (First Lyapunov’s Theorem). If for the reduced system (10.64)
there exists a scalar function V(t,x1, ..., Xx,), defined up to a sign which possesses
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a time derivative V(t, X1,...,X,) and is associated with the system (10.64), and is
a function of a constant sign, which is opposite to the sign of V or is identically
zero, then a trivial solution (x1,...,x,) = (0,...,0) of this system is stable in
Lyapunov’s sense ast — +o00.

Theorem 10.6 (Second Lyapunov’s Theorem). Let for the reduced system (10.64)

exist a function V(t,x1,...,Xn), defined up to a sign which possesses a time
derivative V (t,x1,...,Xy), defined up to a sign, which is opposite to the sign of
V, then a trivial solution (xi,...,x,) = (0,...,0) of this system is asymptotically

stable in Lyapunov’s sense as t — 400.

Theorem 10.7 (The First Theorem on Instability). Let for the reduced
system (10.64) exist a function V(t,xy,...,x,) such that its derivative
V(t,xl, ..., Xn) Wwith respect to t, associated with this system, is definite and
can attain, in the neighbourhood of zero, values of the same sign as the function
V(t,x1,...,x,) does, then a trivial solution (unperturbed solution) is unstable.

Theorem 10.8 (The Second Theorem on Instability). If for the reduced
system (10.64) one can find a bounded function V(t, x1, ..., X,), whose derivative
can be transformed into the form

V=AV+W, (10.71)

where A is a particular constant positive number, W = 0 or is a particular weak
definite function and if the function V(t, x1, ..., x,,) is not weak definite of opposite
sign to the function W, then a trivial solution is unstable.

Two first Lyapunov’s theorems and the first theorem on instability allow for a gra-

phical illustration. If the function V'(¢, x1, ..., x,) and its derivative V(xl, ey Xp)
are definite and of opposite signs functions, then a phase point moving along the
phase trajectory intersects each surface V(x; ..., x,) = C from outside, since the

function V values should decrease. In this case, phase trajectories should approach
the origin of the coordinate system (Fig. 10.9a).

Finally, in the case of fulfilment of conditions concerning the first theorem on
instability, a phase point moving outward the curve (Fig. 10.9¢c) intersects the surface
V(t,x1,...,x,) = C. The case from Fig. 10.9b is particular, since VvV =0.

As can be noted, one assumed that the derivative V(t, X1,...,Xy), associated
with the system, whose stability we want to determine, is weak definite at some
neighbourhood of the origin. In order to show that a dynamical system is unstable
it is sufficient to show that there exists at least one trajectory, which has its origin in
the neighbourhood of an equilibrium position and the trajectory moves away from
this point. It is not necessary to take into account the whole neighbourhood of the
equilibrium position.

Theorem 10.9 (Chetayev Theorem). Let for the reduced system (10.65) exist a
Sunction V(t,x1,...,Xx,), which possesses continuous partial derivatives of first
order and whose projection of its cross-section on the plane (0, x1,...,X,) is not
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Fig. 10.9 Graphical illustration corresponding theorems on stability and instability

an empty and closed set, and its boundary includes the origin of the coordinate
system and moreover on the boundary V(t,xi,...,x,) = 0. If the function
V(t, x1,...,X,) is bounded in a region of projection and has a derivative in this
region V (1, X1, ....x,) associated with the system (10.65), provided that in each
subregion of this region for which V(t,x1,...,x,) = a > 0 the inequality
V(t,X1,....x,) = B > 0 holds, where B = B(c) is a certain positive number,
which depends on a positive number a, then a trivial solution of the system (10.65)
is unstable in Lyapunov’s sense as t — +00.

Projection of the cross-section of function V(¢,xy,...,x,) on the plane
(0,xy,...,x,) is depicted in Fig.10.10. The origin belongs to the boundary
of this projection. If there exists an internal point (to,xio), .. .,x,(,o)) such that
0 < [{x©@Y| < 8, and V(r, x\”.....x") = a > 0, V(t.x1(1).....x,(1)) > 0,
then the projection of the trajectory, which has its origin in the cross-hatched region
will leave this region.

Consider the reduced system (10.64) again. If a trivial solution of this system
is global asymptotically stable, then it is asymptotically stable in Lyapunov’s sense
and its region of attraction is the whole space.

A function V(z,x1,...,x,) will be called infinitely large, if for an arbitrary
positive number o there exist a positive number R such that the inequality
V(x1,...,x,) > « holds for all x, ..., x, lying inside a ball of radius R.

Theorem 10.10 (Barbashin—-Krasovskiy Theorem). If there exists a positive de-
finite, infinite function V(xi,...,x,) and such that its derivative associated with
the system (10.65) is a negative definite function (while dV/dt = 0 holds for
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Fig. 10.10 Graphical t
illustration of Chetayev’s n
theorem

(x1,...,x,) = (0,...,0)), then a trivial solution of the system (10.65) is global
asymptotically stable.

The above theorem concerns necessary and sufficient conditions of a system
stability in Lagrange sense.

Theorem 10.11. It is sufficient and necessary for the system (10.1) to be stable
in Lagrange sense if there exists a function V(t,y1,...,Yn), which satisfies the
following conditions:

(a) Vt,y1,.. s ) =W, ...y ¥n), and W(yi,...,yn)—00 for |(¥1,..., Yu)
||—00;

(b) for any expansion yg(t;to, Y10,---,Vn0), S = 1,...,n a function V(t,ys) is
non-increasing with respect to t.

This last condition is equivalent to the condition V(t Yis---»Yn) <0, where v
is a derivative of a function associated with the analysed system.
Consider a very general nonlinear oscillator described by the following equation

%+ pO)x + q(t) f(x) =0, (10.72)

with the following initial conditions: p(¢), ¢(¢t) and f(x) : 0 < q(t) < M, p(t) >
—g/2q and [ f(x)dx = +oo.

One can show that solutions and their derivatives of this equation are bounded
fort € [ty, 00]. Let us transform the system (10.72) into two first-order equations of
the form

dx
- = 10.7
77 v, (10.73)
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d
d—f = —p(O)y — q(t) £ (). (10.74)

We assume the following form of the function V:

*0 Y1)
Vix0o0) = [ fde 30, (1075)
0 24(1)
and since ¢(t) < M, then we assume
X y2
Wix,y) = i+ . 10.76
o= [ rac+ (10.76)
where: V(z,x,y) > W(x,y) and W(x, y) — 400, when x> + y? — oo.
Next, we calculate the derivative associated with the system (10.72)
dV(t,x,y) y y2q
— =Sy —==Ipy +qfl- . (10.77)
dt q 2q
and after transformations we obtain the inequality
,_ ) q
V=-—"o0p+). (10.78)
q 2q

According to the inequality p(t) = —q/2q, taking into account the assumption that
g > 0, we obtain V[t, x(), y(t)] <0, and this proves boundedness of x (¢) and X (¢)
in the interval (0, 00).

Now, we give a few theorems concerning characteristic exponents. Proofs of the
theorems can be found in the monograph [77].

Theorem 10.12. A characteristic exponent of finite sum of functions f,(t) (m =
1,..., M) is not greater than the greatest one of the characteristic exponents of
each of the sum components.

Theorem 10.13. A characteristic exponent of product of the finite number of
functions f,(t)(m = 1,...,M) is not greater than the sum of characteristic
exponents of these functions.

A characteristic exponent of a matrix [Fj (¢)] is said to be a number or symbol
(£00) defined by the formula

x[F]= max XLFjk(@)]. (10.79)

Theorem 10.14. A characteristic exponent of the sum of finite number of matrices
does not exceed the largest one from among characteristic exponents of these
matrices.
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Theorem 10.15. A characteristic exponent of the product of finite number of
matrices is not greater than the sum of characteristic exponents of these matrices.

A solution {y(#)}, which is not a trivial solution of the system (10.65) is
exponentially stable, if the solution and close solution x(¢) for t = f, satisfy the
inequality

[x() — (@) < L |Ix(to) — y(to)|| e P, (10.80)

for ¢ > t, and for particular positive constants L and .

For a homogeneous linear system of constant coefficients, the asymptotical
stability of its trivial solution implies the exponential stability. In general it is not
true, when the coefficients are variable.

Theorem 10.16. If there exists a positive definite quadratic form

V(xi,...,xy) = (Ax, x), (10.81)
whose derivative V (x1, . .., x,) associated with the reduced system (10.65) satisfies
the inequality

V(xl,...,xn) < W(x1,...,Xxn), (10.82)
while
Wi(xy,...,x,) = —(Bx,x), (10.83)

is a negative definite quadratic form, and matrices A and B are constant and
symmetric, then a trivial solution of the system (10.65) is exponentially stable as
t — oQ.

Now, we will examine the stability with the use of Lyapunov’s function.

Example 10.1. Examine the stability of equilibrium positions of a pendulum
governed by the equation

é + o’sing = 0.

The above equation is transformed into a system of two first-order differential
equations

d_¢—v

dt
dv 5 .
— = —a”sin¢.

dt
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First, we will consider a more general problem, namely a dynamical system of the
form

d¢
—_— = v7
dt

dv

i —F(¢).

(%)

We will show that if F(¢) is a function satisfying two conditions
F(0) =0,

¢F (¢) > 0 forgp # 0

then the equilibrium position ¢ = v = 0 is stable. One can observe that the system
(*) possesses a first integral of the form

2

v ¢
> +/0 F(t)dt = C.

Differentiating th above relation yields we get
vdv + F(¢)d¢ =0,

and this follows from Eq. (x). In the interval (0, ¢) the function F(¢) > 0, and this
means that

¢
/0 F(O)dt >0

for ¢ # 0. Hence, a function
2

¢
Vo =5+ [ P (e5)

is positive definite. Its derivative reads

dv._av oV
= - -F(@).

dr el oo
Therefore, we get

dv

o = F(@)v—vF ().
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According to the first Lyapunov theorem (Theorem 10.1) the equilibrium position
¢ = v = 0 is stable, since the function Vis identically zero.

Now, let us go back to our studied system. The system possesses infinitely many
equilibrium positions of the form (¢, v) = (kx,0) fork = 0,1,2,.... With regard
to periodicity of a function sin ¢, it is sufficient to examine only one top and bottom
position of the pendulum, i.e. (0, 0) and (7, 0). Let (¢, vo) be a particular solution
we want to examine. Then, we obtain

d
w =v+ v,
W = —a’(sin ¢ cos @ + cos ¢y sin ),

since for small ¢ we have sin¢ ~ ¢ and cos¢ ~ 1.
After linearization we have

d¢
—_— = U,
dt

dv

T —a’ ¢ cos .

Solutions of the latter equations are sought in the form ¢ = Ae’’, v = Be*. We
obtain the following characteristic equation

A -1
=A? 2cos gy = 0.
a’cospy A ' e cosdo
For the top position, i.e. (7,0) we have A = =« and since @ > 0, then

the equilibrium position is unstable. For the bottom position, i.e. (0,0) we have
A = fio and stability of the equilibrium position can be examined by means of
Lyapunov’s function. According to (%) we have

v? ¢ 02
V(ip,v) = ) +/0 o’sincd¢ = 5 + a?(1 —cos ).

A function V (¢, v) is positive definite. Let us examine its derivative
dV(e, . .
$ = —va’sin¢ + singa’v = 0.

Thus, according to Theorem 10.1 the equilibrium position ¢ = v = 0 is stable.

Example 10.2. Examine stability of a solution (0, 0) for a dynamical system
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dx

5
= = by,
T ax” + oy
dy
— =cx +dy?,
dt Y
provided thata < 0 and d < 0.
By the linearized equation we have
dx
= = by,
dt Y
dy
— =cxX,
dt

hence we get the characteristic equation

357

(%)

If bc > 0, then the examined equilibrium position is unstable. If bc < 0, then by
Eq. (*) we get purely imaginary complex conjugate roots A1, = =£i v/bc, and this
corresponds to the critical case. Examination of stability of an equilibrium position

should be performed with the use of Lapunv’s function.
We seek Lyapunov’s function of the form

V(x,y) = Ai(x) + A2(y).
where A1(0) = A»(0) = 0. Derivative of this function reads

v dA, dA, 3
= I (ax” + by) + & (cx + dy°).

We want function ‘fi—lt/ to have the following form

dA, dA,;
—b —cx =0.
Jx Y+ dy cx

By the latter equation we get

by cx 1
ddy — TdA
dy dx 2

where one assumed that the ratios should equal 1/2. By Eq. (%) we obtain

(x%)
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dA;
g = 2by,
% = —2cx
dx '
and integrating we obtain
Ay = by?,
A} = —cx?.

If these expressions are taken into account in V(x, y), then we get the sought
function

V(x,y) = by? —cx?.

Its derivative is

CZ—I[/ = 2bdy* —2acx®.
If the parameters b and ¢ are of distinct signs, then V' (x, y) is a function determined
up to a sign, since it is everywhere positive or negative except at the pointx = y =
0. The function V has zeros different from x = y = 0, when the conditions are
satisfied bdy* = acx®. Ifa < 0,d < 0 and be < 0, then the trivial solution (0, 0)
is asymptotically stable.

|

10.3 Classical Theories of Stability and Chaotic Dynamics

A natural question arises whether introduced classical theories of stability and
instability can be applied to analysis of perturbed chaotic orbits? This problem was
investigated by Leonov [154]. Firstly, let us introduce a definition of invariance of a
set K.

Definition 10.19. We say that a set K is invariant, if x (¢, K) = K for any ¢, while

)C(Z,K) = {X(I,XO)|X0€K} .

An invariant set is generated by already described continuous systems (of continu-
ous independent variable)
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dx
X R, R, 10.84
S=F0). e (10.34)

or discrete ones (cascades with the independent variable t = 0,1,2,...),
x(@t+1)=F(x()), (10.85)

where: x € R" and F(x) is a vector function.

In mathematical sense, if for any x( a trajectory x (¢, x¢) for t € (0,4o00) is
uniquely determined, then we say that Eqs. (10.84) and (10.85) govern a dynamical
system.

Now, on the basis of Leonov’s work [154], we extend classical theory of stability,
referred not to single trajectories but to invariant sets.

Definition 10.20. We say that the invariant set K is locally attracting (attractor), if

for some neighbourhood of e this set K(¢), the following condition is satisfied

lim p(K,x(t, %)) =0, Ve K(), (10.86)
—>+00 X0

t

where o is a distance between a point x and the set K. The distance is defined by
the formula

p(K, x) = inf [z — x|,
z€K
where ||| is an Euclidean norm in R”, and K(¢) is a set of points x, for which

o(K,x) <e.

Definition 10.21. We say that the invariant set K is a globally attracting set if

lim p(K,x(t,x0)) =0,V € R".
t—+00

X0

Definition 10.22. We say that an invariant set K is locally uniform attracting, if for
any number § > 0 and a bounded set B C R" there exists such a number ¢(8, B),
that the following relation holds

x(t,B) C K(), VYt > t(8, B).
A graphical interpretation of Definition 10.22 is illustrated in Fig. 10.11.

Note that if the neighbourhood K (g) grows and covers R”, then B N R" = B.

Definition 10.23. We say that the invariant set K is global uniformly attracting,
if for any number § > 0 and bounded set B C R" there exists such a number
t(8, B) > 0, that the following relation holds



360 10  Stability

Fig. 10.11 A set K being local uniformly attracting

Fig. 10.12 A set K being
global uniformly attracting

x(t,B) C K(§), Vt=>1t(5,B).

The above definition implies that a trajectory starting from any point of the set B
will reach the set K(§) and stay there (see Fig. 10.12).

Definition 10.24. We say that an invariant set K is stable in Lyapunov’s sense if for
any number ¢ > 0 one can find such a number § > 0, that the following relation
holds

x(t, K@) C K(¢), Vvt > 0.

An illustration of this theorem is depicted in Fig. 10.13.
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Fig. 10.13 A set K being
stable in Lyapunov’s sense

Referring to the earlier introduced notions of stability one can come to the
following conclusions (proved in the monograph of Leonov [154]):

(i) For continuous dynamical systems, Lyapunov stability implies Zhukovskiy

stability, and Zhukovskiy stability implies Poincaré stability.

(ii) For discrete dynamical systems, Lyapunov stability implies Poincaré stability.

(iii) In the case of equilibrium positions, all the introduced notions of stability are
equivalent.

(iv) In the case of periodic orbits of discrete systems, the notions of Lyapunov and
Poincaré stability are equivalent.

(v) In the case of periodic orbits of continuous systems, the notions of Poincaré
and Zhukovskiy stability are equivalent.

It follows from the analysis of chaotic orbits that perturbed orbits are sensitive
on perturbations and characterize of rapid mutual repelling. The considerations
performed in monograph [154] imply that periodic orbits, in the case of continuous
dynamical systems, can be stable in Poincaré and Zhukovskiy sense but unstable
in Lyapunov’s sense. On the other hand, orbits repelling each other (chaos) can be
stable in Poincare sense. Moreover, Leonov comes to conclusion, on the basis of
examples, that from among classical notions of instability the ones in Zhukovskiy
and Lyapunov senses are the best choices for analysis of strange chaotic attractors,
respectively for continuous and discrete systems.



Chapter 11
Modelling via Perturbation Methods

11.1 Introduction

Asymptotical methods, including perturbative ones, belong to the methods com-
monly applied in physics, applied mathematics and engineering sciences.

In this chapter, we will limit ourselves to analysis of only a few simple examples
on the basis of modelling with the use of classical perturbative methods. Many
monographs and thousands of scientific articles are devoted to this problem (see,
for example, [7,24]).

Before we start considering particular examples of modelling, we will briefly
mention the advantages and disadvantages of asymptotic modelling.

The advantages include the following features of asymptotic methods:

(i) asymptotic methods are closely related to the examined physical process;
(ii) they enable to obtain solutions in analytic forms;
(iii) they enable to determine many important features of the sought solution;
(iv) they enable the unique mathematical approach to many various physical
problems;
(v) they allow for initial estimation of possible solutions, which can be more
thoroughly analysed via numerical methods;
(vi) they enable to construct solutions by means of combined methods, i.e.
asymptotical and numerical ones.

The disadvantages include:

(i) it is difficult to estimate an error connected with a construction of an approxi-
mated solution;
(ii) the proof that an asymptotic series is convergent to a real solution is very
laborious;
(iii) there are no general rules concerning the choice of perturbative parameters, so
it depends on intuition and experience of a researcher.

© Springer International Publishing Switzerland 2014 363
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DOI 10.1007/978-3-319-07659-1__11
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It is worth emphasizing that a small perturbation parameter, which plays a
key role by evaluation of asymptotical convergence of series, can have a physical
interpretation or can be introduced artificially.

The ideal for application of the asymptotic method is to introduce an artificial or
small physical parameter ¢, so that the problem can be reduced to the analytically
solvable problem for ¢ = 0.

In spite of the standard classical approaches, there exists also a few new methods
allowing to eliminate a small perturbation parameter, and hence to extend a validity
of the obtained results. The mentioned approaches include the multiple scale
methods [180] and its further modifications [134], max—min approach [118] and
improved amplitude-formulation [117], homotopy perturbation method [116] and
parameter-expanding method [119].

11.2 Selected Classical Perturbative Methods
11.2.1 Autonomous Systems
11.2.1.1 The Krylov Method
Consider a system governed by the equation
J+agy =¢0(). (11.1)
For the sake of simplicity, we assume that Q (0) = 0, and this means that y = 0Ois

an equilibrium position. The function Q (y) can be expanded around the equilibrium
position, while (dQ /dy),=o = 0. A solution of Eq. (11.1) is sought in the form

K
y =y + > e ylo). (11.2)
k=1

Additionally, in order to eliminate so-called secular terms (unbounded growth in
time) one introduces the series

K
o =of+ Y o (11.3)
k=1

Taking into account (11.2) and (11.3)in (11.1), we get

K K K K
e+ <a2 - ngak) ety —e0 (ngyk) e
k=0 k=1 k=0 k=0
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Next, we expand the right-hand side of (11.4) in a power series around ¢ = 0 and
we get

eQ(y) = €0 Ze yk)

K K K K
+ ; 0’ (Z Skyk) D kel + 0 (Z Ekyk) Dokl +e 0 ( Skyk)
k=1 1

k=0 k=1

K K K K
-Zkek_'yk Zkek_lyk +e0’ (Z ekyk) Zk(k - l)sk_zyk}

k=1 k=1 k=2

2
, &
= Q(yo)e +20 (YO)YIE +
(11.5)
where: Q' = 42 07 = W"" .
Taking into account (11. 5) in (11.4) and equating terms standing by ¢ of the same
powers in (11.4) we obtain:

gl Fo + a?yo = 0,

gl Ji+ oty = ayo + Q (), (11.6)
&2 i +atys = aayo + a1 y1 + 10’ (o),

A solution of the first recurrent equation of a sequence of equations is a function
Yo = ao cos ¥, (11.7)
where
¥ = at + 0. (11.8)
Taking into account (11.7) in the second equation (11.6) we have
J1 + oy = apagcos ¥ + Q(agcos ). (11.9)

The function Q(apcosy) is even and periodic of period 2w, thus one can be
expanded in Fourier series

1 o0
Q(agcosy) = §b0+’;b,, cosny, (11.10)
where

_2 /” Q(ap cos ¥r) cos nyr di. (11.11)
7 Jo



366 11 Modelling via Perturbation Methods

Taking into account (11.10) in (11.9) we get

1 o
J1+ o’y = Ebo + (a1a¢ + by (ag)) cos ¢ + Zb,, cosniy. (11.12)

n=2

In order to obtain a periodic solution we need to eliminate a secular term in the
solution y;(¢), i.e. we assume that

arag + by (ap) = 0. (11.13)
By the above equation we determine «; = —m;“’), so the first unknown
component of the series (11.3). A solution of (11.12), including (11.13), is

bO > n
= t+0 — _ . 11.14
y1 = ajcos (at + O1) + Y + ngzz e (noz)z cosny ( )

Constants agp and ®, are determined by the initial conditions, so we assume that
a; = ®; = 0. This leads to determining ag and ®, from Eq. (11.2), which can be
troublesome in practice. That is why the constants ay and ®, are often determined
in a way that the solution y satisfies the initial conditions.

In further considerations we assume a; = ®; = 0 and by (11.14) we get

by

y(@) = o)

> b
+;az_—(m)2cosnw (11.15)

Knowing y; we see that the right-hand side of the third equation of the
system (11.6) is determined. By the condition of vanishing of the secular term in the
solution y,(¢) we get the coefficients o, and the solution y, is another component
of the series (11.2). Confining ourselves to the first approximation O(s?) we obtain:

by

1 —n?

o= /o2 +ea (a) = ,/ag—gblsj‘)). (11.17)

A period of the sought solution reads

1|1 >
y =agcos (ar + Og)+&— [—bo + Z cosn (ot + n@o):| ,  (11.16)
ot |2 =

where

2
T—_ T (11.18)

9
0!(% —¢ by (ap)
\' ag
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Fig. 11.1 Oscillator of a
mass m and stiffness k(y)

k(y)=ky+Aky?

and depends on the vibration amplitude.

Example 11.1. Determine equations of motion and period of free vibrations of a
system depicted in Fig. 11.1. Assume that stiffness k = ko + Aky?.

The equation of motion has the form
V+oagy = —ey’,

where

ko Ak
—, &= —.

af =
m m

The recurrent sequence of Eq. (11.6) takes the form
Jo + o’y = 0,
Ji + &y = ayo — v,
J2 +a’ys = aayo — o1 y1 — 3y 1.
A solution of the first equation of the recurrent sequence is a function
Yo = apcosy, Y = at+ 6.

Taking into account the second equation of the recurrent sequence and the
following identity

3 1
cos’ = Zcosw + ZCOS 3y,

we obtain

3 1
1+ a2y1 = ap (al — Za%) cosy — Zag cos 3.
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—

The condition of vanishing of a secular term gives

3
o) = Z(lé
Assuming a; = ©; = 0 we get
3
a
y1 = 3232 cos 3.

Therefore, we have

i + o a2 cos Y + —— 3ag cos 3y — as cos 3y cos> ¥
a‘y, = ma .
2 2 240 12842 2052
Since
5 1
cos” Y cos 3y = 7 (cos 5y + 2cos 3y + cos ),
we get

3a3 3a3 3a2

B+ aly, = _ 24 _ 0 3y — 0

Y2y (“Zao 128a2)cosw 12802 <%V T 1282
Avoiding secularity yields

4
3a,

= 12842

and for a; = Q, = 0 we have

3
Vo = Tooa ot (cos 3¥ 4+ cosSy).

Finally a solution (ignoring terms O(&?)) has the form

3 5
y =apcosy + 53;(;2 cos 3y + 2 1024 3 (3cos3y + cos5y),

where

+ > +23 4 V=ar+0
a= Ja2+eca®+¢ -5 = )
0TI T 802 1 ea? ’

cos 5.

1 Modelling via Perturbation Methods

(%)
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The amplitude of oscillations, understood as the biggest displacement of the
system from the equilibrium position, we obtain when

v =at + 0y =nn,

hence

and we get from (x)

Aa; a
A=ay+e—->1 +—2,
0T " 3002 256a*

The period of oscillations is
2

4
2 3.2 2.3 %
\/050 +ezap + €55

2, .32
a5 tezap

T =

11.2.1.2 Krylov-Bogolubov-Mitropolskiy (KBM) Method

The Krylov method was developed and improved first by Bogolubov, and then by
Mitropolskiy. It can be applied to second-order differential equations, which govern
dynamics of mechanical systems. Its essential elements will be exposed here during
the analysis of an autonomous system of a single degree-of-freedom of the form

J+agy =0, 9) (11.19)

Assume that y = y = 0 is an equilibrium position and a function Q(y, y) is
analytic with respect to its variables. The main element which makes a difference
between this method and the previous one is the assumption that the amplitude a()
and the phase y(¢) are functions of time. A solution of Eq. (11.19) is sought in the
form

K
y() =acosy + Y ey [a). v ()] (11.20)
k=1

In conservative systems, the amplitude a is constant so its derivative with respect
to time reads

da
— =0. 11.21
dt 0 ( )
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Derivative y with respect to time is also constant for conservative systems. The
derivative reads

K
V=a=a+ Y fala) (11.22)
k=1

When we deal with nonconservative systems, we should complete the relation-
ships (11.21) and (11.22) with time-dependent series, which are taken in the form

K
a=Y A a@). (11.23)
k=1
K
Y=o+ Y Bila®)]. (11.24)
k=1

In order to take into account (11.20) in (11.19) we calculate the first and second
derivative of y(¢) with respect to time (the functions y; are composed functions of
two variables a and y) and we get

y—aCOSI//—alﬂS1n1ﬂ+Z (%yk gf;‘w) (11.25)

J = dcosy — avrsiny — ayr siny — ay siny — ayy® cos ¥

K

O yk OV Pye 5. Py ., Ok

k _'2 . Z kg2 2k
+k§€(aa2 1,// P vt SR v w).

(11.26)

Taking into account (11.20) and (11.26) on the left-hand side (L) of Eq. (11.19)
we obtain

L= [é—(l/}z—ozo) ]0051// (Za'l/} +a12})sin1/f

K
02 02 02 8
Z ( Ve 4 ykw oy Iﬂ Yk Ok, w-i-aoyk)-

8a> “ EWZ 1// Ba oy
(11.27)
According to (11.23) and (11.24), we have
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f k4 Ay (a)= Z PR i (Z skAk) =444 1+ 0 (&%),

2
V2 —al=ad + (Z skBk) + 20 Z "By — o
k=1 k=
= 82aoBl + &%2a0B, + &* B} + 0 (%),

) K
ay = Z e Ay - (oco + 3 skBk) =eapA; + e* Az + e* A1 By + O (&),
k=1

kdBy » _ k dB k4 _ .2dB 3
Ze kg = Ze "kZEAk—s LLA+ 0 (&),

K
2 (z skAk) — 28+ 0(),
k=1

. K 2
Y2 = (ao + > skBk) =02 + 200 B1 + 20 B, + &*BY + O (&%),
k=1
(11.28)

and ordering expressions standing by the same powers of &, Eq. (11.27) takes the
form

L=¢ |:ot§ (21”2 + y1) — 209 Bjacosy —209Al sin 1//:|
32 azy 32
2o 2a0B 2004 ——
+£|: (8¢2+y2)+ 060181# + 20041 aaalﬂ

dA
+ (Al_d - — (220B; + B}) a) cos yr
a

(11.29)

dB
- (2a0A2 +24,B; + d—lAla) sin w} + 0 (¢%).
a

The right-hand side P of Eq. (11.19) is expanded in the power series with respect
to ¢ in the neighbourhood of ¢ = 0. We obtain

dQdy

P =¢0(y.y) = s{ Q (3. ¥lemo + ( 99 8=0) +0 (82)}
00

= ¢ Q (acosy, —aag sin ) + & [8_ (acosyr, —aay sin ) y,
y

990y
=0 ayas

ad ad
+8_Q' (acosy, —aaysiny) + (A1 cosY —aBysiny + o 8)1; ):| + 0 (82)
y
(11.30)
Equating the expressions standing by ¢ with the same powers on the left-hand
side of (11.29) and the right-hand side of (11.30) we obtain a sequence of differential
equations
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9? 1
&n + 31 = — (fo+ 2410 siny + 2B1apa cos ), (11.31)
81#2 o
32y2 1 .
—=5 + 2= — (fi + 24200 siny + 2Bragacos ),
v o (11.32)
where
fo = Q (acosy, —awysiny), (11.33)
9%y 3y dA, 2
=-2B 2A A — B;
A 1Oloal//2 103 o ( "da )Cosw
dB a
+ (2A1B1 + aAld—l) sinyr + B_Q (acosy, —aag sin ¥) y; (11.34)
a y

+8—Q,(acosw,—aaosinw) Alcosw—aBlsmw—i—aoayl .
ay oy

A function f; determined by (11.33) is a periodic function of period 27 with
respect to ¥, so it can be expanded into the Fourier series

fo @ 9) = Shufa@) + 3 (@) cosny +cop(@)sinmy),  (1139)
n=1

where

2

bon(a) = % ; QO (acosy, —awg sin ) cosnydi, (11.36)

1 2
con(a) = — 0 (acosy, —aag siny) sinnydy, n=0,1,2,...
T Jo
(11.37)
Taking into account (11.35) in (11.31) and excluding from the series (11.35)
those terms, which give in the solution of (11.31) secular terms, we have

02 1 1
8@2)21 1:05_(2) (co1 + 2A1ap) sin Y + 01_(2) (bo1 + 2Byapa) cos ¥

b 1 &
+ﬂ + — E (bon cosnyr + cop sinniy).
=2

2 2
25 o

(11.38)
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Two first components on the right-hand side of (11.38) give secular terms in the
solution y;. Their appearance in the solution is contradictory with the assumptions
of asymptotic methods. Hence, the coefficients standing by siny and cos ¥ need
to be equated to zero. This gives us relationships to determine unknown functions
Al(a) and Bl(a)

Av(a) = 9@ (11.39)
20[()

Bi(a) = —b;‘(“). (11.40)
ood

Taking into account (11.39) and (11.40) in (11.38), a general solution of
Eq.(11.38)is

b
y1 = ajcos (Y + O1) + 00 2 Z (b()n cosnyr + co, sinnyr) ,

(11.41)
because by integration of Eqgs. (11.23) and (11.24) two any constants appear. The
constants can satisfy any initial conditions, imposed on Eq. (11.19) (we assume in
further considerations a; = 0 and ®; = 0). Equation (11.41) takes the form

boo

1 & :
V= 2% a_(z) ; (bon cosnyr + cop sinny) . (11.42)

Note that the function f; determined by Eq.(11.34) and occurring in (11.32) is
completely determined by the relationships (11.39), (11.41) and (11.42). Itis easy to
see that this function is periodic of period 27t with respect to y. It can be expanded
into the Fourier series of the form

1 o0
fi(a.¥) = sbu(@) + Y b ) cosny + ey (@) sinny]. (11.43)
n=1
where
1 2
bip(a) = 7 Si(a.y) cosnydy, (11.44)
1 2
cin(a) = = fila,¥)sinnydy, n=0,1,2,... (11.45)
0

Doing analogously as with Eq. (11.31) we obtain the successive functions A4;(a)
and B;(a) of the series (11.23) and (11.24) in the form
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Asz(a) = — , (11.46)

20{0

b

Ba(a) = — 1@ (11.47)

2000a

and the function y, of the series (11.20)
_bo 1 i ! (biy cosnyr + c1, sinny) (11.48)
YZ — 2(}((2) (]((2) — 1 — I’l2 1n 1n . .

The unknown functions of time a(¢) and y(¢) occurring in the series (11.20)
we will determine by solving the differential equations (11.23) and (11.24). These
equations are easy to solve by means of separating of variables. Separating the
variables in Eq. (11.23) we get

g - da (11.49)

skAk(a)'

NE

k=1

Integrating (11.49) we have a function a(#) in the implicit form

da
t=/m—+ao, (11.50)
Y. kA (a)

k=1

where ay is a constant dependent on initial conditions.

Even in the case, when the integral (11.49) can be expressed by elementary
functions, one cannot obtain the explicit form of a = a(t), which is necessary
to solve Eq. (11.24). In the case when from (11.49) one can obtain an explicit form
of a(t) after separation of the variables, then from Eq. (11.24) we have

v :/(ao—i-ZskBk [a(z)]) dt + ©y. (11.51)

Taking into account (11.42), (11.48), (11.50) and (11.51) in the series (11.15) we
obtain a general solution of Eq. (11.20) with the constants ay and ® , dependent on
the initial conditions.

Example 11.2. Determine oscillations of a system governed by the Rayleigh
equation

J+ gy = (2h — gy?) y.
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In order to make some transformations we introduce a parameter € into the
equation. It is seen that

Q(y.y) = (2h—gy?) y.
We seek a solution in the form

y(t) = acosy +eyi(a,y),

where

a = ¢sA(a),

¥ =0y + eBi(a).

According to (11.31) we have

9 1 .
—y21 + 31 =— (fo+24100siny + 2Bjapacosy) ,
oy o
where
: 3 25 . 135
fo= Q (acosy, —aapsin ) = aay Zga oy —2h | siny — Zga o sin 3.

Taking two recently obtained formulas we get

32y1+ _ 1 24100 + 3 eata? 2h ) | siny
— == oo+ aag | —ga“ay —
302 Vi a(z) 1% 0 4g 0

. (%)
+ 2Bjapa cos Y — ZgaSag sin 31,0} .

By the condition of vanishing of secular terms we determine unknown coeffi-
cients Ay and B;, which read

1 3
A = Ea (Zh — Zgazot(z)) ,

By =0.

A solution of the equation (x), after taking into account the obtained 4, and Bj,
takes the form

1
V= ﬁgcﬁao sin 3.
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‘We have
a =eah (1 — Kzaz) , (%)
where
3 ga?
K?>=2-220,
8 h

If K2 > 0, then after separation of variables, we obtain from ()

da

a(—Ka)( £ Ka) ~ "

Decomposing the left-hand side of the later equation into partial fractions we

obtain
da K da K da
— =) ———— | ——— +1InL = ¢ht,
/a+2/(1—Ka) 2/(1+Ka)+n ¢

where L is an integration constant. After integration we have

al
In —— = ¢ht,
V1 —K?a?
and hence
aoesht
a =

/1 + a(Z)KZEZaht 7

where ap = L~ is a constant, which does not depend on the initial conditions.
Below, we give a solution of Eq. (11.24), which takes the form

v = opt + .
Taking into account the obtained functions and assuming ¢ = 1 we find a general
solution of the Rayleigh equation.

The constants ag and ® need to be determined so that the initial conditions must
be satisfied.

|

11.2.1.3 Equivalent Linearization
Leaving only the first term in the solution (11.20) of Eq. (11.19) we have

y(t) = acos, (11.52)
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while in the series (11.23) and (11.24) we leave the following terms

a=c¢eA(a), (11.53)

v = oo + eBi(a). (11.54)

The solution (11.52) will be the first simplified approximation of a solution of

Eq. (11.19). Below, we point out that the solution (11.52) of Eq. (11.19) satisfies, up
to &, the equation

J + 2h.(a)y + a?(a)y = O(e). (11.55)

The above equation is called an equivalent linear equation of the nonlinear
equation (11.19). The parameters, the equivalent damping coefficient %, and the
equivalent eigenfrequency o, occurring in this equation are determined below

2

he(a) = QO (acos ¥, —aag sin ¥) sin yd s, (11.56)
2w opa
2

a.(a) = ag — 0 (a cos ¥, —aag sin ¥) cos Yyd . (11.57)

2mapa Jy

By Eq. (11.52) we have

Y = dcosy —ay sin . (11.58)

Taking into account (11.37) and (11.40) in (11.39), and including (11.56),
Eq. (11.53) takes the form

a=—ah.(a). (11.59)

Taking into account (11.36) and (11.41) in (11.40), and including (11.58),
Eq. (11.54) takes the form

U = a.(a). (11.60)
Applying (11.59) to (11.60) in (11.58) we have
y = —ah, cosy — aa, sin . (11.61)

Differentiating (11.61) we get

" ) dh, . - -
y = —dah,cosy — ad—a cos Y + ah.y sinyr — do, sin yr—
4 (11.62)

—a&d sin Y — a .y cos .
da
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Making use of (11.59) and (11.60) we have

dh,
y = ahg cos ¢ + 2h.aw, siny — aa? cos Y + a*h,— cos ¥
da
(11.63)
da,

da

a’h,

sinyr — 2h§a cos ¥ —2h o, siny + a?a cos ¥
Introducing (11.59), (11.61) and (11.53) into (11.55) we get
dh, da, .
J42h.y +a’y = —ah’cosy + azhed— cosy + azhedi siny.  (11.64)
a a

The right-hand side of (11.64) is of order of magnitude &2, since according
to (11.56) and (11.57) the expressions h., dh./da, da./da are of order of
magnitude ¢.

So, using Egs.(11.56) and (11.57), we transform a nonlinear equation of
type (11.19) into Eq. (11.55). Equation (11.55) will posses a periodic solution, if
h.(a) = 0, and roots of this nonlinear equation are amplitudes of approximated
periodic solutions, determined by the equation

Yo = apcos [o, (ap) t]. (11.65)
While in the case, when k. (a) = 0, then a solution is the function
y = Acos(w, (ap)t + O), (11.66)

where A and ® are constants, which depend on the initial conditions.

Example 11.3. With the help of the equivalent linearization, determine the ampli-
tude of vibrations of a system governed by the Rayleigh equation (see previous
example).

According to the formulas (11.56) and (11.57), the equivalent damping coeffi-
cient and equivalent frequency read, respectively

2
he(a) = 3 / [2h (—aag sin ) —g (—aawy sin Ip)3] sin dez—h—i-égazaé,
T oo 8
0
2
a.(a) = ap — Traca / [Zh (—awy siny) — g (—aag sin W)3] cosdy = ap.

0

The equivalent equation takes the form

3
y+ (—h + ggazag) v+ ozgy =0,
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and the amplitude of periodic vibrations reads

1 8h
ag = — -—.
ap \ 3¢

11.2.2 Nonautonomous Systems
11.2.2.1 Introduction

Now, we make use of the methods introduced in the preceding chapter for analysis
of nonautonomous nonlinear systems governed by the equation

J+agy =e¢ (y.y, 00). (11.67)

Assume that a driving force is periodic, i.e. ¢ (0t + 2w) = ¢(wt), and expand
this function in a Fourier series

M
¢ (yv.)}swt) = Qlo(ys)}) + Z{le()’d})cosmwr + QZW!(yvy) Sinma)t}'

m=1
(11.68)

We will assume that the functions Qj9, Q1, and Q,, are analytic in their
variables, so we can expand them in a neighbourhood of the equilibrium position
(for the sake of simplicity we assumed that y = y = 0).

It is noteworthy to pay attention on variety of resonances occurring in a nonlinear
system of one degree-of-freedom. In linear systems with periodic excitations,
resonance could appear for the mth harmonic with the satisfied condition mw = «y,
while for a nonlinear system the resonance appears for

mw = nay, (11.69)

wherem,n = 1,2,3,....Indissipative systems during the resonance, one observes
growth of the amplitude of vibrations.
Resonances can be classified as follows:

. main resonance (m = n = 1);

. subharmonic resonance (m = 1,n > 1);

. ultraharmonic resonance (m > 1,n = 1);

. ultrasubharmonic resonance (m > 1,n > 1).

AW N =

11.2.2.2 Oscillations Away from Resonance

Consider a system

J+ady=e[0 (v.y)+ P ). (11.70)
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where ¢ is a small parameter and a driving force P(n) is periodic with respect to
n = wt of period 2. In order to analyse such a motion we will apply a simplified
version of the Krylov—Bogolubov—Mitropolskiy method.

A solution of Eq. (11.70) is sought in the form

y =acosy +eyi(a, ¥, n), (11.71)

where
i =eA(a), (11.72)
W = ao + £B1(a). (11.73)

while the terms of powers greater by one by ¢ have been ignored for the sake of
simplicity. It also concerns further transformations. From Eq. (11.71) we get

a a 0
y—ctc:051//—al//smw—i-e(yl'-i-ﬂl/f+ﬂ ) (11.74)
a oy an
. . . 9?2 9?2 .
J = dcosy —2ay siny —ay siny —ay’ cosy + ¢ la'z +2— 1 ay
da? daoy
02 a 0y . ) 8
12 Jﬂdw_'_ﬂ& AN Y1 - yl w?
dadn da o2 81#8 Ip
(11.75)
Taking into account (11.72) and (11.73) in (11.74),(11.75) we get
. . 1 1
y = —anpsiny + ¢ Alcosw—aBlsml//+W 0+— , (11.76)
y = —aaé cosy
9y 02 02
( 2A 100 sinyr — 2Bjapa cosy + —— 1//2 0 + 281//)2)1 aow + 8;)21 a)g
(11.77)
Since
. d 2 dAl
= — = A —
d=g @@=y
. d . ,dB; (11.78)
= — = —A s
V=g W) =g

1/}2 = a(z) + 2e090By + 82B1,

the left-hand side L of Eq. (11.70) takes the form
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92 02 92
L=¢ (ZAlao sinyy — 2Bjapa cosy + 8@2)21 ozé + Zaw)(;lnaow + a:zl a)z)
+8a§y1.
(11.79)

Expanding the right-hand side of Eq. (11.70) into a power series with respect to
¢ we have

P=¢l[Q (y.y)+ P (]

_ . 1 T00dy 90d5y
— e 10 03+ POl + et [WE N 5$}

+}
1! e=0

=¢ [Q (acosy,—aapsiny) + P (n)]+ O (82) .
(11.80)
The function Q(¢) = Q(¢¥ + 2x), and P(wt) = P(w(t + T)), where T =
27 /w. The right-hand side of Eq.(11.80) we expand into the Fourier series of the
form

P=c¢ |:%b0(a) + ; (bu(a)cosnyr + ¢, (a) siny) + %po

(11.81)
+ > (pmcosmn + g sinmr}):| ;
m=1
where
| 2
by = — / 0 (acos ¥, —aa sin y) cosnydy,
T
0
| 2
Cp = _/ Q (acos ¥, —aag siny) sinnydy,
bid
0 (11.82)

T
2
DPm T/P(n)cosmndn,
0

T
2 .
qm = T/P(n) sinmndn,
0

where m,n =0,1,2,....
Equating expressions occurring at the same powers ¢ in Eqs. (11.79) and (11.80)
we get



382 11 Modelling via Perturbation Methods

2
av? T w0 apon

32 32 8 1
Y1 ﬁ V1 w_ + V= — {[21‘11060 + Cl(a)] sin 1//
2 8 c((z)

+ [2Byapa + by(a)] cos ¢ + %bo(a) + Z (by(a) cosnyr + ¢, (a) sinyr)

n=2

1 o0
+§po + Z (pm cosmn + g sinmn)} .

m=1
(11.83)
The two first components on the right-hand side of Eq. (11.83) give secular terms.

Equating them to zero we obtain

4, = G@ _ /Q (a cos W, —aa sin V) sin Ydy, (11.84)
20 27105

B, = L@ _ /Q (a cos ¥, —aag sin V) cos Yd . (11.85)
2000a 2a7ra

Hence and by (11.83) we find

32)’1 _'_22 32)’1
a2 ap Y an

%y 1|1 >
8_ +y== [—bo(a) + Z(bn(a) cosny
OZO 2 n=2

w?
o2
%

: 1 - :
+cu(a)siny) + 3P0 + Z (pm cosmn + g, sinmmn)
m=1
(11.86)
We will require a solution of the above equation not to possess the first harmonic

of free vibrations and thus

1 | bo(a) by(a) (@) .
yl:a_%[ 02a Z(l_a cosny + lc_czz s1nn1/f)

n=2

(11.87)
o0
+—+Z cosmn+q—mzsinmn

- (am) = (&)

Taking into account (11.87) in (11.71) we obtain a complete solution, exact to
O(g?). Next, according to (11.72), (11.73) and (11.84),(11.85), we obtain
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a= / 0 (acos Y, —aag sin ) sin ydy, (11.88)
27ra
2
Vo= oy — £ / 0 (a cos Y, —aag sin ) cos ydi. (11.89)
2mwao
0

These equations describe a transient state of the vibrating system. In the case of
analysis of the steady state the problem is reduced to the analysis of the equation

/ 0O (acos ¥, —aag sin ¥) sin ydy = 0, (11.90)

by which we determine a. There may be several solutions since this equation is a
nonlinear algebraic equation. We obtain corresponding phases from Eq. (11.79)

w:/ /Q(acosw —aog siny) cosydy | dt + ©y.
Znaa

(11.91)
The obtained solution y consists of two parts. The first part contains the harmonic
phases y and presents driven vibrations of the system, the second one (containing
the harmonic phases of the driven force 1) presents driven vibrations of the system.
This is a result of the assumptions, made at the beginning. In a general case, it is
not possible to separate free vibrations from driven ones. The obtained solution is
undetermined for op = mw, i.e. for the frequency w, at which resonance appears.
The problem of determination of a solution in the vicinity of resonance will be
analysed in the next section.

Example 11.4. Analyse the motion of a system, governed by the following diffe-
rential equation

V+ajy =¢[(2h—gy*)y + pcoswi]

far from the resonance.

Taking into account the studied equation, and according to (11 82) we obtain:
Pmn=0m#1),pr=p,gn=0,b,=0,c, =0, 63——ga aoandcn = 0 for
n > 3 and the solution

1
y=acosy +¢ [—ga3a0 sin3y +

P coswt
32 aé —w? '
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The functions a(¢) are y(¢) solutions of Eqs. (11.88) and (11.89), which take the
form in this case

2

a= —3 ga / [Zh -g (—aao sin 1//2)] (—aaq siny) sinydy = ah(l — K*a?),
7T
0
Ip = Qo,
where
3 ga?
K?=>-22
8 h

For K2 > 0, solutions of the first-order ODEs are, respectively

aoesht
a= —,
1+ alK2eh
W =apt + O,

where a¢ and ® are constants, which are depend on the initial conditions. Finally,
we get

aoesht

V= —F
/1 + a(Z)KZEZaht

3

cos (apt + ©)

eht

e &
+ —gap o sin 3ot + 30) + P coswt .

32 [1+ a2 K22 ol — w?

In the steady state 1 — oo and finally we get

1
lim y = — cos (ctof + ©) + — 52 in Gapt + 30) +

cp coswt
t>+o0” K 32 K3 al —w? '

In the end, let us remind that according to the assumption, the obtained solution
is valid for a small amplitude of the driving force and sufficiently far from
resonance. O
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11.2.2.3 Oscillations Near Resonance

Consider the system (11.70), but now we apply the method of equivalent lineari-
zation, discussed in Sect. 11.2.1.3, to solve the problem. We seek a solution in the
form

K
y=acosy + ) ey a.yun). (11.92)
k=1

It turns out that derivatives of the amplitudes and the angle v are functions of the
phase angle ¢ of the form

K
a=>) &), (11.93)
k=1
K —_
Y=oy + Y e Bi(a.v). (11.94)
k=1

In general ¥ (¢) is related to the other phases by the equation
nv(t) = ny(t) —mn(t), (11.95)

which allows to eliminate the variable y and obtain the equations

K
y = acos (ﬁn—i—ﬂ)—i—Zskyk (a,%,n), (11.96)
n k=1
K
a=>) &), (11.97)
k=1
. m K —
d=ay——w+ Y &Bi(a.v). (11.98)
n
k=1

Further considerations will be carried out in a close neighbourhood of ultrasu-
bharmonic resonance, which is exhibited by the equation

o — (%w)z —¢A. (11.99)
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Taking into account (11.99) in (11.70) we get
. (M2 .
4 (S0) y=e00 (n )+ P ()= Myl (11.100)
By Eq. (11.99) we also obtain

A
Z%a)

2
a = (Ta)) teax Lo S (11.101)
n n

From Egs. (11.96)—(11.98) we obtain (assuming that O(g?))

y = acos <ﬂ77+l9)+€y1 (a,d,n), (11.102)
n
a=¢ed (a,)), (11.103)
: _ A
v =c¢ |:Bl (a,l9)+2m i| =¢ B (a,ﬁ). (11104)
;Cl)

Differentiating (11.102) and taking into account (11.103) and (11.104) we obtain

y = —aZ o sin (Tr) + 19) +e [Al cos (Tn + 19) —
" " ! (11.105)

. (m a1
—aB1 sSin (;7] + l?) + Ww:| s

y=-a (%W)ZCOS (%7’} + ﬂ) +¢ [—Za%a)Bl cos (%7) + 19) _
m o m Py (11.106)
—2;0)1‘11 sin (;'7 + z‘}) + Ww :| .

Taking into account the two last equations in (11.100) we obtain

—a (%n)zcos (%n + 19) +a (Ea))zcos (%n + 19)

n

82
+& [—2aﬂw31 cos (ﬂn + 19) — ZﬂwAl sin (ﬂr) + 19) + —yzla)2
n n n n an

+ (%w)zyl} =¢ {Q [a cos (%7} + ﬁ),—a%w sin (%7} + 19)]
+P(n) — Aacos (ﬂn—}-ﬁ)} .
n

(11.107)
After equating the terms standing by ¢ we have obtained
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9 2 1
S (BY =22 aysin (B + 9)
on? n nw n

+$ [%bo(a) + 3" bu(a)cosn’ (%n + 19)

n’=1

) m 1 > .
+cp(a) sinn’ (;n + 19) + SPo + Z Py cOsm'n + gy sin m’n:| ,

m’'=1
(11.108)
where
| 2w
by = —/ 0 (a cos Y, —a o sin 1//) cosn'yd,
T n
0
| 2
Cwr = —/ 0 (a cos ¥, —a”Z o sin W) sinn'ydy,
T n
0 (11.109)

T
2
P =% / P () cosm'ndn,
0

T
2
qm = T/P(n)smm/ndn, m,n"=0,1,2,...
0

Further analysis will be carried out for the case n = 1, what follows from the fact
that the influence of the phase angle ¥ is exposed then. By Eq. (11.108) we obtain

aZYI 2 1 1 . 1 .
— +my = |2m—A, + —C |sin mn+ V) + —qn sinmny
an? 1) w? w?

Aa

1 1 1
+{2am—By — — + —b; | cos (imn + &) + — p,y cosmn
) w?  ? w?

1|1 > (11.110)
+— | 5bo(@) + > by cosn’ (mn + 9) + ¢ sinn’ (mn + 9)
w? |2 =

oo

1 .
T /_IZ:/;e (Pmr cosm'n + gy sinm'n)
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Assume in the terms, giving the secular terms

1 1 1
szAl tha=a 2= B.
(11.111)
1 Aa 1 1
2am—B) — — + =bi =y, — Pm =6,
® w?  w? w?

then the terms can be transformed into the form

asin (mn 4+ ¥) + Bsinmn + y cos (mn + ¥) + §cosmn

= (wcost + B —ysint)sinmn + (asind + y cos + §) cosmn.
(11.112)
They will equal zero, when

acos? + B —ysind =0,

11.113
asintt + 8§+ ycostt =0. ( )

Multiplying the first of Eq. (11.113) by cos ¥, and the second one by sin?d and
adding them we get

1 1 1 1
o+ Bcos? +8§sin =2m—A; + —2C1 + —zqmcosﬁ +—2pmsinl9 =0.
w w w w
(11.114)

Multiplying the first of Eq.(11.113) by sin ¥, and the second one by -cos ¥ and
adding them we get

1 1
Bsint —§cos? —y = —qusind — — pycos— (11.115)
w w
1 A b
—2am—B; + I 0.
1) w? w?
By the above equations we find
A =— LI LUy sin ¥,
2mw  2mo (11.116)
A b m m '
B = — - L 4 el sint — P cos ¥.
2mw  2maw = 2maw 2maw
Taking into account (11.116) in (11.103) and (11.104) we find
dzs(— 9 oy — P sinﬁ), (11.117)
2mw  2mw 2mw
. b m . m
Y=ay—mw+e|— L4 4 sint} — P cost | . (11.118)
2maw  2maw 2maw
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In order to simplify the transformations, further considerations will be carried
out for m = 1, namely we will seek a solution of the form

y =acos (wt +1). (11.119)
By Eq.(11.101) we obtain
e A =2w(ayg—w). (11.120)

while by Egs. (11.117) and (11.118) we obtain

2w w
e (11.121)
£ N ep .
= 27w Q (acosy, —aw siny) sinydyy — —— sin?,
2w Jo 2w
by p
= - —5— — > cos ¥
wmwte ( 2aw  2aw cos )
e 2 . ep
—d—me— 0 (a cos Y, —aw sin ¥) cos Ydy — —— cos V.
2nwa 2am
(11.122)
where p = p,

In an analogous manner as in formulas (11.56) and (11.57) we introduce the
following designations

2

he(a) = 0 (a cos ¥, —aag sin ¥) sin yd, (11.123)

2mapa Jy

2

a.(a) = ap —

0O (a cos ¥, —aayg sin Y) cos yd . (11.124)
2mapa Jo

Now, we will show that the solution (11.119) satisfies, exact to ¢ the equivalent
linear equation corresponding to the primary nonlinear equation of the form

¥+ 2h.(a)y + a(a)y = & pcoswt. (11.125)

Let us transform Eq. (11.121) in the following way

2w
a =—ah, +ah, — L/ Q (acos¥, —awsin ) sin ydy — P Ginv
2w 2w
0

2
= —ah, + L/ 0 (acos Yy, —aap sin ) sin ydyr
2o
0

&

2

/ 0 (acos ¥, —aay sin ) sin ydyr — 2sin 0. (11.126)
2w 2w
0
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We eliminate «, in the above equation, on the basis of the relationship (11.120),
and we get

2
A
a=—ah, + m/ 0 (a cos Y, —a (a) + ;—w) sinW) sin ydyr
2
. / 0 (acosy, —aw sin ) sin ydyr — P Gin .
2w 2w
0

(11.127)
After expansion of the second term of the right-hand side of Eq. (11.127) into a
power series with respect to & and ignoring terms with e we obtain

2w
a=—ah, + L/ Q (acos ¥, —aw siny) sin ydy
2w
0

2
. / Q (acosy, —aw sin ) sinydyr — ep sing = —ah, — er sin 9.
2w 2w
0

2nw
(11.128)
Similarly, we obtain
B =ty — 0 — L cos v, (11.129)
2aw
By Eq. (11.119) we obtain
y = dacos (a)t+l9)—a(w+l9) sin (wt + V), (11.130)
j = dcos(wt + ) — 2a(w + V) sin(wt + ) — add sin(wt + )
(11.131)

—a(w + %) cos(wt + ).

Taking into account the relationships (11.128) and (11.129) in the two first
equations we have (exact to O(g?))

y = —ah,cos (wt + %) + ;_p sinwt — aa, sin (wt + ), (11.132)
10)

y = 2ah.a, sin (ot +3) + e pcoswt — aaf cos (wt + V). (11.133)

The left-hand side of (11.126), including (11.119), (11.130) and (11.131), is
expressed in the form
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L = epcoswt — 2ah?cos (ot + ) + heg sinwt = gp cos wt. (11.134)
1)

Taking into account Eq.(11.134) and the right-hand side of (11.125) we see
that the solution (11.119) satisfies, exact to €, Eq.(11.125). Thus, the method of
equivalent linearization allows to replace the nonlinear equation (11.70) with the
equivalent linear equation (11.125) for vibrations near resonance. One needs to keep
in mind that the unit equivalent damping coefficient 4, (@) and the equivalent eigen-
frequency a, (a) are functions of the amplitude of steady vibrations a. According to
the theory of linear vibrations the amplitude of vibrations reads

£p
\/(ozg(a) — wz)2 + 4h2(a)w?

a= (11.135)

which allows to determine the frequency as a function of the amplitude

W= \/[ocg(a) —2h%(a)] £ \/4h§(a) [h2(a) — a2(a)] + %. (11.136)

It turns out that one, two or no value of the circular frequency w can exist
satisfying Eq. (11.136). According to the theory of linear vibrations we obtain

—2h.(a)w

¥ = arctan ———.
ol(a) — w?

(11.137)

Thus, for every assumed amplitude a and value @ determined by Eq.(11.136)
one can determine the corresponding phase angles ¢

It turns out that not every arcs (segments) of a resonance curve are stable, i.e.
realizable physically. Moreover, there exist frequency intervals, whom correspond
three or even five values of distinct amplitudes and phase angles. Now, we perform
more thorough analysis of stability of steady vibrations, corresponding to particular
segments of the resonance curve. Consider the equation of steady vibrations

y = agcos (wt + ), (11.138)
where ag and 9 satisfy Egs. (11.128) and (11.129). Hence, we have

—a()he (a()) — % sin 190 =0,

ep _
a, (ag) —w — 3 CO8 ¥ =0.

(11.139)

In order to examine the stability of the solution of (11.138) one needs to analyse
a solution, which is close to the solution

y =acos (wt + 9), (11.140)
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where a(t) and ¥ (¢) are solutions of Eqs. (11.128) and (11.129). Hence

a = —ah, (a) — 52 sin® = e Ala(t), 9 (1), 0]

ﬁ—ae(a) a)—mcosﬁ—sB[a(t) (1), w] .

(11.141)

As was already mentioned, we will consider a solution, which is near the steady
one, i.e.

a(t) = ag + 8,(1),

B(t) = Yo + 89 (1), (11.142)

where §(¢) is sufficiently small. Taking into account (11.142)in (11.141) we get

Su =cA [(aO + 8a(t)) P (190 + 819(t)) ,C()] P

. (11.143)
89 = e B [(ap + 84(1)), (Fo + 89(1)) , ] ,

and next, the right-hand sides of (11.143) are expanded in power series with respect
to &, and 8y around a point of the coordinates (ag, ), which yields (only the first
powers of expansion have been included)

04 04
5 =cA |:(a0, 19(),(1)) + e (a(), 19())8 + (a(), '19()) 819:|

(11.144)
: oB oB
8y = & B | (ao, Do, w) + —— (a0, %) 84 + - (a0, Do) Iy | -
da a7
According to (11.139) we have
A (ag, %, w) =0, (11.145)

B (ay, 99, w) = 0.
We seek the following forms of the linear differential equations (11.144)
8 = Dge’, (11.146)
89 = Dye'.

Taking into account (11.146) in (11.144) by assumption of nonzero D, and Dy
we obtain the following characteristic equation

0A 0B
r— er [5 (ao, 190) + @ (ao, 190):|
(11.147)
+e |: (ao, 190) (ao, o) — (ao, 190) (ao, 190)}
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The analysed steady solution will be stable, if the increments 6,(¢) and &4 (¢) tend
to zero, as t — oo. It will take place when real parts of the roots of (11.147) are less
than zero. According to the Viéta’s equations, it takes place when

0A 0B

2+ 55 <O (11.148)
9A 9B 94 9B
555~ 355 > O (11.149)

These conditions will be transformed into the form which enables the evaluation
of stability of the solutions on the basis of the resonance curve. According
to (11.141) we have

24 oh, 4 ep
- = _he - - ) o — A~ 1-9 )

% (ao) —ao % (ao) 3 2 08 Do s
9B _ o (a)+icosz‘} B _ ep sin (B0
da  da " 2a3w 9 2aw o

On the basis of the above relationships, the condition of stability (11.148) takes
the form

he
— he (ao)—aoaa—(ao)-l- sin ¥y < 0. (11.151)
a

ep
2000w
making use of the first equation of (11.139) we obtain
oh,
—2h, (ao)—aoa— (ap) < 0. (11.152)
a

This condition is written in the form

d
T [aghe (ag)] > 0, for ao > 0. (11.153)
0

According to (11.139) we have
A lag(w), ¥o(w), w] = 0, (11.154)
B lag(). Yo(@), @] = 0.

Differentiating Eq. (11.154) with respect to w, we obtain

dA dag | 0A ddy dA

dado " 3 do  do’
0B day 0B d9, _ dB

W do T de  do

(11.155)
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Multiplying the first equations of the system (11.155) by dB/d¥, and the second
one by —dA /0¥, next adding them up, we get

0AdB dAIB _ (dag\~' (0AdB 3B dA (1L.156)
da 30 39 da \dw Wdo Wdo)’ ’
Since
g—A = % sin ¥,
@ e (11.157)
B_B =—-1+ cos B
do 2a0w? 0

and taking into account (11.150), according to (11.149), we obtain

d -1 )
_ (& tp costh [ —1 + P costy | + &P sin? % | > 0,
200002

do 2w 4ayw3
(11.158)
and taking only the terms standing by the first power of ¢ leads to the condition
52 cos vy
> 0. (11.159)
aao
dow

Since, the nominator of the inequality (11.159), according to the second equ-
ation (11.141), reads

2cosz&‘o = a, [ao (ap) — 0], (11.160)
2w
for ag > 0 we have
e (GO)
> 0. (11.161)
dw

It follows from the above inequality that the analysed steady solution is stable, if

% >0 and o, (ap) >w or % <0 and «, (ap) < w. (11.162)
The performed analysis allows for complete determination of stability of the

solutions on the basis of a resonance curve.



Chapter 12
Continualization and Discretization

12.1 Introduction

So far we considered oscillations of a single oscillator, or in a language of
mechanics, a system of one degree-of-freedom. If there is a lot of oscillators,
connected along a certain axis, then a problem of modelling can be reduced to
continualization, i.e. there is a possibility of transition from many second-order
ordinary differential equations to a single partial differential equation.

Usually, during the analysis of plates and shells governed by partial differential
equations, the problem is reduced to a finite (large) number of second-order
differential and algebraic equations by means of application of Bubnov—Galerkin
method of higher order or the finite difference method [25]. However, in some cases
areversed process is required (see [169] and references therein).

Due to the modelling by means of continualization one can obtain relations
characterizing micro and macro-properties of an analysed system.

12.2 One-Dimensional Chain of Coupled Oscillators

Consider vibrations of a single point mass (Fig. 12.1a) and two connected masses
(Fig. 12.1b).
The equation of motion of a single oscillator has the form

my, + 2ky; =0, (12.1)

or
j = —2a’y1, (12.2)
© Springer International Publishing Switzerland 2014 395
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a b
y Yy y
— L -—
k K k k B

m m m
Fig. 12.1 System of one and two degrees of freedom (motion is horizontal and stiffness of the
springs is the same everywhere)

u(y.t)

a_. uy

Fig. 12.2 Chain of point masses connected by springs of the same stiffness

where a?> = k/m. Note that the solution can be expressed by the function

y = sin% (Acoswit + Bsinwt), (12.3)

where w; = V2a.
The equation of motion of two coupled oscillators has the form

miji = —kyr —k (y1 — y2),

. 12.4
myys = —kys —k (y2 — y1), (12.4)

or after transformation

_%}:l ai (y2_2yl)v (125)
V2= (=2y2 + y1).

Consider vibrations of a longitudinal chain of point masses (Fig. 12.2)

Let L be the number of masses (maximal number of frequencies) and i be
the number of successive masses, whereas [ denotes the number of successive
oscillation modes.

In the case of a sequence of masses, we postulate the following form of the
solution

yi = Xi-T(0), (12.6)
— 2osin (12.7)
W = a51n2(L+1). )

where: X; = sin L—”jrl—l, T;(t) = A; cosw;t + B; sinwyt.
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Note that in the case from Fig. 12.1awe have L = [ =i = 1, and by Egs. (12.6),
(12.7) we obtain: w; =2« sin %: ﬁa, y1=sin % (A coswit+ By sinwit).
In the case of two oscillators and the first mode (/ = 1) we obtain

V= sin% (Acoswit + Bsinwt),
. 27 .
Y2 = sin K3 (C coswit + Dsinwqt). (12.8)
Substituting (12.8) into Eq. (12.5) we get terms standing by cos wt and sin w;t)
LT, 5 . 2m , . T
—Asin -ow; = Ca”sin — — 2Aa” sin —,
3 3 3
2 2
—C sin _”wlz = Aa? sin r_ 2Ca? sin —n
3 3 3
2
—B sin zwl2 = Da?sin o 2Ba? sin z,
3 3 3
2 T 2
—Dsin ?wf = Ba?sin 3 2Da? sin 5 (12.9)

Making use of the formula sin2¢ = 2sin« coso we obtain the characteristic
equation

ot = 4ot — 40’0l + ). (12.10)

By the frequency formula we have w; = 2« sin £ = «, and after the substitution
o) = « into (12.10) we obtain an identity, which shows validity of (12.7). In the
case of the second vibration mode [ = 2 we have

2
y1 = sin Tn (Acoswyt + Bsinwyt),
4w .
Yy, = sin 5 (C coswyt + D sinwyt) . (12.11)

Similarly, one can show that the formula (12.2) is valid. In Fig.12.3 X; are
depicted for the case of single and two coupled oscillators.

Going back to the chain of masses connected by springs of the same stiffness &,
provided that the distances between the springs equal d, the motion of any oscillator
i in the chain has the following form

dz)’i

T - o (yit1 = 2yi + yi-1) (12.12)

where a> = k/m. It is easy to see that fori = 1, L = 1 we obtain (12.2), and for
i=1,L=2,i =2, L =2we getEq.(12.5).
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a b
X A I=1, L=l X A =1, L=2
i=1 i=1 i=2
I I
P> »
S T T A
C
X A
_ =2, L=2
i=1
i
>
i=2
. - ) 2/3

Fig. 12.3 Values of the functions X; for the case of one (a) and two degrees-of-freedom for the
first (b) and second (c¢) oscillation modes

Classical mathematical procedure of continualization relies on replacing the
discrete displacement y; (¢) with the continuous variable u(y, t) of the form

yi(@)=u(y1), (12.13)
27 d’ o 2J+1
Vil =u(yid,t)=2(il)’d.—w+o (d%) . (12.14)
= Jtoodyd dy

where we assumed that the operator dg—“ is far less than 1, and this ensures
convergence of the series. The obtained partial differential equation describes a
wave of length significantly higher than d.
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Substituting (12.13) and (12.14) into Eq. (12.12) we get

2J

Pu(y,1) o2 d* 37u(y,1) du\ >t
0t? Z(zj)l 9y =0 (d@) , (12.15)

where the natural frequency of the chain masses o> = k/m and 2J denotes the
number of terms in the series.

With regard to the assumed approximation of J we obtain different partial
differential equations. For J =1 by (12.15) we get

u(y,1) 2 zazu(y’f) 3 Ou
_ = 12.1
g~ =old (ay) (12.16)

The obtained wave partial differential equation describes a propagation of waves
of lengths, which are so large that one can neglect the structural non-homogenity of
the chain. Taking into account the next term of the series we get

Pu(y,t) 5o (Pu(y.t) d?Fu(y,r) 5 814

The obtained partial differential equation describes propagation of waves of
higher frequencies, including the internal microscale d.

Let us spend a while on physical interpretation of the obtained Eq.(12.17).
Consider a harmonic wave of the form

u(y,t) =Uexp(i (vt —ky)), (12.18)
where U is a complex amplitude of the wave, i> = —1, w is the frequency and k is
the number of the wave. Substituting (12.18) into (12.17) we obtain

dZ
o = Ekde \[1- k2. (12.19)

It follows from Eq.(12.19) that waves satisfying the inequality k> > 12/d?

possess imaginary part of the form v = +iklo Lk 2"2 — 1, which means that they

grow exponentially to infinity, and it does not possess a physical interpretation (there
is no extra source of energy in the system).

In [169] the appropriate procedure leading to verification of Eq. (12.17) has been
proposed. The procedure allows to model a process of waves propagation.
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12.3 Planar Hexagonal Net of Coupled Oscillators

Let us consider a modelling procedure of a plane hexagonal net of coupled
oscillators shown in Fig. 12.4.

Equations of motion of the net will be derived on the basis of Lagrange equations
of the second kind

< (aT’) Wy, (12.20)
dt 8q,~, j aq;, j
where T; ; and V; ; are kinetic and potential energy of the mass (7, j).
Consider the variation of length As®) of the springs of stiffness k labeled by
numbers 1, ..., 6 (Fig. 12.4). In each step of derivation of the equations we assume
that the hexagonal cells remain unchanged after the strain, namely they remain

hexagonal.
For the spring 1 we have

(A2 Axit20) — (x4 Axid) = 5.,
Xit2J _ i =

’

hence we get

AsD =5, —s = Ax"T27 — AxT . (12.21)

—
(57

s/2 s/2 s/2

— P

Fig. 12.4 Planar hexagonal net of oscillators
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For the spring 2 we have
i+1,j+1 i+1,j+1 i, j i, j 1
(T F 4 AT — (X 4+ AXT) = 35

) ) . Ky
xz+l,]+l —xiJ = S(Z) — 5’

(yi+l,j+l + Ayi+l,j+l) _ (yi,j + Ayi,j) _ fs*,
yi+1,j+1 _ yi,j — ﬁs
2 9

and hence we obtain
Axi+1,j+l_Axi,j=l(s*_s) |l
2 2’

o . 3 3
Ay THH Ayl = 7\/_ (sx—5) | %_,

and finally

\/Tg (Ayi+l,j+l _ Ayi,j)'

1 . . ..
A @ _ AxiThi+L AT
s 5 (Ax x") +
For the spring 3 we have

_(xi—l,j+1 4 Axi—l,j+1)_(xi,j +Axi,j) — %&h

i imLitl ls’
2
(yz—l,]+l + Ayz—l,;+l) _ (yt,j 4 Ay”]) — \/_s*’
_yi,j +yi—1,j+1 — ﬁs
2 K
hence
Ax — AxTTHT = 2 (s —5) |- 3.
—AY 4 Ay = B (s, =) | L2,
and finally
1 .. L 3 .. L
As® — 3 (sz,] _sz—1,1+1) + %(—Ay”/ + Ayz—1,1+1) )

401

(12.22)

(12.23)
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402

For the spring 4 we have

xbl = X172 =,

hence

AsW = Ax" — Ax'T2I,
For the spring 5 we have

(x" + AxM) = (T AXTTY) = %S*,
1

xl,] _xt—l,]—l = —s,

(yi,j +Ayi,j)_(yi—l,j—l +Ayi—l,j—l) — 5 Sk,

V3

il yili=t = 5
hence
- L 1 1
Ax™ — AxTHT = 3 (e =9) I3,
. L 3 3
Ayt — Ayili=l = i (s —5) | L_
2 2
and finally
1 . L 3 .. L
As® = 3 (Ax™ — Ax'TH T 4 T\/_ (Ay™ — Ay =H ).

For the spring 6 we have

(¥ 19 4 Ax ) - (x4 Axi) = és*,

e . 1
xitLi—l i — —s,

(" 4 Ay™) = (T 4 Ay ) = S

yi,j _yi+l,j—l — ?s,

(12.24)

(12.25)
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hence
AxitL= — AxiT = %(s* —s) |- %
Ay — Ay = P (s —s) | L,
and finally
1 . . - 3 .. . .

The kinetic and potential energy of the mass (i, j) read
1 Lii\2
Tij = 3m (&)

1 6
V=52 (a) k

i=l1

(12.27)

and to the Lagrange equations (12.20) we need

—(Axit2_Axi)

@ 0As" dAsD
8(Ax’/) (ZAS 3(Ax1T)

V3

(AT —Ay)

+- i (Axi 1T+ AxiT) 4o

1 . L
+Z Ax — AxITHI

—_

+ Y2 Ay A ) 1 (AxT - AxiTM) +§ (Axt —AxI—197T)

ol =I5

#2 (Amay  (ax A - <Ayfff—Ayf+1’f-l>§

1

—k 3Axi,j_Axi+l,j_Axi—l,j_lAxi-‘rl,j-l—l_lei—l,j-f—l _ _Axi—l,j—l
2 2

ﬁAyi+l,j—l+ﬁAyi—l,j+l_£Ayi+l,j+l

12.28
2 2 2 ( )

1 L
+ _Axl+l,]—l_
2
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Wi, 26: Ly 0As?
3(Ay’f) - 9 (Ay™7)

1 . . L 3 ) ) .
= {% |:_§ (AxiTLI+ _ Axi) T\/_ (AyiHii+ - Ayz,]):|
. . 3 . . ..
+_\/T_|:2 (szj Axl—l,1+l)_\/T_(Ayz—l,j+l_Ayz,]):|
3 L 3 . Lo
+T‘/_ |:§ (sz Jo_ Axt—l,]—l) + \/T_ (Ayl,j B Ayz—l,]—l):|
V31 L 3 . L
+T E (Axl+1,j—1 —A ) T\/_( i.j _ Ayl-l—l,j—l)
— k) Ay £_£+£_£ _ VB
4 4 4 4
+£Axi+l,j—l + ﬁAxi—l,j+l _ ﬁAxi—l,/’—l
4 4 4

/3 3 3 3
Avidi (24024024072
Ay (4+4+4+4)

3 . . 3 L 3 . 3 . .
_ZA i+1,j+1 —_ZA 1—1,]+l__A z—l,/—l__A i+1,j—1
iy Ty i i

k . . . . .
:Z(_ﬁsz+1,/+1+ﬁAx1+1,]—1+ V3AxITLIT

—V3AxT T 4

+12Ayl,j _ 3Ayi+l,j+l _ 3Ayi—l,j+l _ 3Ayi—l,j—l _ Ayi+l,j—l)
— ?k( — AxitLitl + Axitli-1 + Axi—hiHl A=l

+4 /3y

4+ - ﬁAyi+l,j+l_ \/gAyi—l,j+l_ ﬁAyi—l,j—l

_ﬁAyi+l,j—l)

= 7 {2ax - AAXTTN —AAXTTN — AxTELH
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CAxITLI AL Ayl
+_Axi+l,j—l+ \/gAyi-i—l’j_l—'- ﬁAyi—l,j+l
_ﬁAyi+l,j+l_ \/gAyi—l,j—l}, (12.29)

Finally, the equation of motion takes the form

(12Axi‘j — AAXTTN g AT AL A T AL

NI

mAXx" =

+_Axi+1,j—1 + \/EAyl—i_lJ_l + \/EAyl_ljJrl _ ﬁAyi+l,_j+l _ \/EAyl_lj_l);
mAj = EN (—Axi+'-f+1 + Ax T 4 AT AT T 4By
4

+— ﬁAyi—i-l,j-H _ ﬁAyi—l,_i+l _ ﬁAyi—l,j—l _ ﬁAyi+l,j—1)‘
(12.30)

Assuming that discrete displacements of mass (i, j) equal to the values of
continuous displacements, i.e. Ax"/ = u, Ay’/ = v, the positions of masses surro-
unding the masses (i, j) are determined by means of expansion. For displacements
in the x direction, we have

s 1 3
AxUENED = (Ax + 55 Ay TJ_S)

1 u V3 u
=u(Ax,Ay) + (:i:zs) 70N (Ax,Ay) + (:i:Ts) 3 (Ay) (Ax,Ay)

2
1,1\ &u 1{ V3 Pu

1 J3 %u
#(239) (iTS) Tanaan 00

ou +1
d(Ax) 2!

(12.31)
%u

2
&) Ay

AxPELD =y (Ax £ 5, Ay) =u (Ax, Ay) + (£s) Tt

For displacements in the y direction we obtain
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2

1 v V3 dv (1 z—azv
= v (Ax, Ay)+( ) 17 (iTS) Ay 2 (ES) d(Ax)?

2
1 V3 %v 1 NG %v 3
+2—! (:th) Ty + (:i:zs) (:i:Ts) TAD (A ST +0(s7),

ApUELIED — (Ax + 35 Ay £ is)

(12.32)
(i£1.j) v
Ay =v(Ax £ 5, Ay)=v (Ax, Ay) + (£s) ———
d(Ay)
1 9
+— (£s)? v S+0(s%).
2! d(Ay)
Substituting (12.31), (12.32) into (12.30) we get
d’u 3ks? [ 0%u  %u 0%u
Fsp—s = —— 2 12.33
P 8 [a T T 8x8y:| (12.33)
d’u 3 Pu  u 0’u
— =—F[3—+—+4+2 , 12.34
Par =73 [a Tt 8x8yj| (12.34)
where Fsp =m and E = ksF~L.
Similarly we get
d?v 3 ?v v 0%v
—_— == 3 12.35
P [32+a +8x8yi| (12.39)

More details on modelling by means of continualization, its defects, virtues and
reliability can be found in [169, 170, 223].

12.4 Discretization

Models of mechanical systems such as rods, beam, plates or shells are made on
the basis of partial differential equations and various types of theories (e.g. von
Karman, Donnell, Kirchhoff, Love or Mindlin theory, etc.). These problems are
widely discussed in the literature. The mentioned elements of construction play an
important role in civil engineering, aircraft and car industry, etc. On the other hand,
it is known that during the modelling procedure one needs to introduce a number of
simplifications but in such a way that preserves basic features of the analysed object.
Basing oneself only on the analysis of shell constructions, one needs to emphasize
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that the constructions can be various, e.g. single and multi-layers, reinforced with
ribs, of composite type or made of isotropic or anisotropic materials. Moreover, they
can work not only in regions of Hooke’s law validity but also in regions of plastic
strains.

Itis easy to come to conclusions that, as a result of modelling, one can obtain very
complicated systems of equations, which are extremely difficult or even impossible
to solve.

The goal of this section is to show how in the discretization procedure, under-
stood as transition from partial differential equations, which describe nonlinear
vibrations of cylindrical shells, to ordinary differential equations, the obtained
model of the latter is not standard and fundamental questions arise concerning the
way of its solution.

We analyse vibrations of a nonlinear shell with imperfections, governed by the
so-called Donnell equations of the form

D 120 3w
F V=1L D)+ o P 12.36
T ¥ r e (12.36)
1 1 1 82w1
=VAD = — L (w1 + 2w, w1) — Z = 12.37
z 3 (w1 + 2wo, wi) R ( )
?A0*°B 3’4 I’B 9?4 9*°B En?
LAB)=—S—-—+—-—5-5 " 2——7——. e —
dx2 dy2  Jy? dx? dxdy dxdy 12(1 —v?)

where E is the Young’s modulus; v is the Poisson coefficient; p is the density
of shell; R,h are radius and thickness of the shell, respectively; x and y are
longitudinal and circular coordinates; w; is a dynamic deflection; ® is the Airy
function; woy(x, y) are initial imperfections.

In 1974 Evensen [86] proposed the following solution

wi = fi(t)cossysinrx + fo(t)sinsysinrx + f3(¢) sin® rx, (12.38)

where: s = n/R; r = mmx/l; n is the number of waves in the circular direction,
and m denotes the number of halfwaves in longitudinal direction; / is length of the
shell; f1(¢), f>(t), f3(t) are generalized coordinates.

Evensen assumed that the length of the central surface of the shell is constant
during the vibrations, i.e.

27R 27R av w R aw 2
exndy = — =+ == dy =0, 12.39
/0 ndy /0 |:8y RT3 (ay) :| y ( )
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which leads to the relationship

2 2\, 2
Ui+ m” J; 1{ 2 (12.40)

f}i =
The imperfections have the following form

wo = flocossysinrx + frsinsy sinrx, (12.41)

where flo, f20 are constants.
First, we substitute the expressions (12.38) and (12.41) into (12.36). One can

show that a solution of Eq. (12.36) has the form

D = Pycos2rx + &y cossysinrx + Py sinsy sinrx + $3cos2sy

(12.42)
+®, sin2sy + ®scossy sin3rx + Dg sin sy sin 3rx,
where:
q>0 = 32,.2 (fIO + fZO)
E r2 s2r2 2
b, = — _
1 R|:(r2+s2)2(fl fio) = Y 2)zfl(fl +f2)i|
E r2 s2r2
® B2 2 - — +
2 R |:(r2+s2)2 (f2 f20) 4( + 2)2f2 (fl f2):|
Er’ 2 2 2
®s = 3252 (fy =P+ fio = fuo) . Ba= 16s2 (flofzo f5)

Es?rin? Es?rin?
SA(P+ ). @6 =

— 2 2
T 4R (52 + 9r2) 2 (S + 1)

4R (52 + 9r2)
(12.43)

Below, we give ordinary differential equations obtained from Eq. (12.36) after
application of the Galerkin method (c.f. [25]):

A+ f1+yvfHh+20h <f12 + Ah+ P+ fz]é) +nfi (fE+ 1)
+ehi (7 + fzz)2 +afiitaff +afy =oifio
f +olfr+yvhH+ 200 (flz + fifi + fzz + fzﬁ) + v/ (flz + f22)

+2hs (fE+ L)+ B2+ B + Bsfifo = 02 f o,
(12.44)
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where:
32\’ Er* Er*
2x = E(ﬁ) .Y =—gf10f20, w12=w5—@(f1%)—fz%)v
Er* 1D 2 Er*

2 2 2 2 2 2 2

=i+ —(f3—-fp), wg=—|—(+r) + ——— |,

2 TS (fio — f20) 0= |:h ( ) R2 (52 + r2)?
1 |:Er4 D2r4p* Ertst :|

= — | —— + —
n pl| 16 hR? (52 + r2)°
3En?ris® 1 n 1
g = )
16p (2472 (24 9r2)
Erts* fa 3Erts* fio Er*s* fio
o = N, 2 oy = S, 2 a3 = S, 2
20 (s2 +r?) 4p (s2 +r?) 4p (s2 +r?)
EI‘4S4f2() 3EI‘4S4f20 Er4s4f10
= 3 2= 5> 3= - 5-
4p (s2 4 r2)’° 4p (s2 4 r2)’ 2p (52 +r2)°

(12.45)
By (12.44) it is easy to see that a system of ordinary differential equations cannot
be transformed into the standard form. Even its numerical attempt to solve it raises
difficulties. A detailed description of derivation of the equations is given in [141].
By estimating the order of magnitude of some physical parameters and after
introduction the small parameter ¢ < 1 and the following non-dimensional
quantities

-1 -1 * —1 * —1

te =wot, X« = [T, Yo = LI, o =wiwy , 0, =ww, .

* -2 * 2 * —2712 * —21.4
eyt =yo,c, X =ght, oy =g ht, gt = gogth
* -2 * -2 * -1 * -1 * -2

ey = mw, -, eay =a3w, -, fio= fioh ', fo= faohT, ef = piwyh,

B3 = Powyh, Bt = Prwy 2h,

. eay = ozla)o_zh,

(12.46)
Equation (12.44) can be cast in the form (“*” over the non-dimensional symbols are
ignored)

¥ 4 ofx 4+ &fyy 4+ 2xx (X2 + xX + 37+ yF) + yix (x* 4+ »?)
+ gx (2 +0%) + sarxy + caax® + sazy® = fo,
J+ w3y +eyx +2xy (37 + yi + X2+ x¥) + y1y (x* +»?)
+ 2y (2 4 5%)" + eBix® + efay’ + eBaxy = fo. (12.47)

Introducing a small parameter opens a way to applications of perturbative
methods in solving Eq. (12.47).
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12.5 Modelling of Two-Dimensional Anisotropic Structures

In this section, we will show how a single amplitude equation can explain many non-
linear phenomena, experimentally observed in various branches of science [194].
In the case of so-called Reyleigh-Bernard fluid convection one experimentally
observed the occurrence of both isotropic and anisotropic quasi-two-dimensional
structures as well as so-called perpendicular and skew waves. In the case of
examining some crystalline liquids one observed that convective instability leads
to appearing normal, rectangular and chaotic vortices. These phenomena can be
explained by a single amplitude equation.

Besides the mentioned examples, the equation under consideration can model a
phenomenon of deflection of anisotropic, susceptible plate immersed in nonlinear
medium of Duffing stiffness (see [69, 74,121, 158, 194]).

If we consider transversal vibrations of the mentioned plate in the coordinate
system x,y, then its equation of motion takes the form

mii+hit4-yu® = — [xlai + A28} 4 243059 + w197 + 1207 + X] u, (12.48)

where: A1, Ay, A3 are parameters (if A; = A, = A3, the problem is isotropic, if
A1 = A, # A3 then the system is symmetric); (1, ip characterize the plate load;
and y i y are stiffness coefficients of the medium; / is a viscous damping coefficient
of the medium, and m is a mass of the plate. Let us rescale the above equation by
introducing new variables

2 Namy)
x=x |2y oy YR (12.49)
M1 M1

Simple transformations lead to the relationships

32=ﬂ32 82_ I"L% 32

24 YT 2
5 . (12.50)
ot = Dige, ot = Ll g
R R
and substituting (12.49) into (12.48) we get
4hm 411h 4
My My M1
Aopd Az 41 x
= — |0}y + =10} +2522183,0% 4 205 + 205 + u. (12.51)

Introducing the operator V2 = 3% + 0%, we have
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(14 V2)7 = 14 0% + 0% + 20203 + 20203 + 20% + 203,

and the right-hand side P of Eq. (12.48), taking into account (12.50), takes the form

P 22 4
P:—%(1+v2)2—1—a‘;—2a§(a§ 2“134 312 2 “(}u,

g T g

and after transformation

/\2,&2 /\3,& 4AIX
P=)—(1+ V)= L 34—2( PR+ .
% (1+V9) (MM% ) ! Aifty w )

Introducing the following parameters we have

_ AZM% -1 A3/¢L1

, 1, =124
A

Ay M
hence

Aim .  4Alh. 4L
12 u+ 12 u+ =
231 231 :ul

[— (1+ Vz)2 — 33 — 210503 + r] u

The next step is to rescale the time ¢ and the variable u# according to the formulas

The analysed equation takes the form

4
l% (hz) \/71) +)(\/>v+)(\/73} 1+V2) —c32—2n8282+r}

Transforming the above equation we get

mxy 2
?v”+v + 0} = {—(1 + V)" — 0} — 200595 +r}v
where one assumed 41, Xp,l_z =1
For large value of the coefficient A, the inertial term can be neglected and finally
the equation takes the form

o = = (1 V) 2 = 29020 4 rf v = (12.52)

For the sake of simplicity we go back to the variables x and y. Let us rescale the
variables
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g7y, T =er, (12.53)

where ¢ is a perturbation (small) parameter, and make the following substitution

1
ox — dx + —S%BX,

(12.54)

_- N

dy — dy + Eg%ay.

By Eq. (12.54) we obtain

1 1
02— 0+ et,0x + o0k 32— 0 +etd, by + Lo,

4
1 1 1
070, — 0305 + 620,070 + 70307 + 220,09y 07 + £0.9,0x 0y
1 1 1 1
+Zs%aya§ay + e85 + Zs%axaxazy + 1o 0%
80 3t 4 2R+ 28 4 20%620,0y + ~e30, 03
¥ y T %% 168Y y&70y0y 28y’

14+V?

. 1
1432402 — (1+a§+a§)+ [si (8xax+ayay)+ Zs(a§(+a§)]

(1+Vv?)°

2
(142 +a2) +2(1+2+02) [si (3:0x + 0, y)
1 : 1 ?
+ 58 (0% + azy)} + [82 (9x0x + 9y0y) + 72 (9% + azy)}
2
= (1 + 02 + Bi) + 267 (1 + 02 + ai) (9<9x + 9,0y)

1
+3¢ (1 + 02 + ai) (8% + 33) + & (8,0 + 9,0y

1

3¢ (8:0x +0,0y) (9% + 95 + SE@ RN a2

16

+

Solutions of Eq. (12.52) are sought in the form of the following series

UZE% <U0+8%U1+8vz+"'). (12.56)
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Substituting (12.53)—(12.56) into (12.52) and equating terms occurring by the
powers ez el 7 we get a sequence of the following equations

™
Nl—

0= L()U(),
£ 0 = Lov; + Lyvo,
€2 drvo = Lovy + Liv; + Lavo, (12.57)

~
(=]
I

— (14 V) —cdt — 209292 + 1.,

L =2 [ax (1482) Dy 43,y +(1 + )33 dy +(1 + 1) (3,dx +0. 3y ) axay] :

~
S
I

3 1 3 1
- { 3 3205 + 533( +50+ )07 + EaZY
1
+5 (1 +m) (aiaﬁ( + 0293 + 4axayaxay) —1+ ué} . (12.58)

Let us go back to Eq. (12.52) and consider only its stationary solution vy = 0.
Let us check how the perturbation Av behaves around the equilibrium position. By
Eq. (12.52) after linearization we obtain

Or Ao = {= (1+ V)" = 2 — 2929 + r} Av. (12.59)
Its solutions are sought in the form
Av = T e @x+ry), (12.60)

‘We obtain

2 2

. d .
dr Av=0eTe! P V2(Av)=— Av+— Av= — (¢®+p*)e’T e/ @ Fry),
0x2 dy?

2
(14+ V%) = [1=(¢* + pH)] el laxtp, $Av) _ —g2e°Tei@x+ry),
0x?

PO | or i, P80
9y? ’ ay4

p4e(7Tet (gx+py) ,

(12.61)
and substituting (12.60) and (12.61) into (12.59) we have

o=—[1-(¢*+p*)] —cp* =204 p* + 1. (12.62)
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The loss of stability will be related to the algebraic conditiono = o(r; p,gq) = 0.
As was shown in [194] the critical values r., p., ¢., in this case, read

=1, p*=0, r.=0, (12.63)

220, pP=—— =S (12.64)

e =5 pc_l—i—c’ R R ’
e R S R S
Ce=2p=nr T c=m—n? T c=2n—1¥ ’

(12.65)
The critical values (12.63) and (12.64) define periodic normal structures in
directions x and y, respectively. The values determined by the relationships (12.65)
are responsible for occurrence of mixed structures (skew), where g, # 0 and
pe 7# 0. As a small parameter € one can assume &€ = r — 7.
Solutions of a recurrent sequence of Eq.(12.57) are sought for the following
generating solution (for > 0)

Apel* /I —ix
vy = oe” + Ao~ (12.66)
NE]
where A is complex conjugate of Ay. We find
Vg _ l'A()eix — i/Ioe_”‘ 32110 _ —Aoe”‘ — Aoe_ix
ax 3 To9x2 3 ’
‘\/_ — .f o (12.67)
331)0 _ —iApe’™ +iAge™"™™ 341)0 _ Ape™ + Age™ ™
ox3 V3 Toaxt V3
Third of Eq. (12.57) generates a so-called amplitude equation of the form
040 1
= 10% + =00 + 1— |4’} 4 12.68
5T x T 5n0y + [4o|"¢ Ao ( )

for n > 0. In the case of n < 0 a generating solution is sought in the form

Ao(X,7, T)ei(qcx+17cy) 4 AO(X, Y, T)e_i(qcx+]7€)’)
Vo = ,
V3

which leads to the following amplitude equation

(12.69)

040

= {(qcax + pedy )’ + ep2R + 2ngepedydy + 1 — |A0|2} Ao (12.70)
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During derivation of Eq.(12.68) (and similarly (12.70)) one made use of the
transformation

(AZ 2ix + 2A()/I() 4 A%E—Zix) (Aoeix + /Ioe—ix)
= A3 4 24300 + Aol + ABAge™ + 240 A0 + A3 Age
>~ 3A5Aoe™ + 3A¢Aje .

In further considerations, we will confine ourselves to the case n > 0. We seek a
periodic solution in the form

A = Fe'(QX+PY) (12.71)

Substituting (12.71) into (12.68) we find the value

1
F=1-02— P2 (12.72)

Let us examine the stability of the obtained solution [194]. Substituting
A= (F + f)e!QX+F1) (12.73)

into (12.68) (where f is a complex perturbation) and performing the linearization
procedure we obtain

i

a7 [az + = n82 +2iQdy +inPdy — |F| }f—sz_. (12.74)

A solution of the above equation is sought in the form
f — [flei(KX-l—LY) + f‘ze—i(KX-FLY)] e(TT’ (1275)
where:

0 +2[F?4+ K*+ 3nL*|o + D =0,

D =2(F?=202) K* + n(F2— P2 L — 4nQPKL + (K* + 1yL?).
(12.76)

The instability (o > 0) appears when D < 0.



Chapter 13
Bifurcations

13.1 Introduction

We consider the following system of ordinary differential equations

dx .
i F(x,}), (13.1)

where: x € R", A € R, F:R"xR" — R". The evolutionary system (13.1) can
be represented by the vector field x;. A solution of the system (13.1) is defined by
the phase flow ®; : R¥ x R" — R”, where ®,(x,t) = x;(¢) with the attached
initial conditions x = x;(0).

One can use a terminology introduced by Arnold [11]. An object depending on
parameters is said to be a family. A small change of parameters leads to the object
deformations. It appears that very often an analysis of all potential deformations is
reduced to analysis of a representative one, further referred as a versal deformation.
The latter can be found using a procedure of reducing a linear problem to that with
a Jordan form matrix.

Each set of parameters A is related to a special configuration of the phase space
of the considered dynamical system. It can happen that for different values of
A € Rk, the system behaves qualitatively different. The hyperplanes separating
different subspaces of the investigated phase space correspond to the bifurcation sets
of parameters. It may happen also that these separating hyperplanes can possess a
very complicated structure.

We have already considered a matrix with multiple eigenvalues and we have
shown, how to reduce it to a Jordan canonical form. As it has been pointed by Arnold
[11], in many engineering oriented sciences, when a matrix is approximately known
the obtained results may be qualitatively different from expectations. It is caused by
a fact that even a slight perturbation can easily destroy a Jordan canonical form.

© Springer International Publishing Switzerland 2014 417
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Fig. 13.1 Saddle-node bifurcation. The points O; and O, approach each other (a), overlap (b) and
vanish (c¢)

However, in the case of parameterized families of matrices their perturbation
does not change the multiple eigenvalue matrix form from the family. The pro-
blem defined by Arnold [11] is focused on a construction of the simplest form and
to determine the minimum number of parameters to which a considered family can
be reduced. A versal deformation is called universal if the change of the introduced
transformation is determined uniquely. A versal deformation is miniversal one if
the dimension of the parameter space is the smallest required to realize a versal
deformation. The questions concerned a construction of miniversal deformations
(normal forms) of matrices with multiple eigenvalues and the minimal number of
parameters are also addressed in the monograph [243].

The main results are summed up in the following theorem.

Theorem 13.1. Every matrix A possesses a miniversal deformation and the number
of its parameters is equal to the codimension of the orbit of A.

The smallest number of parameters of a versal deformation of the matrix A can
be formally found following the steps given by Gantmacher [97] and Arnold [11].

To introduce a background of dynamical system bifurcations we briefly follow
Neimark [181], who analysed some properties of two- and three-dimensional phase
space bifurcations. In Fig. 13.1 three steps of the phase plain (portrait) changes are
shown which refer to the saddle-node bifurcations. In Fig. 13.2 a situation when
a stable focus changes lead to an occurrence of a periodic orbit is shown. In Fig. 13.3
three successive steps leading to occurrence of a stable and an unstable periodic
orbits are shown. Note that doubled limit cycle creates the so-called critical orbit.
In Fig. 13.4 the successive steps of an occurrence of a stable periodic orbit associated
with a stable type separatrice is shown. In Fig. 13.5 three successive steps of a
bifurcation changing the separatrices associated with two saddles are shown.
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Fig. 13.2 Focus—periodic orbit bifurcation. A stable focus (a) becomes unstable and a stable
periodic orbit is born (b)

o @ (@)

Fig. 13.3 Bifurcation leading to occurrence of two periodic orbits. A stable focus (a) becomes
unstable and a stable periodic orbit is born (b), which eventually becomes also unstable and a
second (stable) periodic orbit appears (c)

a b c

) D) P<S

Fig. 13.4 Stable and unstable manifolds of a saddle (a) become closed (b) eventually leading to
occurrence of a stable periodic orbit without a saddle point (¢)

The dashed area corresponds to significant changes of the phase flow. Generally,
bifurcations can be separated into two classes: static and dynamical bifurcations.
Static bifurcations are related to equilibrium, whereas dynamic bifurcations are
related to other objects of a phase space.

Recall that A € R and assume that the eigenvalues o;, related to a being
investigated locally equilibrium (singular point) depend on k — 1 passive parameters
(scalars) and one active parameter A*. It is clear that for fixed passive parameters
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a b c
%‘- i | . th | /s
- ///.‘ < > _— +—1r %c'

Fig. 13.5 Bifurcation changing separatrices of two saddles ((a) a trajectory before (b) in a critical
state (¢) and after bifurcation)

%t

Fig. 13.6 Global bifurcation diagram

and for quasi-static changes of an active parameter one gets curves in the space
(Reg;,Imo;, A*), further called trajectories corresponding to the eigenvalues o;.

Suppose that increasing A* one of the eigenvalues crosses origin (an investigated
equilibrium) and other eigenvalues remain either in left-hand side plane (LHP) or
right-hand side plane (RHP). A small change of =AA close to A* results in A* £ AA.
Two situations are possible. If a being investigated equilibrium changes its stability
when A* changes from A* — AA to A* 4+ AA and the leading eigenvalue remains
always real then this bifurcation is called divergence.

The Hopf (or flatter) bifurcation occurs when a pair of complex conjugate
eigenvalues crosses (with nonzero velocity) the imaginary axis of the plane
(Reo,Imo). The previously stable equilibrium becomes unstable and a new
periodic orbit is born. A divergence belongs to one-dimensional bifurcation whereas
Hopf bifurcation is two-dimensional one.

Note that although Hopf [124] stated the theorem valid for n-dimensional vector
field, the sources related to this problem can be found in the work of Poincaré [202],
and the first study of two-dimensional vector fields including a theorem formulation
belongs to Andronov [8]. Hence some authors (see [243] for example) call this
bifurcation as the Poincaré—Andronov—Hopf one.

In order to introduce a fundamental background of bifurcations we follow the
diagram shown in Fig. 13.6 (see also Iooss and Joseph [127]).
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The global bifurcation diagram includes branches of solutions (small letters)
and branching points (capital letters). A solution branch corresponds to the uni-
queness of the dependence x(A). However there may exist points where the
uniqueness dependence is violated. They are called branching points. One also di-
stinguishes primary branching points (A—limiting point, B—bifurcation point) and
secondary bifurcation points (D—tangent point; C—limiting point; E—bifurcation
point; F—multiple bifurcation point).

Consider two solutions x (1) and x(4¢) + € of Eq. (13.1). Both of them satisfy
the equations

dx (A -
;t 2 _ (A, x (ko).
J0e0 (13.2)
dx(o) +6) _ F (X, x(Xo) + &).
dt
Hence in order to analyse equilibria states we obtain
F(d,e) =0, (13.3)

where F(A,¢) = F (Ao, x(Xo) + &) — F (Ao, x(Xo)).
The isolated solutions of Eq.(13.3) can be classified in the following
way [127]:

1. Regular point. In this point derivative F # 0 or F; # 0 and from the implicit
function theorem one can find either a curve A(g) or e(1).

2. Regular limiting point. In this point A.(¢) changes its sign and F) (4, ¢) # 0.

. Singular point. In this point F), = F, =0

4. Double bifurcation point. In this point two curves with different tangents intersect
each other.

5. Bifurcation-limiting point. In this double point the derivative A, changes its sign.

. Tangent point. This is a common point of two curves with the same tangent.

7. Higher order singular point. In this point first- and second-order derivatives are
equal to zero.

(S8

[*)}

13.2 Singular Points in 1D and 2D Vector Fields

13.2.1 1D Vector Fields

Our attention is focused on a first-order ordinary differential equation with one
parameter A of the form (13.1). For real values of both x and A values the singular
points (equilibria) are defined by the algebraic equation (13.3).

We are going to analyse an existence and uniqueness of singular points qualita-
tively including a construction of bifurcating solutions together with their stability
estimation. Note that (in general) considering an implicit function (13.3) one can
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get either the function x (1) or A(x), or isolated points, or it cannot be explicitly
described. Here, following the earlier introduced classification given in Sect. 13.1,
one deals either with regular or singular points. A regular point belongs to only one
curve, whereas a singular point can be either isolated or it can belong to a few curves
(branches). An order of singularity defines number of the associated branches. Here
we would like briefly to explain a word “singular”. It appears first as the name
of equilibria of the dynamical systems. However, it appears second time when a
nonlinear algebraic equation is considered and it concerns a classification of the
roots of the algebraic equation.
The classification of equilibria results from the implicit function theorem.

Theorem 13.2. Given the function f(x,y) with continuous partial derivatives in
the neighbourhood of (xg, yo), where f(xo, o) = 0. If either f.(xo, o) # 0 or
Sy (xo0, yo) # O, then:

(i) There exists such « and f that for xo — o < x < X + @, (orfor yo—p <y <

Yo + B) we have a unique solution y = y(x) (orx = x(y));
(ii) The function y = y(x) (or x = x(y)) is differentiable in the neighbourhood

d (X, d>
X —x0| < @ (or|y—yol < B). and F(x) = —FLE2 (or $(y) =
G0 )
Sx(x().y) 7

Now we can define the singular points more precisely. A point (A9, Xo) is said to
be regular, if both partial derivatives of the function F (A, x) are not simultaneously
equal to zero, i.e.

F2(Xo, X0) + F2(Ao, x0) # 0 (13.4)

A regular point for which Fy (4, xo) = 0 is called the extremal point (it can be
either minimum or maximum). A point for which (13.4) does not hold is said to be
singular. A point (Ao, Xo) is said to be singular of nth order, if the associated with
this point derivatives up to the order n — 1 are equal to zero and at least one of the
nth order derivatives is different from zero.

The solution branches are defined by the Taylor series. Introducing the new

function v = =% and w = =% and dividing the Taylor series representation of
X—X0 /1_/1()

F(x,A) =0by ("_n%)n and by w, we obtain the following nth order algebraic
equations,

AV + A" '+ A v+ A, + O(L— L) =0,
(13.5)
Ao+ Aiw+ -+ A"+ A, 0" + O(x — x9) = 0,

where: A; = %(ko,xo),i =1,2,...,n.

In a limit case (,x) — (Ao, Xo) the algebraic equations with O (A — o) =
O (x — xo) = 0 serve to find a tangent of a slope to a solution branch to the axis
x or A, respectively. An existence of n solutions to Eq.(13.5) yields n different
branches (some of them, however, can be degenerated). Real distinct solutions
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correspond to distinct intersecting branches, whereas multiple solutions correspond
to same tangent values of different solutions in the point (¢, xo) or overlapping
of multiple branches. Complex solutions correspond to the so-called degenerated
branches (points) [144].

A point (A, xo) is called degenerated if it belongs simultaneously to degenerated
branches (solutions).

An order of degeneracy of a singular point (A, xo) is defined by a number of
complex roots of Eq. (13.5). In words, degeneracy order corresponds to a number of
degenerated branches. Following the approach given in monograph [144] consider
the first equation of the system (13.5), further referred as H(v,e) = 0, where
& = A — Ag. Let vp; be solutions to the first equation of (13.5). A unique solution
with the tangent vy; is obtained when H,(vo;,0) # 0. This holds when vy; is a
simple root of H (vy;, ¢) = 0. Note that in order to distinguish different tangent and
identical branches passing through the point (g, xo) one needs to calculate higher
order derivatives, which for instance define curvatures of the branches.

If Ag, Ay, ..., Ay—; are equal to zero, then the first equation of (13.5) has n — k
roots, whereas the second possesses k roots equal to zero. Geometrically, it means
that k branches have a tangent parallel to the axis A in the point (¢, xo). Now we
briefly outline a construction of a solution branch in vicinity of the singular point
(Ao, x0), for which

F(Ao,x0) = 0. (13.6)

Let us approximate function F by its double Taylor series of the form (we follow
here the approach given in monograph [144]):

FOLx) = () + a(h)x = x0) + 3500~ x0)” 4 3¢ = x0)* 4 -+
= o+ @1 (1~ ho) + et = A + gasG—Ao)
+lao + @100 — 2) + 320~ o)’ + g5k~ 10)* + 1A = Ao)
+ g lbo+ b= Ao + balh o)

1 1 1
+§b3(/\—lo)3+ : ~~](A—/\0)2+§[co+cl(k—/\0) + 502()k —Xo)?

1
+§C3(x—xo)3+---](x—xo)3+---, (13.7)
i i+ i+
where: o; = %Tf(ko,xo), a; = %(ko,xo), b = gxz—;;(ko,xo), ¢ =

%(Ao, Xo), and so on. Note that g = 0. If F(4, x9) = 0 (independently of 1)
then x = X is a solution. In addition, if (¢, xo) is a regular point then x = X is
only one solution. However, if (g, xo) is a singular point then in spite of x = X
there may exist also additional branches of solutions. If x — xo = ¢, then a solution

can be parameterized by
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A—=2Xo = ¢(e), (13.8)
where ¢(¢) can be approximated by the series

@(e) = o + e + fog® + -+ (13.9)

It can be easily shown that Ay = 0. Substituting (13.8) and (13.9) into (13.7),
and comparing terms standing by the same powers of ¢ the following equations are
obtained

erop +aop =0,

2 1 2 1
£y +au + Ebo +ajuy =0,

\ 1 1 o, 1
€ taous + Phcales + Rl +aips + 524 + Eblul + g0 = 0,

(13.10)

which define u1, u2, i3, ... Hence a solution in the neighbourhood of (49, x¢) has
the following parameterized form

X — X9 =¢&,

(13.11)
A—Xo = Aie + &2 + O(&).

Note that if @; = F) (Lo, x9) = 0, then one should use another parametrization,
i.e.x—xo = ¥(e), A—Ay = . Note also that if (A, x¢) is singular then o} = ap = 0
and we get

12 + 2a 0y + 2by = 0. (13.12)

Therefore, if

(1) a% > 2bga,, then we have two distinct roots for p;
(i) a% = 2byay, then we have double real solution (two branches of solution are
tangent);
(iii) a% < 2bgt,, then the roots are complex (the point (A, xo) is singular).

If by = a1 = a, = 0, then (Ag, xp) is the triple point and first non-trivial
algebraic equation is defined by the terms standing by &*. Many other examples are
given in the mentioned monograph [144].

When various branches of solutions are found, the next step is focused on
analysis of their stability. Consider one-dimensional problem governed by the
equations

%= F(L,x),

b= FGhx, (13.13)
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where the second equation governs behaviour of perturbations related to a being
investigated singular points (equilibria). The discussed earlier Lyapunov’s theorems
can be used to estimate stability. Since we deal with one-dimensional case, then
F, (A, x) defines the characteristic exponent of (13.13). If o = Fj (A, x) is negative,
then a constant solution x of the original nonlinear differential equation is stable.

Observe that during stability investigation in the neighbourhood of the point
(Ao, x0) we deal with the functions:

(1) 0 = 0(X) = Fy(A,x (L)) if a being investigated branch has the form x = x(1);
(i) 0 = o(e) = Fy(A(e), x(e)) if a being investigated branch is parameterized by
the equations x — xp = &, A — A9 = ¢(¢).

We give two examples studied in monograph [144].

Example 13.1. Consider the first-order differential equation with the right-hand
side F(A,x) = —1—2A+2Ax+A?+3x2—2x>. Display existence and classification
of singular points and build the corresponding bifurcation diagram.

Following the steps described earlier we obtain

Fy =21 + 6x — 6x2,
F) = =2+ 2 + 2x.

Solving two equations F, = 0 and F), = 0, we obtain (0,1) as the singular point,
which is doubled (F (0, 1) = 0, Fy,(0, 1) # 0). Introducing the parametrization

e=x-1,

A= wie + pag® + 0(e),

we obtain:

e w424 -3=0

€1 a4 pipe—1=0.

Solving above algebraic equations we get: 1, = 1, u;p = =3, ua; = 0,5,
M2 = —0, 5. Hence, the following branches of solutions are found:
X =g,

r(e) =28 — &> + O(Y).

and

X =ce,

Aa(e) = —e + O(&%).
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X
X=€
A=h1(€)
o i
,-"” X=g ““-.“_\
A=Ay(€)

Fig. 13.7 Stable (solid line) and unstable (dashed line) branches of solutions in a vicinity of (0,0)

Stability of the obtained branches are defined by the exponents

o1(e) = F[Ai(e), €] = —6¢ 4 O(e?),
0y(e) = Fi[A2(e). €] = —3e + O(&?).

The corresponding bifurcation diagram is reported in Fig. 13.7. For e > 0 (¢ < 0)
we have stable (unstable) branches.
|

Example 13.2. Consider a vertical slim rod of length / and a buckling caused by its
gravity.

The equilibrium conditions of the rod element are:

(i) pAwdx = dN sina + d T cos « (transversal motion);
(i) dN cosa = gdx + d T sin« (longitudinal static condition);
(iii) 42 = T (static condition),

where: p is the material density; A is the area of rod cross section; N is the normal
force; T is the transversal force; M is the bending moment; o defines buckling angle
and (-) = d/dt.

From (iii), taking into account (i) and (ii), we get:

Ad¥0 M
P = ax2

1
tanoz:a—w, ‘/1+(d—w)2= .
dx dx cos o

+ gtana,

where
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The bending moment and a rod curvature are linked via relation

3

dw\ 2

M=—Er{1+2%) .
(U)

X

where EI denotes the rod stiffness. Since we are going to consider rather large rod
deflections then we include two nonlinear terms of the Taylor series of M (w), and

hence
9w 3 ow)> 8 [ow)
M=—-FEl—|1—<|— — | = .
8x2|: Z(Bx) +15 (BX)
In addition, we approximate (cos@)~! by

I - 1 ow)?
cosa 2\ax /)’

Taking into account the above relations we obtain the partial differential equation
governing slim vertical rod dynamics

P L[ ()9 0\ i
a2~ %9x oA | oxt ox g \ ox x 0x2 9x3
+—382W+18 ow 382w83w+21 aw\? [ w

dx2 dx ) 0x2 ox3 dx ax2 )|

The boundary conditions for w(x, ¢) include:

(a) geometrical
d
w(©0,0) =0, 2%0,1) = o0;
dx

(b) approximate mechanical

d*w d3w
ﬁ(l,t) =0, WU’I) =0.

In order to obtain an ordinary differential equation we separate the variables
w(x,t) = u(t)h(x).

Taking /(x) as the fourth-order polynomial, and after orthogonalization procedure,
we get
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. (A B cC , D
u= PR U+ —u — —u,

where A, B, C, D are passive parameters, and A = [ is the active parameter. Note
that although we have second-order differential equation, we are going to investigate
equilibria which are governed by

A B C D
I—F)u+—u3——u5=0

F(A,u) = ( 76 e

in a way similar to that of first-order differential equation. The trivial solution u = 0
corresponds to a straight form of the rod. The singular points are defined by

A B 3C, D

— 4 _
FGw=g-m+3e0 w0 =0
A 4B 2C 4D
FM’”):(‘F*F)”_F”3+F”SZO'

For u = 0 from F), = 0 we get 4y = (%)%. The point (Ao, up) = (A0,0)
is the singular point. Because Fj, (Lo,0) # O than this is second-order singular
point. The horizontal line © = 0 is one of the solutions crossing by this singular
point. The second branch can be parameterized in the following way

u=-e,
A— Ao = pie + uoe? + paed + et + 0().
The being sought numbers 41, 42, 13 and (4 are found from the equations:
1
g1 ajpy + zby = 0;
2
(where a; = Fj,(A9,0) = i—f; >0, by = F,uu(Ag,0) = 0 and hence pu; = 0)
0

) 1
& al,u2+gc0=0;

(where ¢y = Fuu(ro,0) = ‘1—‘5 > 0, and hence A, = —357 < 05 it can be easy
0 0

checked that also A3 = 0)

4. 1 , 1 1 -0
et 01M4+§azﬂz+gclﬂz+§co— ;
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(where @ = Fiuu(h0,0) = —B£ < 0, ¢; = Fiuu(ho,0) = % >0, ¢ =
Fouu(Aro,0) = —i—? < 0.) In result, we have found the following parameterized
0

branches of non-trivial solution
u==s¢
A—do = w2 + e + 0(£%),

where A, < 0 and A4 > 0. Now let us investigate stability. In a case of the trivial

solution
A 2
U]ZFM(A,O):x( —F)

Hence o1 > 0, (67 < 0) when A > Ay (A < A¢). In the case of the second branch

we have

A B 3C , 5D,
@) M) e T e

02(e) = Fu (A(e),€) =

and consequently

Al d0'2 _ d20'2 .

The exponent 0, can be approximated by

3C
0a(e) = ==& + O(&).
AO

1
In the extremum of this branch, which is equal to ¢,, = £ (%) ? , a change of

stability occurs.
The results are shown in Fig. 13.8, where the hysteresis loop E1, E2, E3, E4is
remarkable. ]

13.2.2 Two-Dimensional Vector Fields

Consider how two nonlinear algebraic equations with one parameter A of the form
Fi(x1,x,2) =0, i=1,2 (13.14)

and X9, X209, Ag is a solution of (13.14).
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& Eq
E; ]
A
.
A
A
| E} \\ E?
0 Ao

Fig. 13.8 Bifurcation diagram of a slim rod buckling

Theorem 13.3 (Implicit Function Theorem). If the Jacobian associated
with (13.14) % (x10, X20, A0) F# O then there is a neighbourhood of the point
(x10, X20, A0), where the curve defined by (13.14), is unique, i.e. there exist such
functions x; (1) that

Fi[xi1(A), x2(),A] =0,i =1,2. (13.15)

In words, if the associated Jacobian with the investigated point differs from zero
then there are no other solutions in a neighbourhood of the point (x19, x20, Ag).
A necessary condition for bifurcation is defined by g—ﬁ (x10, %20, A0) = 0,i = 1,2.

Now we are going to describe briefly a construction of a bifurcation solution of
the system (13.14). We consider a trivial case, i.e. we assume that x;op = xy9 = 0 is
the solution of Eq. (13.14), and A = 0 corresponds to a critical state of the system.

Since

F; (0,0,A) =0, i=1,2, (13.16)
hence
Fi (x1,x2,4) =a M) x1 + b (A) x2 + a1 (A) x] + 281 (X) x1x2
+y a3+ 0 ().
F(xi,x,A)=cQA)x1+dA)x2 + a2 (A) xl2 + 285 (A) x1x2

Y2 +o (||x||3) , (13.17)
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where a, b, c,d,o;, B; and y; (i=1, 2) depend on the parameter A and ||-|| denotes a
norm in two-dimensional Euclidian space. The associated variational (perturbatio-
nal) equations have the form

X1 ag by a by 2 X1
= A+ 0 (A . 13.18
[562} ([Co do}+[cl dl} +ol )) [Xz} (1319
A bifurcation condition leads to the equation

ao by

det[Ag] = co do

—0. (13.19)

It is clear that det[Ay] = O, if at least one of the eigenvalues of the matrix Ao
is equal to zero. Knowing that (0, 0, 0) is the bifurcation point one needs to find a
number of bifurcating solutions (from this point) occurring in a small vicinity of
A = 0. Taking into account the small increments of the variables and functions
in (13.16) and dividing the obtained linear equations by d A one obtains

dFl dxl d

=ao—— b()
dA dA dir’ (13.20)
sz dx +d @
A T T

This linear approximation cannot be used to find uniquely higher order deriva-
tives. One should include the nonlinear terms. For the case, when only quadratic
terms are taken into account, we get

dxl dxl dxl de de 2
ey bOd +°“°(dx) 20T m(d_x) =0

dx dx; dx, dx) dx; dx;\*
gy gy +“2°(d/\) 260 7 an T (H) =0.

(13.21)

A number of bifurcating solutions is defined by a number of intersection points
of two conical curves represented by Eq. (13.21). One can have 1, 2 or 3 solutions,
in spite of the trivial one.

In general we have three different cases to be considered in two-dimensional
vector fields:

(i) one eigenvalue is equal to zero;
(i) two eigenvalues are zero with degeneracy order 1;
(iii) two eigenvalues are zero with a degeneracy order 2.

We consider only the case (i) and we follow the steps studied in the mono-
graph [144].
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Let us introduce the following parameterization

x1=¢x2=¢y(),A=c¢u(e, (13.22)
or

x1=¢ex(e), xa=¢,A=c¢u(e). (13.23)

The functions x (¢), y (¢) and A (¢) are polynomials and can be found in a way
described earlier. Using parameterization (13.22) the being analysed Eq. (13.14) can
be presented in the form

egilpn(e),y(e),el =0, i=12, (13.24)
where
g1 =dao +arep + (bo + brep) y + are + 2B1ey + yiey* + 0 (¢7), (13.25)
g2 = co+crep + (do + diep) y + aze + 26y + yaey” + O (¢7). '

In fact, we are going to find the functions y (¢) and u (¢) which satisfy the
equations

ao +b0y +8[(a1 +b1y),u + o +2,31y + Vlyz] + 0 (82) = 0’ (13 26)

[¥}
~—

co+doy +€[(c1 + diy) p+ 0r +2B2y + y2y*] + O (%) = 0.

For ¢ = 0 we obtain two dependent equations and hence yo = y (0) = —Z—g =
—;—2 for by # 0 or dy # 0.
In the case by = dp = 0 one needs to apply the following parametrization x; =

ex (€),x, = &, A = gu (¢). In a similar way, one obtains xy = x (0) = —2—3 = _?_2

for either @y 7% 0 or ¢y # 0. Let
y (&) =yo+ey(e) (13.27)

Substituting (13.27) into (13.26) we get
ehi (A, y,6) =0, i=1,2, (13.28)
where
hy = boj + p(ar +biy) +ar +2B1y0 + vy + O (e),

(13.29)

hy = do + pu(c1 + dry) + @z 4+ 2B2y0 + 1292 + 0 (e) .



13.2  Singular Points in 1D and 2D Vector Fields 433

Since for ¢ = 0 we have &; = 0, hence we get two linear equations of the form

boYo + o (a1 + b1yo) + a0 + 2B10¥0 + yioyd = 0,

3 R (13.30)
doyo + o (c1 + diyo) + a2 4+ 28200 + Y205 = 0,
which serve to find (o, (o). The first (linear) approximation to the being sought
bifurcated solutions has the form

X1 = & X2 = €Yo, A = Elo. (13.31)

2
Note that the solution (yy, o) is the only one, and ¢ = xl2 + (’y‘—z) measures a

distance between the bifurcational and trivial solutions. One can include more terms
in order to get nonlinear functions ¢ (1) and u (¢). The associated linear variational
equation defines a local phase flow in a vicinity of a being investigated non-trivial
solution. Introducing the local variables v; = u; — ¢ and v, = uy — €y( one obtains

|:i)li| _ [ao + & (Aoar + 2010 + 2B10) bo + € (Aob1 + 2810 + 2V10)i| [Ul }
Uy co + & (Aoc1 + 200 + 2B20) do + € (Aodi + 220 + 2y20) | L2
(1332)

The bifurcating solution (13.31) is unstable in Lyapunov sense if at least one
eigenvalue o; (¢),i = 1,2 has a positive real part. For a case ap = by = ¢p = 0
and dy < 0 from (13.32) one gets

o Cle  Ca€ V1
= ) 13.33
[02} [6’38 do+c4€}[vz} ( )

where ¢; are real values. The associated eigenvalues are easily found

do+ (c1+c)e I

012 () = >

1
5 2+ 2do (es— ) e, (13.34)
and for enough small ¢ they can be represented by their linear part only

o1 () = c18, 02 (8) = do + c4e. (13.35)

The corresponding bifurcational diagram is shown in Fig.13.9. Unstable
solutions are marked by a dashed line.
Example 13.3. Display a bifurcation diagram and investigate stability of all bran-
ches of solutions occurred in the system
X1 = px1— pxa—xi + x5 +xj,

Xy = pXo + X1X%2 + 2x13.
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Fig. 13.9 Bifurcational diagram corresponding to simple zero eigenvalue (/ primary (trivial)
solution; 2 secondary (bifurcated) solution)

First we observe that a matrix associated with the origin does not have the terms
independent on p, hence Ay = 0. We have double zero eigenvalue for p = 0, with
the Riesz index v = 1 and degeneracy order 2. The eigenvalues of the matrix A
are 012 = p.

We introduce the following parametrization

X1 =€,
x2 = eyo + 2y1 + O (%),
p=c¢mo+e i+ 0(),

and we substitute the above equations to the analysed differential equations.
The following algebraic equations are obtained

2 Mo —poyo—1+y3 =0,

&
(to + 1) yo = 0;

(%)
e (I =yo) +y1 2y — po) = —1,
m1yo + yi (1 + po) = —2.

Their solutions are

2 3 2
1 2 3
//L(()) == 1, ,LLE))——I, //L(()) —_1

Since for each of three above pairs (), (o) the main determinant of (x) is not

equal to zero, there are three pairs of solutions ( y{k), ,u(lk)) corresponding to three

pairs (y(()k),p,(()k)) fork =1,2,3:
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Fig. 13.10 Four branches of solutions (dashed curves correspond to unstable ones)

1
1 2 3
J’P——l’ Y{)——g, J’P—

)

W&~

H(ll) =1, ,LL(IZ) = -2, M(13) =1.

Therefore we have the following three branches of bifurcating solutions (see
Fig. 13.10)

(1 x§2) (3)

xl =g, =¢&, Xl =é&,
XV=—e240 (€, P =6 1634+ 0 (%), P = 26— 162+ 0 (%),
p(l) —g—g2 +0 (53)’ p(z) = —g— 252, p(3) =g+ g2 +0 (53) )

A stability of each bifurcated solutions depends on the eigenvalues of the matrix
calculated in the point x; = €, xo = €9, p = glo

g%g% 2| o —22y0 — o
B(e) = =¢ = &, By.

Sy OF 1
dax; 0x2 Yo + Ko

Now, taking three pairs (yo, (o) We obtain

-1 -1 -33 -3-3
B — _B? =  B® = ,
0 [o 2} 0 Lol ™° -2 0

and the corresponding eigenvalues read

op =1 o) =2, oy = =3 £ 3 V21 o)y = 33 V33

All of the so far presented examples are taken from the monograph [144].
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—
=

Fig. 13.11 Saddle-node bifurcation

13.2.3 Local Bifurcation of Hyperbolic Fixed Points

In the previous sections we have shown a general approach to analyse bifurca-
tion appeared in one- and two-dimensional vector fields. Here we present local
bifurcations of hyperbolic fixed points. A reader can easily apply the described
earlier method to construct the corresponding bifurcation diagrams.

(1) A saddle-node bifurcation

This bifurcation is governed by the equation
¥=21-x? (13.36)

with the corresponding bifurcation diagram shown in Fig. 13.11.
(i) A transcritical bifurcation.

This bifurcation is characterized by vector field
X =Ax—x2 (13.37)

and its associated bifurcation diagram is shown in Fig. 13.12.
(iii) A pitchfork bifurcation.

This bifurcation occurs in the one-dimensional system with a cubic type non-
liberality and is governed by the vector field

X =Ax — x> (13.38)
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X
X=X
| 0 -
A4
* T e S
| + ¥

Fig. 13.12 A transcritical bifurcation

Fig. 13.13 A pitchfork bifurcation

The bifurcation diagram is shown in Fig. 13.13.

Note that for A < 0 we have one branch of solutions, whereas for A > 0 there
are three branches of solution (two stable and one unstable).

There is another important question related to the so-called normal forms of the
classical local bifurcations. In words, having a Taylor expansion around a trivial
non-hyperbolic fixed point of a general parameter family of one-dimensional vector
fields one can characterize the different geometry of the curves passing through
origin by an appropriate truncation of the series. For example by adding the signs
“+” instead of the sign before two terms on the right-hand side of (13.36), (13.37)
and (13.38) we get the normal form of the mentioned local bifurcations.

437
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13.2.4 Bifurcation of a Non-hyperbolic Fixed Point
(Hopf Bifurcation)

The Hopf bifurcation plays a role of a door between static and dynamics and is
very important in engineering. In spite of the original work of [124] a problem
when a previously stable equilibrium becomes unstable and in a critical bifurcation
point periodic orbit appear has been analysed also by Andronov et al. in the
thirtieth (see [8,43]). Then in seventieth this central problem for dynamics has been
reconsidered by many researchers like Chow and Mallet-Paret [64], Crandall and
Rabinowitz [73], Hale [112], Hale and Oliveria [113], Hassard et al. [115], Holmes
[123], Marsden and McCracken [164], Golubitsky and Schaeffer [100], Golubistky
et al. [101], and others [125]. Here we briefly follow the approach described by
Hassard [115].
Consider the following differential equations

x = F(p,x), x € R". (13.39)

We assumed that p is the bifurcation parameter and for p., = 0 we have
F(per,0) = 0. We say that the system (13.39) has a family of periodic solutions
with the parameter ¢ € (0, &0), and the amplitude of periodic solutions tends to zero
when the formally introduced parameter ¢ — 0.

Theorem 13.4 (Hopf). Given

(i) F(p,0) = 0forevery p from an open interval including p = 0 and 0 € R" is
the isolated fixed point of (13.39);
(ii) The function F is analytical with regard to p and x in a certain neighbourhood
of (0,0) € R" x R!;
(iii) The matrix A(p) of the linearized system in a vicinity of zero solution has a
pair of conjugated eigenvalues o and &, where

ao(p) =&(p) +in(p), (13.40)
and
dé
£(0) =0, E(O) # 0, n(0) = no > 0; (13.41)

(iv) Other eigenvalues of the matrix A(0) possess negative real parts.

Then the system (13.39) has a family of periodic solutions. In addition, there is a
certain e and an analytical function

o0
ple)=> "pe.  (O<e<e), (13.42)
i=2

such that for every & € (0,&') the system (13.39) for p = p" (¢) has a periodic
solution x.(t).
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The period of periodic solution x.(t) is the analytical function
2 >
TH(E) = =1+ ne). (0<e<e) (13.43)
o i=2

For every L > 21/ py there is a neighbourhood R of the point x = 0 (x € R")
and an open interval J including 0, such that for every p € J the periodic solution
to the system (13.39) which lie in R and have a period smaller then T" are the
members of the family X for which pf(s) = p,e € (0,e!). The solutions
which differ by an initial phase and corresponding to the same x.(t) cannot be
distinguishable. If p™ (¢) is not identically equal to zero, then a first nonzero
coefficient p; has an even index. There exists such &' € (0, &™) that p™ (¢) is either
positive or negative for € € (0, "). Two Floquet exponents of the solution x.(t) tend
to zero for ¢ — 0. One of them is identically equal to zero for & € (0, &™), whereas
second one

o0
o(e)=) o',  0<e<el (13.44)
[ =2

The periodic solution x.(t) is orbitally stable (unstable) with the asymptotic
phase, ifa(e) <0 (o(e) > 0).

The proof of the Hopf theorem is here omitted, but it can be found in the work of
Marsden and McCracken [164]. Although the Hopf theorem in its source version is
related to the systems with analytical right-hand sides, but the similar like theorems
have been formulated later for the right-hand sides being differentiable (see [115]).
We have used the same reference to formulate the Hopf theorem. The main idea of
the proofis focused on reduction of initial n-dimensional system to two-dimensional
Poincaré form with use of the central manifold theory. A construction of a bifurcated
solution relies on application of the normal Poincaré form. Another alternative
approach has been presented by Iooss and Joseph [127] (see also Kurnik [145]).
We present the later one, since it seems to be more economical leading to estimate
bifurcating solutions and their stability.

Assume that self-excited oscillations equation of a mechanical system with
lumped parameters is governed by the equation

U=F®WwU:;Q), (13.45)

where U € R” and F : R" xIR" — IR”, v is the parameter governing self-excitation
and further referred as the bifurcation parameter; Q is another parameter.

Assume that F is analytical with regard to U and v in a vicinity of v,,. Let
U* = U*(v, Q) be a constant solution. Note that for each Q the constant solution
depends on bifurcation parameter, and hence we have a family of constant solutions.
On the other hand, for a given v and Q, one may have many solutions U}*, U, . . ..
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Dealing with a Hopf bifurcation we consider one of the U* solutions.
The corresponding critical value of v is found investigating stability of the
being analysed constant solution U*(v, Q). Assuming that A(v, Q) is the matrix
corresponding to the linearized system, then the characteristic equation is

det(A — o) = 0, (13.46)

where [ is the identity n X n matrix.

The critical point v = v..(Q) is defined by Re{oi(v.r, @)} = 0, where
oy > 0j,1 = 2,...,n. Then the system (13.45) is transformed to its local form
by introducing the variable u = U — U*(v, Q), and the parameter ® = v — ..
Equation (13.45) is recast to the following form

i = f(w,u), (13.47)

where: f(w,u) = F(w + werou + U*;0) — Flo + 0., U*;Q), Q,0 €
RY,u, U* € R".

Observe that f(w,0) = 0. The parameter Q will be further omitted to simplify
our considerations. Therefore the problem is reduced to consideration of the
following system

it = A(@)u + N(o,u), (13.48)

where Ao, Q) = A(@), Ay =[]0,
Let 01(w),...,0,(w) be the eigenvalues of A(w). Claiming also that the
assumptions of Hopf theorem are satisfied in a vicinity of the critical point:

Reo01(0) = £(0) =0,
Imo,(0) = (0) = Qo, (13.49)
4£(0) #£ 0,

where 2 is the positive number and 01, 0, = 0] are simple eigenvalues.

Let ¢ and ¢* be the eigenvectors of the matrix A(w) and A*(w) = AT (w),
respectively. They are associated with the imaginary eigenvalues in the critical point.
These are found from the equations

(A(0) = 01(0)1)g = 0,

(AT (0) —51(0)1)g* = 0. (13.50)

The required uniqueness is achieved by introduction of the normalization
procedure

(.9%) =1, (13.51)
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where (q,q*) = Zf.':laib_,- is the Hermitean scalar product in complex
n-dimensional Euclidean space and the vectors ¢ and g* are orthogonal, i.e.

(q.4%) =Y _qiqf =0. (13.52)

i=1

They are linearly independent and they will play a role of skeleton of being
sought periodic solutions. The vector ¢* will be used during implementation of
the orthogonal condition within the Fredholm alternative.

The being sought bifurcated solution has the form

oo

u(s.e) =y %u(")(s)e", (13.53)

i=1

where s = Q(g)t. We take

21
Qe) = Qo+ ) —e" 2,
i=1
’ (13.54)
21
w(g) = Wcr + Z Eé\nwna (a)cr = O)a

i=1

where Q2 is the frequency of the sought periodic solution; ¢ = Imo;(0); @,
and ,, are the series terms; u"(s) is the series of 27— periodic continuous and
differentiable functions; ¢ is the parameter measuring the distance between a trivial,
and periodic solutions in a sense of the applied norm.

Note that an existence of bifurcated solutions in the form (13.53) is guaranteed
by Hopf theorem. Let P,, is the space of complex and 2w —periodic functions,
continuous and differentiable, where the following scalar product is defined

2 _
[a(s), b(s)] = i/ <al(s),b(s) > ds, (13.55)
27 0
and we take the norm
lall = Vla.al. (13.56)

In addition, following Iooss and Joseph ([127]), we introduce the Maclaurin
series of the function f(u,t;w, p) with regard to u. Since f(0,¢; w, p) = 0, hence

o
1
fut:0.p) =3 — fueu(@. p.t.Oulul .. |u). (13.57)

i=1
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where fiu. .(®, p,t,0lulu|...|u) is nth-linear operator acting on the vector u in
neighbourhood of u = 0.

In general, an nth-linear operator of the vector field f(u,t, w, p) acting on the
vectors aj, ds, . .., dy, in an arbitrary point u, is defined by

f (C() t,u Ia |a | |a )_ lim a(n)f(u0+hlal+"'+hnan,l;a),p)
uu...u , P, L, up|ayjaz|...|ay)= hy.ha,....hy—0 3h18h2 o ahn
(13.58)

The right-hand side of (13.47) can be developed into the Maclaurin series
flw.u) = Z J fura(@, Ol .. |w). (13.59)
1—1

On the other hand, each term of the series (13.59) is developed into the Maclaurin
series with regard to w:

1
f(a), M) = fu(ov O|”) + fuw(os Olu)w + Efuww(os 0|u)a)2 + -
1 1 ,
+ 2 Juu(0,0)u|tt) + friue (0, Olu|u)w + Efu,mw(O, Oluju)yw™ + - -+
1 1 ,
+§ fMW(O,O|u|u|u)+fuww(0,O|u|u|u)a)+5fuwww(0,O|u|u|u)a) E RRI I SR

(13.60)

and hence

f@.) = Y7 = £,(0.01u)

i=1

+ZZ ﬁfm(o 0luMw; + fm(o 0[u®|ut?)

i=1j=1

[o, <o ol o}

+ZZZ l'j'k' {fuww(o O|M(1))a)10)k + — fuuw(o Olu(l)|u(1))wk

i=1j=1k=1
! Oy 2 SR gy &
— ' J
37 (0, Ot e )HZ;ZMZ”Z T {4 (136])
i=1j=
The left-hand side of (13.47) has the form
sdu(’) O &, giti u(’)
i = Qo Z - ZZ Qj—. (13.62)

171
i=l1 i=1j=1 i A
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Comparing the same terms by the same powers of ¢ in (13.61) and (13.62) we get

du®
—Qo—— + £u(0,0u") =0 (")
ds
o du™ 0. o1y g duh o ol
20— + £u(0,0[u )—i_;nﬁ{ s — fuw(0,0]u")w; +

1 . !
_Efuu(070|“(l)|0(j))}_ Z n—+(8" for n>1).

i+j+k=n l'j!k'
(13.63)
Introducing the operator
Syd g dO
0() —Qod— + £.(0,0](-)). (13.64)
Equation (13.63) takes the following form
Jou =0,
{ e (13.65)
JO” = g?l(s)v
where
du |
gn(s) = gn(s +2m) = nQ2y— ds nWy—1 fuw (0, Olu( )) — Ry,
du®
o= 22 ( )mfw(o O+ 35 3o { /™ ds
i+j=n i,j>1 i+j= nz>2/>l

1 .
E E — ey
l']'k‘ % Z!fuwa)(os Ofu )a)ja)k

+wjfuw(o,0|u<f>)} n
i+j+k=n ijk>1

1 N 1 L
+5fm(o,0|u<'>|u<f>)wk + 37 fua 0, Olu(’)|u(”|u(”)} + (13.66)
Let us introduce the following harmonic functions
z=gqe’, z*=gq*e". (13.67)
The following properties hold

Joz = Joz = 0, (13.68)
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and

d(-
A Egoﬁ

75 J2(0,0[()), (13.69)
N

where: f* = A*(0)u = AT (0)u.
The function z and 7 are linearly independent, and we assume the following
orthogonality condition

[u,z*] = e. (13.70)
This condition implies a chain of conditions
W,z =1, W™, z*]=0  for n>1. (13.71)
In other words it means that the fundamental harmonic e (e~*) appears only
in u'". The condition (13.70) gives an iteration for & as the amplitude of the
bifurcated solution. In order to solve (13.65), we assume

u = ¢z + ¢z, (13.72)

where c is the complex constant.
The orthogonalization condition gives

[V, 2% = c[z. 2] = élz. 2], (13.73)
and hence ¢ = 1 and
uV = [z + %] (13.74)

The being sought periodic solution of (13.65) exists if the following orthogona-
lity condition is satisfied (Fredholm alternative).

[gn.2"] = 0. (13.75)

This condition eliminates the occurring secular terms from g, (s). Taking into
account (13.72) and (13.74) in (13.75) we obtain the following complex equation

nQy—1i —nwy—1 < fus(0,0lqlg*) > =[R,—1,2"] =0 (13.76)

with two unknowns €2,—; and w,—;. If o(®w) = &(w) + in(w) is the eigenvalue
associated with the vector g(w), then

0q = fu(w,0[q). (13.77)
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Differentiating both sides of (13.75) with regard to w and taking @ = 0 we obtain
{A0) +i 0139, (0) = 0,(0) — fu(0,0]q(0)), (13.78)

where ¢, (0) is unknown. The Fredholm alternative applied to (13.78) gives
(0,(0)g(0) = fus(0.0lg(0)). ¢*) = 0. (13.79)

Taking into account the earlier introduced notation ¢(0) = ¢ and ¢*(0) = ¢*
((¢.47) = 1) we get

A solvability condition for n > 1 with regards to u™ € P, yields the equation
—nQyu—1i + nw,—174(0) + [Ry-1,2%] = 0. (13.81)

Separating real and imaginary parts we obtain

Re[R,_1.2"]
Opy = -2 b 2] (13.82)
: n£,(0)
and
1
Qi = —Re[Ru1, 71229 L “Im[R,_1, "], (13.83)
£,(0) n

The obtained dependencies (13.82) and (13.83) allow to find the unknown
coefficients. Taking n = 2, we get Ry = £,,(0,0{uP|uV) and [R;,z*] = 0, which
implies that w; = 2 = 0. It can be shown that

k-1 = sz—l =0 k € IN. (13.84)

It means that the functions w(¢) i ©2(¢) are even.
In order to obtain w, and €2, we take n = 3, and we get

3
Ry = 2 fur 0,01 [u®) 4 (0,01 V). (13.85)

To find [R,.z*] one needs to solve (13.66) for n = 2 (u'?(s)). The right-hand
side of g, (s) can be presented by

g2 = —Ri = — £,,(0,0|q|q)e’™ — 2 £,,(0,0q|7) — fuu(0,01G|7)e "%,  (13.86)
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where the condition [g7, z*] = 0 is always satisfied. Let us denote
— Ju(0,0lglg) = P, —2£.(0,0lglq) = S, (13.87)
and hence
g =S+ Pel® + P> (13.88)
The solution u?(s) of (13.65) is a sought in the form
u@(s) = K + Le'™ + Le ' (13.89)

where K, L are real and complex vectors of the form

K =A"Y0)S,L = {A(0) —2iQI} ' P, (13.90)
where A(0) and A(0) — 2i Q¢ / are nonsingular.
Denoting
Le'* =y, (13.91)
we obtain

Fu(0,0]uV[u®) = £,,(0,0|z4+Z|K + y + F) = fu(0,0[z|K)

+ /(0,012 y) + fuu(0.012]7) + fuuu(0,0[2] K) + f1uu(0.012]y) + fiur (0. 05'3%2)

Applying orthogonalization to each term of (13.72) with z* we obtain
[fu(0, 01V u®), 2*] = ((fuu(0,01g|K) + fuu(0,0lg|L)), )

=D 3" hinai (@i Ke +d; L), (13.93)

i=1j=1k=1
where
9 f;
biix = ——|u=0.0=0. 13.94
ik au,auk| 0,0=0 ( )
Noting that

[ (0, 01V 1|, 2] = 3( fuuua (0, 0l 1¢19))

n n

n n
= Z Z Z Z Cijkiqrq;qrq,  (13.95)

i=1j=1k=11=1
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W=,

Fig. 13.14 Amplitude of the periodic solution versus the bifurcation parameter for sub-critical (/)
and super-critical (2) bifurcation

where:
03 f;
= 13.96
Cijkl aujaukabl]| 0,0=0 ( )
we obtain
3
R’*:— qu’O K quvO_L’*
[R2,2"] = 5 {fu(0,01g1K) + £ (0,011L).4") (13.97)

+3( fuu(0,0lql917). g™).

The first-order approximation of the bifurcated solution is

u(s, &) = euV(s) = e(z+7) = 2eRe{g"*} = 2e{Re q cosQ(e)r — Im q sinS2(e)1},

(13.98)
where:
1,
Q=Qy+ 58 Q, (13.99)
and
1,
0 = W + 58 w;. (13.100)

The obtained dependence w(g) is shown in Fig. 13.14.

For w, > 0 a super-critical bifurcation occurs, whereas for w, < 0 a subcritical
bifurcation appears. In the case of w, = 0 one has to calculate w4. Eliminating
¢ from (13.99) and (13.100) we obtain the dependence of self-excited frequency
versus the bifurcation parameter

Q
Q=Q)+ (0 —wer). (13.101)
W)
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The second-order approximation to the bifurcated solution has the form
1 . 1 .
u(s,e) = eu'd + Eszu(z) = 2¢Re{ge"’} + ESZK + &?Re{Le'*}. (13.102)

It is seen that it contains harmonic and superharmonic parts as well as the
constant parts. The latter causes a shift of oscillation origin.

One can proceed in a similar way to get the successive approximations for
n=34,...

For the first-order approximation we get

1 2w %
luts. &) = Vi u] = {—/ cwus ds}
27{ 0

| ) . . ) 3
= edon [ e + e G + s

i=1
1
1 2r N ) ) 2
= { o /0 ;(q,?e'zs +24idi + (q'ﬂe—m)ds}

1

2Z|q,-|2} —ev2lqll.  (13.103)

i=1

" 3
S{ZZZQZ‘Q_,‘} =¢

i=1

In the second-order approximation we have

2 . 2 4
u(t, ) = 2\ “Re{ge’™} + —K + —Re{Le}. (13.104)
w7 W) w7

The w(¢e) approximation using nth order polynomial

1 1
w(e) = wer + szsz e ﬁw4s4 + 0(&% (13.105)

yields the picture shown in Fig. 13.15.
The term w, is defined by

__Re[Re.2)
w4 = 5E () (13.106)
where:
Ry = 3002 ( fuu(q1K) + fuuw(GIL) + fuwiw(qlqlq). q™)
(13.107)

+15( foua(q| K| K) + 2 (G LIL) + 2 frua (G K |L), *).
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g

0 (ORI

Fig. 13.15 Hopf bifurcation diagram

Now we briefly describe a stability estimation of the periodic bifurcated solution
V (s, ¢) of Eq.(13.47). Considering v as the perturbation to the investigated solution
V, i.e. by substituting

v=u—-V (13.108)
to (13.47) we get
V= g(w,v,s,¢), (13.109)
where
glw,v,s,6) = f(w,V +v)— f(w,V). (13.110)

The linearized equation (13.109) has the form
v = gy(w,0|v), (13.111)

where
gv(@,0]v) = fu(w,v(s,e)|v). (13.112)

Equation (13.111) has periodic coefficients. A stability of v = 0 depends on the
eigenvalues of the monodromy matrix. One of the eigenvalues (Floquet exponents)
is equal to zero, whereas the second depends analytically on ¢, i.e. 0 = o(¢) and
a(0) =0.

Theorem 13.5 (Orbital Stability). A limit cycle is asymptotical orbitally stable if
all Floquet exponents have negative real parts.

The next theorem gives hints how to find real Floquet exponents.
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Theorem 13.6. A real Floquet exponent o (&) can be presented in the form

a(e) =6(£)Z—c:, (13.113)

where: 6 () is the smooth function in neighbourhood of ¢ = 0 such that d;(:) 0) =

—£(0), and @ is an even function. Since

do _ ew, + O(c*) (13.114)
de
and
6(e) = —£,(0)e + O(&?), (13.115)
therefore
o(e) = —£,(0)w2e® + O(eh). (13.116)

To conclude, we have two following cases:

(i) w&,(0) > 0, and o () < 0. Then the solution is orbitally asymptotic stable;
(ii) w&,(0) <0, and o(g) < 0. Then the solution is orbitally unstable.

Example 13.4 (See [144]). We consider the Van der Pol equation of the follo-

wing form

X1 = X2,

X2 = —X1] + wxy — xlzxz.

The matrix of the linearized system in the vicinity of (0, 0) is

A(a)):[o 1]

—1lw

The eigenvalues of A(w) are defined by the equation

o> —wo+1=0.

Hence, for |w| < 2 there exist complex conjugate roots, whereas for || > 2 we

have real eigenvalues 0, << 01 < 0 forw < —2, and 01 > 0, > 0 for w > 2. The
complex conjugate roots are

0'1,2:%:*:%\/4—602.
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The trajectories of the eigenvalues 0 and o, form the up and down half-circle of
the complex plane (Re 5)? + (Imo)? = 1. Depending on w we have the following
types of the singular points

(1) w < —2 (stable node);

(2) w = —2 (stable node degenerated);
(3) —2 < w < 0 (stable focus);

(4) o = 0 (asymptotically stable focus);
(5) 0 < w < 2 (unstable focus);

(6) w = 2 (unstable node degenerated);
(7) @ > 2 (unstable node).

Let us check the Hopf bifurcation theorem assumptions:

1) f(w,0) for every w, x = 0 is isolated equilibrium;
(ii) the function f is analytical for (x,w) € R?> x R;
(iii) the matrix A(w) has a pair of complex eigenvalues such that Reo;(0) =
Redy(0) =0, Im(oy) = 1> 0and 28 () = 1 £ 0.

The bifurcated solutions and the eigenvectors are defined by the equations that
can be found using the Iooss and Joseph [127] method, and they are reported
in [144]. O

13.2.5 Double Hopf Bifurcation

One may extend a concept of analysis of Hopf bifurcation into a case when a few
pairs of purely imaginary eigenvalues cross an imaginary axis of the complex plane
with nonzero velocities. Although there exist many papers devoted to this problem
[73, 100, 164], but we follow here Dei Yu [250] research results.

If the Jacobian of higher-dimensional dynamical system possesses two pairs of
purely imaginary eigenvalues, then the so-called double Hopf bifurcation may be
exhibited. If the ratio of the two eigenvalues is not a rational number, then associated
bifurcation in non-resonant.

Following Yu [250], consider the following dynamical system

X = Ax + F(x). (13.117)

where: x € R”, F : R" - R", F(0) = F’(0) = 0, and

0 w.0 0 0
—wc0 0 0 0

A=10 0 0 @0 |. (13.118)
0 0 —w.0 0

0 0 0 0 B
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Notice that B matrix is of order (n — 4) x (n — 4) and it is hyperbolic one, which
means that its associated eigenvalues have no zero real parts. We assume also that
wic/wae # k/1, where k,l € C.

In an explicit form Eq. (13.117) reads

X1 = wiex2 + Fi(x), X =-—-wix1 + F(x),
X3 = wacXg + F3(x), X4 = —wrx3+ Fi(x),
Xp = —0px, + Fp(x), p=56....m +4,
Xq = —0gXg + 0gXxg1 + Fy(x), Xgp1 = —wgxqg — ogxg1 + Fyp1(x),
q=m +5m+7,....,n—1 (13.119)
andn =4 +m + 2my.

In what follows, the multiple time scale method is used assuming that 1 =
t(To, T1,T»,...),and Ty = ¢, Ty = et, T» = &t, and so on. Therefore

d a 9Ty 0 0T, d 0T

dt — 3T, ot ' T, ot = dT, ot
=Dy+eD| +&Dy+---. (13.120)

A being sought solution is expanded into the power series with respect to ¢

xi(t;e) = exiy(To, Th, T, ...) + €2x,‘2(T0, T, 1Tz ...)+ 83xi3(T(), T, T ... )+
(13.121)

Substituting (13.121) into (13.2.5), and accounting (13.120) the following
sequence of perturbation equations is obtained

€ Doxi1 = wicXa1,

Doxy = —wieX11,

Dox31 = waeXat,

Doxq = —wrcx31, (13.122)
D())Cpl = —QpXpi1,

Doxgi = —0gXxg1 + 0gX(g+1)1.

Dox(g+1y1 = —wgXg1 + Qg X(g+1)13

2. _
g1 Dox1z = wiex20 — Dix11 + Fia(x1),

Doxy = —wicx12 — D1x21 4+ Faa(xy),

Dox3; = wyexgp — Dix31 + Fyp(xy),

Doxyy = —wrcx32 — Dix41 + Fio(xy), (13.123)
DOXPZ = —0pXp + Fp2(xl)s

Doxgr = —ayxg0 + 0gxg+1)2 + Fpa(x1),

DOx(q+1)2 = —WgXg2 + 0gX(g+1)2 T+ F(q+1)2x1),
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where x; corresponds to the first-order approximation and f;, = d?[F;(x)/e]/d &)
+=0 are the functions of x;.

Differentiating the first of Eq. (13.122) and substituting the second equation into
the resulting equation yields

Dixi + of.x12 =0, (13.124)
which has the following solution
xi =r(T, Tz, ...)cos[wiTo + @1 ((Th, T>, .. .)] = ricos®y, (13.125)

where r; is the amplitude and @, is the phase. Knowing x; it is easy to obtain x5,
from the third equation of (13.122). Proceeding in a similar way one finds

x31 = r(Th, T, . . )cos|wa Ty + O (Th, T, . . )] = r2c050,, (13.126)
and then x4 is defined by the fourth equation of (13.122). The other varia-

blesx;; =0, j=25,6,...,n.
Observe also that

D()rl = D()rz = O, D()q)l = D()CDQ =0. (13127)
From Eq. (13.123) we obtain
D¢xip + wi.x12 = =D Dox11 — wie D1x21 + Do Fiz + wie Fa. (13.128)
The condition for avoiding secular terms determine D;r; and D1 ®;, i = 1,2.
In the next step one finds the particular solution of (13.128). Having obtained x,
one easily finds x,, from the second equation of (13.123).

Using Eqs. (13.125) and (13.126) the following first-order differential equations
are obtained

d .

d_’; = Dor; +eDr; + €2D2ri + €3D3ri + .- (13.129)
dd; ) 3

7 = Dy®;, +eD1D; + "Dy, ®; + ' D3P; +--- (13.130)

Recall that we analyse non-resonant double Hopf bifurcation, and hence we get
D2k+1l‘,‘ = D2k+l®i =0fork = O, 1, 2, ey whereas

2%k 2%k—1.2 2k—1 2k
Doxry = rilaskory” + apk—2pry" 1y + o0+ aror—o)r; + aokry" ],

Daxry = ralboor?® + bak—22r 12 4 o byk—ayrirF T2+ bog 3]
(13.131)

and D, ®; have similar form.
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Introducing a back scaling ex; — x;, er; — ri, Eqs. (13.129), (13.130) have
the new form

dr:
d—rt’ = Dari + Dyri + Dgri + -+ (13.132)
do;
7 = D)®;, + D4®; + Ds®; +--- (13.133)
and
de; do;

oT = wic + a5 (13.134)
where: ®; = w;.To + ®; = wijet + D;,andi =1,2,....

It is worth noticing that Eqs. (13.132), 13.133) and (13.134) are called normal
forms. A reason is that Do ry, Dogra, Doy @) and Dy @, are obtained by eliminating
secular terms (i.e. resonant terms). The resonant terms are actually applied in
Poincaré normal form theory.

Furthermore, the obtained periodic solution given by (13.124)—(13.126)
and (13.132)—(13.134) represents both asymptotic and transient solution for the
critical variables (modes) x;, [ = 1,2,3,4 (r; = ri(t), and ®; = O;(¢)).
The non-critical variables (modes) x;, j = 5,6,... are found from Eq. (13.121)
(they are excited by critical variables),

Observe also that the periodic solution (13.121) can be treated as the nonlinear
transformation between (13.117) and the normal forms (13.132)—(13.134). This
observation is supported by the following consideration. The periodic solution can
be written as

X1 = r1cos O + hy(rycos O, r; sin ®y, r, cos Oy, 15 sin By),

Xy = —r18in©1 + hy(rycos O, ry sin O, rp cos Oy, r; sin B3),

X3 = rp¢08 Oy + h3(rycos O, r; sin ®y, r, cos Oy, 15 sin B3),

X4 = —128in Oy + hy(rycos O, ry sin Oy, r, cos Oy, r; sin B3),

Xi = h,-(rl COS @1, r sin @1, rp COS @2, r sin @2), i = 5, 6, Lo, n. (13135)

Introducing the new variables

Y1 :I'1COS®1, yzz—l‘zsil’l®1, y3 :rzcosG)z, y4:—l‘2$il’l®2,
(13.136)
from (13.135) one gets

Xi=yi+hi(y1, y2, y3,y4), i=1,2,3,4, x;=h;(y1,y2,y3.y4), i=56,....n.
(13.137)
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The obtained equation, which is the same as (13.121), manifests a transformation
betweenx;, i =1,2,...,nandy;, j =1,2,3,4.Inother words, the first four
equations can be considered as a nonlinear transformations between the coordinates
X1, X2, X3, X4 and yy, 2, ¥3, 4. The remaining equations represent the projection of
the original system to the four-dimensional centre manifold governed by the critical
variables y;, y2, y3, y4. Using the Cartesian coordinates the normal form governed
by (13.132)—(13.134) reads

Y1 = o1cy2 + g1 (V1. Y2, V3. ¥4),

Y2 = =iy + &V, y2, ¥3, ya).

V3 = wacya + g3(V1, Y2, Y3, Ya),

Y4 = —wacy3 + g4(V1, Y2, V3, Ya)- (13.138)

To sum up, the nonlinear transformation (13.138), which is equivalent
to (13.121), represents a transition between the original system (13.117) and the
normal form (13.138).

Now both stability and bifurcation analysis may be carried out using
Eqgs. (13.132)—(13.134) or (13.138).

Following Yu [250], in order to outline a general bifurcational analysis, the
normal form is presented explicitly up to third order

1 = rifoi i + @iaits + axri + anri), iz = ralaai i + oo + baori + boaril,
(13.139)

and similarly
O1=w1c+ P11 1 +Brapa+ca0r? Fcoar?, Or=we 4 Bor 1 + Baajta +daori +doar?,
(13.140)

For the convenience two parameter variables oy 1 + ojafla, Qa1 + oo fdn
are used, where (1, (1, are the perturbation parameters.
The tracked behaviour follows:

1. Equilibria (E):
ri=r=0 (13.141)
2. Hopf bifurcation with frequency w; (H(wy)):
1
ry= —a—(Oéan + o), 12 = 0,01 = wie + Bripr + Brapr + Czorlz.
20
(13.142)

3. Hopf bifurcation with frequency w, (H (w2)):

1
r, = —b—(azlm +anis). 1 = 0,0 = wye + PBarpr + Poair + dozrzz-
02
(13.143)
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4. 2-D tori with frequencies w;, w, (2-D tori):

> _ Ao + anpta) — be (e + aips)
ax0boz — ao2bao ’
> bao(aaipr 4 ainpa) — azo(@ai pr + o pta)
ax0box — aoabao ’

w1 = wic + Bt + Biapr + Czorl2 + c02r22,
w2 = wae + Parptt + Baafha + daori + door;. (13.144)

Evaluating the Jacobian of Eq.(13.139) on the equilibrium (13.141) yields two
critical lines

Ly: anpr +anpr =0 (aapr +oxnps <0), (13.145)

L, : o1y + axnuy; =0 (0{111/[1 + appuy < 0), (13.146)
and L; (L;) corresponds to occurrence of a family of periodic solutions after Hopf
bifurcation with @, (w,). The solutions are stable if the following inequalities are
satisfied

anp +appr >0 and  arp + anps < 0. (13.147)

Now, evaluating the Jacobian of Eq.(13.139) on the Hopf bifurcation solu-
tion (13.142), yields the stability conditions

b
oy p+oanps >0 and 0521H1+0l22M2—a—20(0l11M1+0512H2) <0. (13.148)
20

One may check that the H(w)) periodic solution exists, when ayy < 0.
The second inequality in (13.148) yields the critical line

b b
Ly (o1 — —aq)pr + (0 — —a)pa = 0 (@141 + aiapta) > 0).
ano ao
(13.149)

The L; line represents a secondary Hopf bifurcation with frequency w, from the
limit cycle produced by H(w;) (i.e. a 2-D torus is created).

Similarly, the (13.143) solution associated with H(w,) is stable when the
inequalities hold

a
a1 +oanis >0 and 0l11M1+0l12M2—b—02(0521H1+0522M2) <0 (13.150)
02

and it exists when by, < 0.
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A critical line L4 is defined by the second inequality of (13.150):

a a
Ly (a1 — oo + (@ — —Zam)pa = 0 (@141 + axpia) > 0).
boz bOZ
(13.151)

Crossing L4 a secondary Hopf bifurcation with frequency w; occurs from the
periodic orbits born after H(w,). Again the 2-D tori is produced, with solutions,
governed by Eq. (13.144).

In [250] a family of solutions lying on 2-D tori is traced via evaluation the
Jacobian on Eq. (13.144) yielding

261201‘12 261027'11‘2
= . 13.152
JT I:zbzorll‘z 26102/'22 ( )

The stability of the quasi-periodic motion is defined by trace (Tr < 0) and
determinant (Det > 0) of the Jacobian Jt.

The mentioned stability conditions are supplemented by the following existence
conditions

app (21 /b1 + a2 fl2) — boa(og py + a2 i) > 0,
(13.153)
bao(oty1 py + opapin) — aso(oai iy + o pen) > 0.

Observe that the existence region boundaries (13.153) are defined by the critical
lines L3 and L4, i.e. the periodic solution associated with H(w;) (H (w,)) bifurcates
from the critical line L3 (L4) into a quasi-periodic solution with the stability
boundary L3 (L4).

Note that r; > 0 and r, > 0 guarantee satisfaction of conditions (13.153), and
Det > 0 yields

aboz — agzby > 0, (13.154)
and hence the condition 7r < 0 gives

aso(ao — boo) (a1 b1 + oo o) — boa(@zr — bao) (11 py + appen) < 0. (13.155)

From (13.155) one gets

Ls : [ax (a2 — boo)aa1 — boa(az — bao)orii] i
(13.156)
“+lazo(ao2 — bo2)oar — bor(axn — bap)aia] s = 0.

On Ls a quasi periodic solution may loose its stability, and bifurcate to a 3-D
torus with frequencies (w;, w;, ®3).

A combination of perturbation approaches and harmonic balance technique
to analyse various Hopf type bifurcations is presented in works [18-21, 30]
and examples of numerical technique to trace dynamical behaviour using a path
following method taken from mechanics and biomechanics are reported in [15-17].
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13.3 Fixed Points of Maps

There are three distinct situations possible for bifurcations of fixed points of maps.

(1) Dy f(x0,A0) has a single eigenvalue equal to 1.
In this case the problem is reduced to a study of one-dimensional centre
manifold

x+— f(x,4), xeR! 1eR. (13.157)
Fixed point can be transformed to the origin, where f(0,0) = 0 and

%(0, 0) = 1. In this case three situations are possible.
A saddle-node bifurcation at (x, A) = (0, 0) takes place if

/(0.0) =0,
(13.158)
.0,0) =1,
and
9
T0.0)#0.
(13.159)
3> f
W(O’ 0) # 0.
The map
x> f(x,A)=x+1+x% xeR' LeR! (13.160)

can serve as a normal form for the saddle-node bifurcations for maps.
A transcritical bifurcation can be represented by the map

x> f(x,A)=x+ix+x* xeR! 1eR. (13.161)

Note that (x, A) = (0, 0) is a non-hyperbolic fixed point with eigenvalue 1
(f(0,0) =0, %(0, 0) = 1). A transcritical bifurcation appears if

af 3 Pf Pf
3200 =0 axax(o’o)7é0’ ax2

(0,0) # 0. (13.162)

A pitchfork bifurcation occurs in a one parameter family of smooth one-
dimensional maps (13.157) with a non-hyperbolic fixed point ( f(0,0) = O,
30,00 = Dif
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af *f 3 f 9
—(0,0) =0, —(0,0)=0, 0,0) #0, —=(0,0)#0,
ax (0-0) 2z 00 axon 00 # s (0-0) #
(13.163)
and its normal form is given by
x»—>f(x,/\):x+/\x:l:x3, xeR!) 1eR. (13.164)

(ii) Dy f(x0,A0) has a single eigenvalue equal to —1.
In contrary to the bifurcation (i) this bifurcation does not have an analog with
one-dimensional dynamics of vector fields, since it refers to period-doubling
bifurcation at (x, A) = (0, 0). It occurs when

a a
f(0,0) =0, a—f(O, 0) =—-1, %(0,0) =0,
iy * y .y (13.165)
—(0,0) =0, —=(0,0)#0, —=(0,0)#0.
7z 00 axon 00 # s 00 #
One can display the period-doubling bifurcation using the map
x> f(x,A) = —x — Ax + x°. (13.166)

(iii) Dy f(x0, o) possesses two complex conjugate eigenvalues having modulus 1.
This situation corresponds to the Neimark—Sacker bifurcation or sometimes
it is referred as a secondary Hopf bifurcation ([106, 243]).

Consider the map (13.157) but for x € IR?, and let us again introduce a suitable
transformation that (x,A) = (0,0) and f(0,0). The associated matrix D, f(0,0)

possesses two complex conjugate eigenvalues A(0) and A(0), with |A(0)] = 1.
In addition, we require that A" (0) # 1 forn = 1,2,3,4.

It can be shown [243] that the normal form of the Neimark—Sacker bifurcation is
governed by the complex map

2 uMNz+cMNZz2+0@), zeC AeR'. (13.167)
We change the variables letting

7 =re?™i® (13.168)

and we get

r = [n(d)| (r + (Re (%)) r 4+ O(r4)) ,

1 c(d) ) 3

(13.169)
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where
1 o)
dp(A) = 5, TR
c(d) = ad) +iod). (13.170)

The Taylor expansion of (13.169) in A = 0 gives

(1 + _W(’\)I lr= OA) (Re (ﬂ)) P O Ar, rY),
w(0)

O O+ ¢(0) + j—kqs(x)h:ox + % (Imc(o))

0)
(13.171)
The truncated normal form has the form
re>r+ (di+ardr,
(13.172)
O O+ ¢+ ¢4 + br?,
where
c(0) L g, b= m®.
I Wlmo. a=Re ( (O)) h=0(0). $1=- (G (0). b= %D,
(13.173)

Following [243] there are four potential cases for the bifurcation of an invariant
circle from a fixed point.

(@) d > 0, a > 0. The origin is an unstable fixed point for A > 0 and an
asymptotically stable fixed point for A < 0 with an unstable invariant circle
forA <O0.

(b) d > 0, a < 0. The origin is an unstable fixed point for A > 0 and an
asymptotically stable fixed point for A < 0 with an asymptotically stable
invariant circle for A > 0.

(¢) d > 0,a < 0. The origin is an asymptotically stable fixed point for A > 0 and
an unstable fixed point forA < 0 with an unstable invariant circle for A > 0.

(d) The origin is an asymptotically stable fixed point for A > 0, and an unstable
fixed point for A < 0, with an asymptotically stable invariant circle for A < 0.

Note that here the bifurcation consists of a circle which has many different orbits.
Hence one should start with the initial condition laying on this circle. Since in this

1 . .
caser = (—%)7 , then the associated circle map has the form

O 0+ ¢+ (¢>1+§)/\. (13.174)

For ¢ + (¢1 + %)A rational (irrational) all orbits on invariant circle are periodic
(quasiperiodic, i.e. densely fill the circle).
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13.4 Continuation Technique

The introduced earlier considerations related to local bifurcations can be used to
follow the dynamics in a systematic way. In a case of vector fields, one can construct
a local Poincaré map, and then to reduce the problem of one order to study a
bifurcation of a fixed point of the map. In a case of a k periodic orbit one can take
into account the bifurcation of a fixed point of the kth iterate of the map.

Coming back to the differential equation (13.1) and taking into account the initial
condition x(#)) = xo (for a given specific numerical value of A¢) one can trace a
periodic orbit occurred via Hopf bifurcation. We integrate numerically (13.1) during
the time equal to exact (or estimated) period of a new periodic orbit corresponding
to the parameter 1o + AA, where |AL|| < 1.

In a case of second-order differential equation the situation is shown in
Fig. 13.16.

In a case of periodic solution with the period T, we have the following boundary
condition

X(To, X()) — X0 = 0. (13.175)

Equation (13.175) yields x¢ using, for instance, Newton’s method. Using Taylor
expansion around kth order approximation of x(()k) we take only a linear term, and

we obtain a linear correction Ax(()k). A Jacobian of the Newton method is defined by

fixed points

Fig. 13.16 Transformation of the state vector x
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_ 0x(To, xo)

J
BX()

I=N-1, (13.176)

where [ is the identity matrix. After computation with the required accuracy we
use the matrix N obtained in the last computational step as the monodromy matrix.
The associated eigenvalues decide about stability and bifurcation of the analysed
periodic orbit (or equivalently, a fixed point of the maps). This method is called
shooting and has already found a wide treatment in literature (see, for instance
Seydel [214], Awrejcewicz [14]).

Another equivalent approach is based on the Galerkin approximation [234]. It is
well known that any periodic solution (function) can be represented by its Fourier
expansion

K
Vi = ao + Z (a, coskwt + ay, sinkwt), (13.177)
k=1

where K is the number of a highest harmonics, and w is the fundamental frequency.
The assumed solution is substituted to the system of the second-order differential
equations governing dynamics of oscillating systems. Since from the assumption
we have the kth order Fourier approximation to a periodic solution, then between
left- and right-hand sides a difference occurs (a residual vector), which satisfies the
equation

r(ao, ae . ag,t) =r(ap,ac.ag,t +7T). (13.178)

In general, when K — oo, then r — 0. The residual vector is also expanded into
Fourier series

K
r=so+ Y (s coskot + s, sinkot). (13.179)
k=1

The condition r = 0 implies that 5o = s, = s;, = 0, and hence

T

1

T/r(a()aackvask,t)dt =0,
0

) T

T/r(ao,ack,ask,t) cosnwtdt =0, (13.180)
0

T

2

T/r(ao,ack,ask,t)sinna)tdt =0, k,n=1,23,...
0
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Introducing the vectors

S0 ao
s=\1sq |, a=1\ay | (13.181)
Ss ag,

equation r = 0 can be substituted by
s(a) =0, (13.182)

and can be solved using the iterational Newton method. In practice the Fast Fourier
Transformation (FFT) is used during computation of s [49,71]. After an appropriate
choice of a starting point for the vector a we compute

K
Vi = Z (kwag, coskwt — kwa,, sinkwt),
k=
1 (13.183)
K
Vi = Z (—k*w?a,, coskot — k*w’ay, sinkwt).
k=1

Applying (FFT)™' we can find (13.183), then we substitute (13.183) into the
governing equations to get (13.182). The FFT is especially economic when a
number of samples Ngpr satisfies Nppr = 2M - 4K . The error of the introduced
estimation is equal to

1

NFET 2

2
A= 6 o+ (13.184)
n=k+1

A stability of the found solution is estimated by the variational equations.

Example 13.5. Consider a model of human vocal chords oscillations (see more
details in [15-17]). The human lungs produces the air pressure required for larynx
to be opened. The vocal chords start to continue to open because of inertia, and then
their elastic properties cause their closing. The air stream leaves the larynx, and
then Bernoulli suction effect appears. Next the described cycle repeats. Display a
bifurcation diagram corresponding to the mechanical model of human vocal chords
shown in Fig. 13.17.

A point mass can move in the directions x and y. Since the vocal chords cannot
touch each other, the artificial damping ¢, and stiffness k; have been introduced.
The hyperbolic type stiffness associated with the coefficient ks approaches infinity
when the mass approaches origin. The larynx has been modelled as a reservoir
with stiff walls and real elastic properties have been included in the modified air
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Fig. 13.17 Mechanical model of a human vocal chord

parameters. It is assumed that the lungs pressure generates equal forces acting on the
vocal chords, which move symmetrically. This is a reason that we consider only one
vocal chord oscillations. In a case of some pathological cases (for instance caused
by cancer) the symmetry is violated and the number of equations is doubled.

The ordinary non-dimensional differential equations have the form (see [17] for
more details)

X +CX 4+ {K, + Kp[(X — X0)* + Y2}(X — Xo) — K, Y —
—K,X°(1—C,X) = EP,
Y +CY +{K, + Kp[(X — Xo)* + Y]}Y — K,(X — X,) = EP,

P=0- (X =1)P% for X > 1,

0, for x <1.
where: C corresponds to damping properties of the vocal chords (C < 1); K,
represents a vertical stiffness of a vocal chord (K, € (0,7;0,9)), K, = 1; Ky,
is the stiffness coefficient coupling the vocal chord displacements in two directions
K., € (0,3;0,5)); Ko is a Duffing (cubic) type stiffness coefficient (Ko < 1); Kj
is a coefficient of a hyperbolic type stiffness (K; < 0,1); s = 4; C; represents
damping (Cs < 1); Xj is the horizontal equilibrium position of the vocal chord; E
is the average surface of the vocal chord (E € (0, 1;0,0)) and Q is outlay of the air
stream (Q € (0, 0; 100, 0)).
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Fig. 13.18 Equilibrium and stability

The analysed system of differential equations is strongly nonlinear especially in
a vicinity of origin (see the term responsible for hyperbolic type stiffness). We take
the following fixed parameters: K, = 0.9;K,, = 0.3;Kq = 0.001; K; =
0,001; C; = 0.5; E = 1. First we calculate equilibria positions (see Fig. 13.18).

The solid curves in the planes (X, Q), (Yo, Q) and (Py, Q) correspond to the
equilibrium positions. They do not change with the change of C, but their stability
depends on C. The solid curves located in the plane (C, Q) correspond to stability
loss boundaries.

Denote the eigenvalues associated with an equilibriumby A, , = §;+iw;, A34 =
8, £ iw; (it can be proved that the fifth eigenvalue is real and negative). If §; = 0
(i = 1,2), then for a fixed C value the Hopf bifurcation occurs with an increase
or decrease of Q (see directions of vertical arrows). A point of intersection of both
curves can be interpreted as a meeting point of two frequencies w; and w,. If they
are irrational then a quasi-periodic orbit appears.

The bifurcation diagram for K, = 0.3; Kp = K, = 0.001; D; = 0.5;
K,y =03; Xo = E = 0.4; Q = 7 has been reported in Fig.13.19, and the
calculations have been carried out using shooting method.

Damping coefficient C has been taken as an active parameter. Its decrease causes
occurrence of the Hopf bifurcation and a periodic orbit appears (this is example
of self-exciting oscillations). A slight further decrease of C yields an increase of
the oscillation amplitude represented by the branch 1’. In the point PD1’ we have
period doubling bifurcation and a new subharmonic solution appears (branch 3').
This solution is further traced numerically along this branch and in the point Q it
changes its stability. As the numerical analysis shown in the vicinity of Q a quasi-
periodic solution appears.
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Fig. 13.19 Bifurcation
diagram of the human vocal

chords 10.1

9.1
8.07
7.05
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Fig. 13.20 Periodic 15.0
oscillation for vocal chords

The branch 1 becomes unstable in the point PD 1’. However between PD?2’ and
PD3 we have stable periodic solution. In the point H2' another periodic solution
branch appears which is unstable.

It is clear that for each point of the bifurcation curve one can easily obtain phase
trajectories or time histories. For instance, the latter are shown in Fig. 13.20 for
C =0.16.

During calculations the period has been normalized to 27 and (from this figure)
it is seen that this a subharmonic stable solution of the branch 3’. A cusp of y; is
visible, which is in agreement with our hyperbolic type stiffness assumption. It must
be emphasized that in this case the shooting method is much more economical in
comparison to the Urabe—Reiter method. In the latter case one needs to take high
number of harmonics which extremely extends computation time. The shooting
method does not have the mentioned drawback. O
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13.5 Global Bifurcations

As it has been pointed out in monographs [216,217], sometimes a periodic orbit does
not exist on the stability boundary and Poincaré map is not defined i.e. it cannot be
analysed using a local approach.

First we can consider bifurcation of a homoclinic loop to a saddle-node
equilibrium, which is displayed by the equations

¥ = @+ Aax? 4+ Gxy, p,
Xy = [A + h(x1, x2, W)]x2, (13.185)

where the eigenvalues of A4 lie in LHP (see Fig. 13.21).

For 1 < 0 saddle O; and a node O, are distinct. They approach each other
when u — 0%, In the critical point & = 0 the saddle-node equilibrium with the
homoclinic loop disappears and a stable periodic orbit P, is born with a period of
7/ /A, In fact this observation can be formulated as a theorem and proved (see
[216]).

We give one more example taken from [85], where two mutually coupled
oscillators are considered:

X1 = X2,

%2 = —e(l — Bxi? + x1M)x2 — x1 + axs,

X3 = X4,

%4 = —e(1 — Bxs? + x3M) x4 — x3 + axy, (13.186)

where 0 < o < 1 is a coupling factor, B controls amplitude and ¢ is a control
parameter. It has been shown that two symmetric solutions disappear simultaneously
for ¢ = 0.448 via saddle-node bifurcation. Just before this value a switching
between two symmetric solutions occurred. The situation is displayed in Fig. 13.22.

X“ \\() x" \\ x" \‘\

0

> > >
X X1 X1

Fig. 13.21 Successive steps of a bifurcation of a saddle-node equilibrium with a homoclinic
trajectory
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Fig. 13.22 A heteroclinic a S.=N, b S,
cycle at (a) and after
(b) saddle-node bifurcation N
1
N;
S=N, Sz

The authors using Poincaré map, traced the unstable manifold W,, of the saddle
in a vicinity of the saddle-node bifurcation and they observed the following scenario
(see Fig. 13.22). One W, of S| goes in N|, whereas the other W, goes in N,. One of
W, of S, goes in N; and the other W, of it goes in N,. A node and a saddle coalesce
at the saddle-node bifurcation point creating a degenerate saddle. A heteroclinic
cycle links two degenerate saddles at this point. Two stable N; and N, are connected
by unstable manifolds even after disappearance of the synchronized solution via
saddle-node bifurcation and nodes are replaced by their traces. A flow stays traced
of N and N, for a relatively long time and then quickly moves along a heteroclinic
cycle linking two traces.

Another important global bifurcation can lead to occurrence of an invariant torus
or Klein bottle, which has been analysed by Afraimovich and Shilnikov ([1, 2]).

Theorem 13.7 (See [216]). Ifthe global unstable set of the saddle-node is a smooth
compact manifold (a torus or a Klein bottle) at @ = 0, then a smooth closed
attractive invariant manifold T, (a torus or a Klein bottle, respectively) exists for
all small .

With a continuous change of u, the invariant manifold will change continuously.
For © < 0 we have a set composed of the unstable manifold of the saddle
periodic orbit P~ (1) with the stable periodic orbit P ¥ (1) (by P* (1) we denote
periodic orbits occurred after the saddle-node bifurcations). The invariant manifold
for = 0 is represented by w',. For ;1 > 0 the Poincaré rotation number approaches
zero for . — O™ (in case of torus). Hence, on the axis u there are infinitely many
phase-locking (resonant) zones (periodic orbits) as well as infinitely many zones
composed of irrational values of p (quasiperiodic orbits).

More detailed analysis of the briefly mentioned global bifurcations is given in
the monograph [216] and is beyond of this book. There are also many references
which include examples of various bifurcations in mechanics (see, for example [38,
145,153,190,212,231]).
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Finally the basic phenomena of bifurcations exhibited by continuous dynamical
systems, as well as explicit procedures for application of mathematical theorems to
particular real-world problems are widely reported in monograph [146].

13.6 Piece-Wise Smooth Dynamical System

13.6.1 Introduction

The piece-wise smooth dynamical systems (PSDS) are governed by the equation:
x = F(x;A), (13.187)

where: x = x(¢) € IR” represents the system state in time instant £; A € R” is

the vector of parameters, whereas the transformation F : R” x R™ — IR” is the

piece-wise smooth function. In other words, the phase space D € IR” is divided into

finite number of subspaces V;, where the function F is smooth. The subspaces are

separated by (n — 1) hyperplanes X;;, where the ‘discontinuities’ are exhibited.
The PSDS governed by (13.187) can be classified in the following manner:

(i) Systems with discontinuous Jacobian DF, with continuous but non-smooth
vector field F, and with smooth system’s state x (¢);
(ii) Systems with discontinuous vector field F and with non-smooth but continuous
x(1);
(iii) Systems with discontinuous x(¢). In this case, whenever the system is in
contact with ¥;;, its state undergoes a jump described by x* = g(x7; 1),
where x~(x™) describes the system state just before (after) a contact.

Dynamical systems belonging to class (i) are often called Filippov systems
[93,152]. In mechanical and electrical engineering there exist many various systems
with piece-wise linear characteristics (see for example [46, 47, 161, 256]). Non-
smooth mechanical systems with impact and/or friction have very long history
and are described in many books (see, for instance [29] and references therein).
Systems with Coulomb friction can be treated as those with a jump of a damping
characteristics (class (ii))—see [95, 151, 152], or they exhibit a stick-slip movement.
A stick takes place, when a resulting force acting on a moving body is less than
the associated Coulomb force. Often the authors use differential inclusions in order
to attack this problem more rigorously (see [143]). Three simple examples of
mechanical systems with piece-wise nonlinearities are shown in Fig. 13.23.

In the first case (Fig. 13.23a) the system is governed by the equation

mi + F(x) = 0, (13.188)
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Fig. 13.23 One-degree-of-freedom system with a gap (a), discontinuous force (b), and stick-slip
periodic motion (c)

where

0 for —a <x <a,
F(x) = {ky(x —a) forx > a, (13.189)

ki(x +a) forx <a.
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In the points +a the function F(x) is not differentiable. In the second case
(Fig. 13.23b) the springs are initially stretched and governing differential equation
is the same as (13.188), but

kox + Fy forx >0,
F(x) =140 for x = 0, (13.190)

kix —Fy forx <O.
In the third case the system is self-exited and is governed by equation
mxX + kx = T(w) —T(0), (13.191)
where:
T(w) = mg[uo - sgnw —aw + pw’], o = vy — x. (13.192)

In the above o, @, B are coefficients describing friction. Note that the periodic
orbit is not differentiable in the points A, B, C and the interval BC corresponds
to stick, i.e. the mass m does not move in relation to tape. The system shown in
Fig. 13.23a belongs to class (i), the system presented in Fig. 13.23b belongs to class
(i), and system given in Fig. 13.23c belongs to class (iii). The mechanical systems
with impacts can be either modelled as a system with the sudden stiffness change
(class (ii)), or as systems belonging to class (iii). In the latter case, when a surface
;. ;j is achieved, a sudden change of velocity occurs owing to the Newton’s law and
a definition of the restitution coefficient. In this case the system can be considered as
that of one sided constraints and its behaviour is governed by algebraic inequalities.
The described situation is equivalent also to a Dirac impulse of the function F on
one of two sides of hyperplane %, ;.

It is clear that in mechanical systems various classes of discontinuities may
appear simultaneously. Although often friction and impact are independent ([238])
but more realistic are situations, where impact and friction appear together.

13.6.2  Stability

Here we consider a simple situation when on X; ; discontinuities do not occur.
Recall also that when an analysed orbit belongs to any subspace V;, than situation
is clear, since stability concepts of smooth systems can be applied. Therefore, a
stability devoted to PSDS is more general and when X; ; vanishes it is reduced to
classical (smooth) stability concepts.

Assume that a periodic orbit x (¢) of a PSDS intersects the hyperplanes X; ; finite
times in a periodic manner, and the intersections are non-degenerated, i.e. an orbit
intersects X; ; transversally, a contact time with X; ; is infinitely short and all &; ;
are smooth in contact points.
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Fig. 13.24 A piece-wise smooth periodic orbit and a Poincaré section ¥

One may introduce a Poincaré section ¥ which do not overlap with any %; ;.
In what follows we are going to analyse locally an intersection point of x(t) with X
(further referred as x¥). To estimate stability one has to define a monodromy matrix
¢* owing to our earlier considerations for completely smooth systems. In order to
obtain ¢* corresponding to piece-wise smooth periodic orbit, consider the matrix of
fundamental solutions ¢ (¢, #o) satisfying the following linear differential equations

¢(t.t0) = DF;(x(1))p(t.10), (t.to) =1, (13.193)

where D is the differential operator and DF; denotes Jacobian. Observe that in time
intervals D; = {t e R;t;,_; <t < t;},fori =1,2,...,k+1, the orbit x (¢) belongs
to subspace V;, where F' = F; is smooth, and Fy4+; = Fj (see also Fig. 13.24 for
k = 4). In each of the intersection (discontinuous) points defined by ¢ = ¢; the orbit
undergoes sudden changes, which means that the fundamental matrix also changes
in these points. These changes can be formally expressed in the following way

¢t t0) = Sip (L, t0), i=1,2,... k. (13.194)

In the above the superscript (—) denotes time instant just before a discontinuity,
whereas the superscript (+) denotes time instant just after a discontinuity, and S; is
called saltation matrix.

In order to obtain explicitly a saltation matrix, one has to trace perturbations of
two neighbourhood orbits x (¢) and X(¢) (see Fig. 13.25).

The described method has been introduced for class (ii) by Aizerman—
Gantmakher [3], and has been extended to the systems with discontinuous vector
state [175].
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Fig. 13.25 Perturbed X(¢) and unperturbed x (¢) orbits and the associated perturbations

Let us trace the orbit x(¢) in the time intervals D; and D; 4:

X = Fi(X), fort;i_1 <t <t,
0= hi(xi_), for t=1t,

13.195
xi+ = g,-(xl-_), for r=t, ( )
X =F1i(x), fory; <t <t41,
where: x;” = [121[1 x(1), xl-+ = ,113,1 x(t). Note that in the time instant t = ¢; defined

1<t 1>t
by zero of smooth function A;(x) in V; a discontinuity appears and in general the
system state can exhibit a jump defined by a smooth function g; (x). In addition, it
can happen that F; # F; ;. The function 4;(x) can be scalar (for example during
impacts in mechanical systems), or it can be a vector.

The perturbed solution x(¢) = x(¢) + 8x(¢) touches the constraint in time instant

=1t + 8¢, (13.196)

and it satisfies Eq. (13.195), where now the bars over x have to be added.
Assuming §#; > 0 and following the introduced notations shown in Fig. 13.25,
one obtains

§x;7 = X(t;) —x;7,8x;t = X —x(@)). (13.197)

Since the perturbed orbit x(¢) for t = #; satisfies (13.195), the Taylor series
expansions is used and the following manipulations hold:

0=h;i(x;]) =h; (x(t; +61;))

_ dx
~ hi (x(t;) + m li; 6:)
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~ hi(X(t) + Fi(X(1:))8t)

~ hi(x; +8x; + Fi(x; 4+ 6x;7)8t;)

~ hi(x; +8x; + Fi(x;)8t; + DF;(x;)6x; 8t;)

~ hi(x; + 8x; + Fi(x;7)8t;)

~ hi(x;) + Dh;i(x;)6x; + Dh;(x]) F;(x[)ét;. (13.198)

Finally, the following equation is obtained
Dhi(x7)[0x; + Fi(x;)8t;] = 0. (13.199)

In order to realize a non-degenerated contact between the orbit and discontinuous
hyperplane ¥; ; the following condition should be assumed

rankDh; (x; ) F; (x;7) = rank[Dh; (x; ) Fi (x;), Dh; (x;7)8x;]. (13.200)
From (13.199) one obtains

Dh;(x7)éx;

S T DG E ()

(13.201)

Now the Taylor series is applied to Eq. (13.195) and the manipulations similar to
those in (13.198) are carried out:

X =gi(37) ~ gi(x7 4+ 8x7 + Fi(x;)8t)
~ gi(x;) + Dgi(x;)[0x; + Fi(x;)dt;]
~ x;m 4+ Dgi(x))[8x;7 + Fi(x])8t]. (13.202)
From (13.195), (13.197) and (13.202) one gets
SxF=x"—x@@)
~ xi+ + Dgi(x)[6x; + Fi(x;)ét;] — (xi+ — (‘)’xi+)
~ xt + Dgi(x7)[8x7 + Fi(x)8t:] — (x;7 + %7 81)
~ X+ Dgi (x)[8x7 + Fi(x7)86] — (x; + Fipa(x)81:),  (13.203)

which finally yields

8x;t = Dgi(x))8x; + [Dgi (x]) Fi(x7) — Fipa (x;)18t;. (13.204)
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and &t; is defined by (13.201). Recall that the saltation matrix transforms the
perturbation §x;” just before a discontinuity point into the perturbation 5x,.+ just
after the discontinuity point via formula

Sx;m = S;8x;. (13.205)
Hence, accounting (13.204) and (13.201), the saltation matrix is found

Dh;(x;")

Si = Dgi(x;) + [Fi+1(x,‘+) - Dgz(x,_)F:(x,_)]m

(13.206)

Note that similar considerations can be repeated for §7; < 0.

The introduced theory can be used as an extension of earlier one to trace through
the described continuation technique the piece wise smooth periodic orbits and also
classical algorithms for computations of Lyapunov exponents in smooth systems
[89, 244, 245] (one has to include jumps of §x(¢) in each of discontinuity points)
can be applied.

Example 13.6. Derive a saltation matrix using the Aizerman—Gantmakher theory in
one-degree-of-freedom mechanical system with an impact.

The following second-order differential equation governs dynamics with impacts
of the oscillator

quq(q’q.vt)a q = qmax;

where g« defines a barrier position. Assume that in the time instant ¢ = #, g(tx) =
¢max and an impact modelled within Newton’s hypothesis

§*=—eq
occurs, where: ¢~ = ¢~ (t;) = lim ¢(¢) is the oscillator velocity just before impact,
=1
1<ty
whereas ¢* = ¢ T (tx) = lim ¢(¢) is the oscillator velocity just after impact, and e
=1

>

is the restitution coefficient. The following phase coordinates are introduced
x = col{xy, x2, x3} = coliq, q,1}.
Hence, we have

x = F(x), x € R,
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where
F(x) = col{xy, Fy(x), 1} = col{g, Fy, 1}.
The phase space configuration is defined by the inequality
h(x) >0,

where 1(X) = @max — X1 = ¢max — 4-
In the time instant ¢ = #; defined by h(x™(#)) = 0, we get

Xt =),
where: x~ = x" (i) = IIL% x(t),xT =xT() = }Ln,} x(t). The function defining
a jump of the state vectotr<tikn the point of discontinuitt;khas the form
g(x) = col{xy, —exy, x3} = col{q, —eq, t}.

The associated Jacobians with 4 (x) and g(x) have the form

Dh(x) =[-100],

100
Dg(x) =10—e0
001
From (13.201) one gets
Sx
[-100]4 8x5
5 — — Dh(x7)x~ éxy ) Sy 8
Dh(x)F(x") 5 x5 q
[-100] 4 F,~
1

where F,” = Fy(x7).
Observe that for a degenerated impact, when ¢~ — 0, the time §¢ approaches
infinity. The saltation matrix is obtained from (13.206):

Dh(x™)

§ = Dg(x7) + [F(x™) = D F o=
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1 0 0] gt 100 .

q -100
=|0—e0|+|{FF—|0—e0|]F [ ]._
(00 1] 1 001 1 1
[-100]{ F;
1
(1.0 07 q* |\ [-100]
=[0—-e0]| + Fq+ — —qu_ —_)
00 1] 1 1 (=4
100 [ —(@t—4¢) 00
=00 |+ |—(FF+eF,)00| (=)
oo 1] | 0 00
it~ 00
= (Fq++qu_)/q_ —e 0],
i 0 01

where F,t = F;(x™), and it can be cast to the following form

—e 00
S = (Fq+ + qu_)/cf —e 0
0 01

The obtained matrix transforms a perturbation §x~ just before a barrier into the
perturbation just after the barrier §x . It is worth noticing that in the case of grazing
bifurcation (tangent to the barrier surface), the velocity g~ — 0, and possesses
matrix element S — oo.

13.6.3 Orbits Exhibiting Degenerated Contact
with Discontinuity Surfaces

In the previous section the eigenvalues of Jacobian changed smoothly with a smooth
change of a bifurcation parameter. Hence, the analysed piecewise smooth orbits can
exhibit all bifurcations described earlier and associated with smooth systems.

Here, we are going to analyse the cases, where a Poincaré map (or a vector field
during analysis of stationary points), its Jacobian and the associated eigenvalues
exhibit discontinuities, which are associated with smooth changes of a bifurcation
parameter. In this case either the obtained bifurcations are qualitatively similar to
those in smooth systems, or they are completely new.

The most explored bifurcation in PSDS is a so-called grazing bifurcation.
It occurs, when a part of trajectory becomes tangent to one of the discontinuity
surfaces while changing a bifurcation parameter smoothly. It cannot be predicted by
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Fig. 13.26 Grazing a b

bifurcations exhibited by

Filippov’s system (a) and a

system with discontinuous

vector state (b) v Vi Vv V;

tracing a Jacobian behaviour. This type of bifurcation has been extensively studied
by Feigin ([89-92]), although it is known in Russian literature as C-bifurcation.

However, to be more precise the C-bifurcation is typical for Filippov’s systems
[80], whereas grazing bifurcation is more practically oriented one and appears in
systems with impacts. During investigations of maps a so-called border-collision
bifurcation may appear, which is related to grazing bifurcation of a vector field
([41,79,80,183, 185, 186]). Namely, it characterizes a collision of a mapping point
with a discontinuity surface.

In Fig.13.26 a grazing bifurcation is schematically shown for two different
PSDS. Namely, a system with continuous vector state (Fig. 13.26a), and a system
with a jump of a vector state (Fig. 13.26b) are displayed. The letter case is typical
for impacting systems.

Although the classical grazing bifurcation assumes that a discontinuous surface
in a contact place is smooth, but in practise very often it can be non-smooth.
Imagine that a surface X; ; is composed of two smooth parts Zflj) and El(.?;, which
intersection creates a set C with dimension (n — 2), where n is dimension of phase
space (see Fig. 13.27).

Two first bifurcations (Fig. 13.27a, b) belong to corner-collision bifurcation,
whereas the third one Fig. 13.27¢ is more complicated.

Another important class of bifurcations exhibited by PSDS is associated with a
sliding motion along X; ; (a trajectory remains on X; ; on a finite time interval).
In the Filippov systems the vector field either forces the trajectories to move into
%;,j from its both sides (attraction sliding mode) or to move away from it (repulsion
sliding mode). More details are given in [46, 152].

In our example reported in Fig. 13.23c a real stick phase of the mass (which
moves together with tape) can be referred as the attraction sliding mode.

When PSDS moves along a discontinuous surface a sliding type bifurcation
can occur [46, 82]. In this case an orbit interacts with a part X of a discontinuity
hyperplane ¥. Four different sliding bifurcations in Filippov’s systems are reported
in Fig. 13.28.
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Fig. 13.27 Internal (a) and external (b) corner—collision bifurcation and bifurcation with sliding
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Fig. 13.28 Four different sliding bifurcations in a Filippov’s system

Type I sliding bifurcation is shown in Fig. 13.28a. Increasing a bifurcation
parameter the orbit first intersects transversally X, and then it moves to right
successively touching the S-border between X and X (trajectory 2) and begins to
slide. Any trajectory leaves X tangently.

In Fig.13.28b the trajectory 1 approaches ¥ and X, it touches ¥ and X
simultaneously (orbit 2). Increasing further a bifurcation parameter a sliding part
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on X occurs (see orbit 3). This bifurcation is said to be grazing-sliding and it
generalizes a grazing bifurcation concept.

The third example (Fig. 13.28c) is referred as a sliding bifurcation of type II
(sometimes it is also called switching-sliding).

First, the orbit 1 intersects transversally . Two other orbits remain in X. All of
the orbits are associated with sliding out of the border S.

The last (Fig. 13.28d) type of sliding bifurcation is called multisliding. All orbits
belong to X. A change of a bifurcation parameter yields to partition of the orbit into
two parts (one of it lies on S, and the other one lies outside of T). The described
multisliding bifurcation is a member of a sliding adding scenario, which yields an
occurrence of periodic orbits with increasing number of sliding intervals [81].

13.6.4 Bifurcations in Filippov’s Systems

Filippov’s systems belong to classes (i) and (ii) and they are characterized by
systems with at least smooth vector state.

In [151, 152] bifurcations of periodic solutions in systems with discontinuous
vector fields are analysed. Although it is assumed that the Poincaré section in a
bifurcation point is continuous but not necessarily smooth. Assume that a being
analysed periodic solution is in contact with a discontinuous surface X. If the
perturbed orbit intersects 3 and moves into another part of the phase space, where
it stays infinitely short time, and then it returns to the previous phase domain, then
the associated Poincaré map is continuous. It can be proved that if the analysed
periodic orbit in tangent to a smooth discontinuity surface, then the Poincaré map
is smooth and its Jacobian is continuous. When the orbit goes through the point of
discontinuity surface which is non-smooth, then the associated Jacobian is non-
continuous. To omit the occurred problem a concept of a generalized Clarke’s
derivatives can be applied. It yields definitions of both generalized Jacobian and
generalized fundamental matrix. It can be shown also that a generalized Jacobian
can be obtained via linear approximation of a non-smooth vector field F in a thin
phase space = with € thickness including a surface of discontinuity X. In words,
a non-continuous vector field F is substituted by continuous but non-smooth vector
field F, when € — oo.

13.6.5 Bifurcations of Stationary Points

Consider first codimension 1 bifurcations of a fixed point x* = x5, ; of the vector
field F lying on the non-smooth surface X; ;, being a border between subspaces V;
and V;, where F is smooth.
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Fig. 13.29 Two different path of eigenvalues o displaying discontinuous bifurcations

Since the point x;i ; belongs simultaneously to V; and V;, it possesses two
different values of a DF; (x;i_j ;As; ;) and DF; (x;i_j ; Ax; ;) on each of two sides of
¥; ;. In what follows the following generalized Jacobian is defined in the point x)’gi i

DF(x3, i As,;) = (1= q)DF;(x3, 3 As;,) +¢DF; (x5, :As,;),  (13.207)

where 0 < ¢ < 1.

Formula (13.207) yields possible values of Jacobian in the point x)’gi.j and it
represents the smallest convex set possessing two values of Jacobian on two sides
of ; ;. Note that for g = 0 we have DF(x;i.j ;As, ;) = DF; (x;:i.j ;As, ), whereas
forg = 1 we get D~F(x§i.j iAx;) = DFj(xg, s )

The mentioned set does not only define eigenvalues of Jacobians in a discontinu-
ous point, but also defines a path of their jumps, when x* goes through %; ;. Now,
if during such a jump the imaginary axis of the phase plane is crossed, then the
associated bifurcation is called discontinuous one (see Fig. 13.29).

In the first case (curve 1) two complex conjugate eigenvalues cross once the
imaginary axis, whereas in the second case (curve 2) the eigenvalues paths intersect
the imaginary axis two times.

It is worth noticing that for each classical local bifurcation there exist also
corresponding non-smooth bifurcations.
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Fig. 13.30 Discontinuous A
saddle-node bifurcation X

For instance, classical smooth saddle-node bifurcation can be displayed by the
following equation

X =FA)=A-|x]. (13.208)

The PSDS (13.208) does not contain fixed points for A < 0, whereas for A > 0 it
has two fixed points x* = £ (one of them is stable (solid curve), and one unstable
(clashed curve)—see Fig. 13.30).

The generalized Jacobian computed in (0;0) is equal to D F(0; 0) = —-2q+1
for 0 < ¢ < 1. The associated eigenvalue in the bifurcation point ¢ = [—1, 1]. For
q =0(q = 1) wehave o0 = 1 (0 = —1), whereas for g = % we have 0 = 0.

Although it is not difficult to construct the corresponding discontinuous partners
to the classical smooth bifurcations, we consider only one more bifurcation of the
following non-smooth system

X =F(;A) =+£x+

1
Y
x+2‘

1
X — EA‘ . (13.209)

The system has three stationary points x* = 0 (stable for A < 0, and unstable
for A > 0), and x* = A with the marked stability in Fig. 13.31.

Since two non-smooth vector field surfaces appear in the point (0;0), two
parameters ¢;, i=1,2 are needed to define a generalized Jacobian DF 0;0) =
2(q2 —q1) — 1, where 0 < ¢; < 1.Forq; = ¢ + % the associated eigenvalue
crosses the imaginary axis yielding the discontinuous pitchfork bifurcation.

One may also construct a discontinuous Hopf bifurcation, which is governed by
two following non-smooth equations
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Fig. 13.31 Discontinuous pitchfork bifurcation (supercritical (a) and subcritical (b))
: X1 2, 2, 1 2, 2 1
x1=—x1—wxz+— x1+x2+§A— x1+x2—zk ,
xl2 +x3
X2 = wx) — X2+ —F—— O,/xl—i-xz—i— /\‘ ‘,/xl—i—xz——/\‘)
2 + 2
(13.210)
Introducing the transformation
Xy =rcos®, Xy, =rsin® (13.211)
one gets
P Ly r=1
F=—r+|r+3A—=[r—3Al, (13212)

0=o.

For A < 0 the stationary point [x;, x,]7 = [0;0]7 is stable, whereas for A > 0
it becomes unstable, and a new stable periodic solution with the amplitude r =

,/xlz + x% appears (a supercritical bifurcation).

13.6.6 Bifurcations of Periodic Orbits

A similar idea of generalized derivative can be used to trace periodic orbits yielded
by a non-smooth vector field. A so-called generalized fundamental matrix is defined
via relation

d=0-q¢ +qo™, (13.213)
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Fig. 13.32 Two paths of
eigenvalues during fold-flip
(2) and Neimark—Sacker (/)
discontinuous bifurcations

where 0 < ¢ < 1. For A = A* we have two values ¢ = ¢~ or¢p = ¢t (¢~ =

lim ¢; T = lim ¢). Two typical discontinuous bifurcations, i.e. Neimark—
A—A* A—A*
A<A* A>Q*

Sacker and fold-flip are shown in Fig. 13.32.

The unit circle of complex eigenvalues plane is crossed via a jump by a pair
of complex conjugated eigenvalues and it is referred as the discontinuous Neimark—
Sacker bifurcation. A real eigenvalue can jump from inside of the unit circle through
either —1 (discontinuous period doubling or flip bifurcation) or through +1 (fold
bifurcation). However, a real eigenvalue 0 < —1 can also jump over the circle
getting new value o > 1. This discontinuous bifurcation is called fold-flip (path 1
in Fig. 13.32).

The described simple smooth and they corresponding non-smooth bifurcations
have relatively simple geometrical interpretation (see Fig. 13.33).

One-dimensional Poincaré map in the vicinity of smooth saddle-node bifurcation
(Fig. 13.33a) does not intersect the line x;4; = x; for A < A*, is tangent to this
line for A = A*, and possesses two intersection points for A > A* (the last case
corresponds to two periodic orbits of an associated dynamical system). The Poincaré
map of non-smooth saddle-node bifurcation touches x; +; = x; in non-smooth point
(cusp), and hence it has different left-hand side and right-hand side derivatives.

In Fig. 13.33b for smooth period doubling bifurcation one-dimensional Poincaré
map intersects x; +; = Xx; in the point, where the associated derivative is equal to —1.
On the other hand, in the case of non-smooth period doubling bifurcation (dashed
lines) the associated Poincaré map intersects x;+1 = x; in the cusp and it has two
different values of a derivative.

To sum up, the situation of classification of possible non-smooth bifurcations
is far to be completed. As it has been already mentioned, such bifurcation may
have their analogues in classical smooth bifurcations or they can be combinations
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Fig. 13.33 Poincaré maps displaying saddle-node (a) and period doubling (b) smooth (solid
curve) and non-smooth (dashed lines) bifurcations

of a sequence of such smooth bifurcations. However, there are also non-smooth
bifurcations which have not their analogy in smooth systems.

The earlier briefly described C-bifurcations or border collision bifurcation are
also locally analysed using piecewise smooth local modes in [78-80, 82, 92].
The popular grazing bifurcation is classified through estimation of real eigenvalues
of a map, which are less than —1 and larger than +1 on both sides of a discontinuity.
However, the Neimark—Sacker bifurcation is not discussed.

Almost nothing is done in the field of global non-smooth bifurcations and local
non-smooth bifurcations occurred in high dimensional systems.



Chapter 14
Optimization of Systems

14.1 Introduction

A phenomenon of optimization occurs in both the nature and human activity. Stems
are built optimally, a sunflower is filled with grains optimally and also hunting dogs
chase a fox optimally. For the first time, the problems of optimization were met by
the Greeks, who knew that:

(i) acircle is a figure of the smallest circumference with the fixed area;
(i) a ball is a figure of the largest volume with the fixed area;
(iii) an equilateral triangle is of the biggest area of triangles with fixed
circumference.

Foundations of contemporary optimization are connected with variational calcu-
lus and the brachistochrone problem, stated by Bernoulli in 1969 which was solved
by him 1 year later. In a gravitational field, one needs to find the curve joining
two points (not lying on a vertical line) along which a particle falling from rest
accelerated by gravity travels in the least time (we neglect friction). In physics,
this problem is connected with the Fermat principle: a light ray passes through two
points along such a curve that the time of motion along the curve is shortest.

Euler is regarded as a creator of the variational calculus, and Lagrange is regarded
as a main representative. Presently, variational principles are commonly known and
applied in various domains of science, such as:

(i) biology and optics (the Fermat principle);
(i) mechanics, electrotechnics and elektronics (the Hamilton—-Lagrange, Jacobi
and Dirichlet principles);
(iii) mechanics and strength of materials (the Castigliano—Menabrei principle);
(iv) geometrical optics (the Hilbert—Malus principle);

© Springer International Publishing Switzerland 2014 487
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(v) Maxwell’s equations in electrodynamics (the Nother and Bessel-Hagen prin-
ciples);
(vi) electrostatics (the Friedrichs principle).

14.2 Simple Examples of Optimization
in Approximative Problems

Consider a problem solved by Steinhaus [222] (Fig. 14.1).
For a given convex function F(x) in the interval [a,b] we seek a linear function

o(x) =mx +n (14.1)

which minimizes the following functional

b
J :/|F(x)—G(x)|dx. (14.2)

This means that a hatched area in Fig. 14.1 should have the smallest value.
Steinhaus showed that the sought points are as follows: ¥ = (3a + b)/4 and
v=(3b+a)/s

Substituting (14.1) into (14.2) we get

J =

St

(F(x) —mx —n)dx = fu(F(x) —mx —n)dx
a (14.3)

+ (mx+n—F(x))dx+fb(F(x)—mx—n)dx.

St~

Next, we seek the minimum of (14.3) with respect to m and n. We obtain

A

F,G

Fig. 14.1 Linear
approximation ¢ of the . :
convex curve F' a u v b

R‘F
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a; [ 5
J u
— = /(—x)dx + (F(u) —mu—n)—
dm am
a

b
+ /(—x)dx —(F(v) —mv — n)g—;

—}——/(—x)dx—(F(v)—mv—n)aa—; + (F(u)—mu—n)aa—’i

:—%(uz—az)—%(bz—vz)+%(v2—u2):O,

since F(#) = mu + n and F(v) = mv + n.
After transformation we get

2_b2
#—&:az . (14.4)

Similarly, we find

u v b
d—J:—/dx+/dx—/dx
dn

—(u—a)+ (w—u)—(b—-v)=0.

or

a—>b
7

u—"uv=

(14.5)

Comparing the expressions (14.4) and (14.5), we get the following relationship
u+v=a+b. (14.6)

Adding up and subtracting corresponding sides of (14.5) and (14.6), we get
abscissae of the points given by Steinhaus.

Markov pointed out that if the function F(x) is continuous in the interval [a,b],
and if the difference F(x)— P,(x), where P,(x) = oo +a1x +-- -+, x", changes
the sign only at the points

a+b_b—a km

L ok=1,....n+1, 14.7
2 2 ) ne (14.7)

Xk =
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then the following inequality holds

b b
/ F(x) = P dx < / F(x) — 0, ()] dox. (14.8)

where @, (x) is any polynomial of at most n degree, and the sign in the equ-
ality (14.8) appears for Q,,(x) = P,(x). For a particular case, it follows from (14.8)
that

P,(xx)=F(xp), k=1,....,.n+1. (14.9)

This means that knowing (e.g. from measurements) values of the functions
F(x1),..., F(x,41), we can determine a polynomial P,(x). On the other hand,
Lagrange interpolation formula allows to evaluate P,(x). Having the abscissae xj
determined from the formula (14.7), we build a polynomial

wx) =@ —x)(x—x2)...(x — Xp41). (14.10)
The polynomial P, (x) takes the form

n+1

P (x) = ZF(xk) W) (14.11)

— x)w(xe)

Necessity of applying the interpolating formula (14.11) follows from the fact that
we do not know if the polynomial (14.9) is the best approximation.

Let the function F(x) be approximated by a parabola of the second degree.
According to Eq. (14.7) we have the following abscissae (nodes)

a+b b-—a T a+b b—a 2
x| = — cos — = — -
2 2 4 2 2 2
xz=a+b—b_acosz=a+b, (14.12)
2 2 2 2
a+b b—a 3t a+b b—a 2
X3 = — cos — = -
2 2 4 2 a 2

14.3 Conditional Extrema

In most cases encountered in the nature and technics, additional constraints are
imposed on problems, which deals with seeking of extrema of functions within their
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domain of definition. This problem reduces to finding a minimum of a real function
F(u) of a domain of definition D C R" and with imposed constraints of the form

Giu=0, i=1,....m, m<n. (14.13)
Suppose that using m Eq. (14.13) we determine the following relationships

upy = gl(um+1,...,u,,)

(14.14)

Up = gm(um+17 e ,“n),

i.e. we have determined m variables u; as functions of remaining n — m variables.
Although, previously our problem was connected with the minimalization of the
function

Fuy,up, ... ity g1, ..., Uy) (14.15)

with the constraints (14.13), then now according to (14.14) our problem boils down
to minimization without constraints of the function

F(glsg27--'vgmsum+lv"'7”}1):0- (1416)

It turns out that it is possible only for very simple cases. In the case of algebraic
equations of degree n > 5 and transcendental equations such a procedure is not
possible because we cannot “resolve” the constraints (14.13).

One can see this clearly in the case u € R?. The function Gy (u;, u) can possess
three following forms:

Gi(uy, uz) = u? +u3 =0, (14.17)
and a solution is one point u; = uy = 0; or
Gi(uy,u2) = ud +u3+2 =0, (14.18)
and solutions of this equation do not exist; or finally
Gi(u,un) = 2 +u3 —2 =0, (14.19)

and a solution is infinitely many points lying on a circle.

As one can see by the above examples, significant and difficult questions arise.
Is there any continuous curve u, = g(u;), whose all points satisfy G (u;, uy) = 0,
and is it unique? Thus, the problem concerns estimation of local character of
the function gj(u;,us) in the neighbourhood of the point (u,u) satisfying
g(u(l), ug) = 0. One makes use of the Implicit Function Theorem given below.
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Theorem 14.1 (Implicit Function Theorem). If the function g(u,uz) have
continuous partial derivatives g,, and g,, in a neighbourhood of the point (u(l), ug)

and if
uy (U}, u9) = 0 and gy, (u}, u9) # 0, (14.20)

then

(i) there exists such § > 0 that for each sufficiently small ¢ > 0, and for each value
of u—8 < uy < ul+38 there exists a unique function uy(uy), which is a solution
to the equation g = 0 in the interval ug —e<u < ug + &

(ii) the function uy(uy) is of class C' in the interval (ul — §,u3 + §), i.e. it is
continuous and has first continuous derivative, which is determined by the
formula

_ 8uy (U1, u2)

, (14.21)
8ur (U1, u2)

uy(uy) =

while uy = up(uy).

The above theorem can be easily generalized into a system of implicit functions.
Note that if there is no constraint G, then a stationary point (uj9, uy) of a
function

F(I/tl, I/tz) =0, (1422)
is determined by the equations

8F(u1, I/lz) _ 0’

8u1

(14.23)

OF (uy, up)
0,

8142

since their solution allows to obtain u;g, uo.
Since the increments u; and u, are arbitrary, the exact differential also vanishes

oF oF
dF = duy + — du, = 0. (14.24)

duy u =u1o dur W=
Let us introduce a constraint

Gl(ulo, I/tz()) =0. (1425)
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Fig. 14.2 Graphical
illustration of existence of the
constraint function extremum

C=F (u,u,)

G, (u,,u,)=0
C,<C,;<C,

u,

Note that also Eq. (14.24) will stay valid but not for all differential increments
du, and du,. These increments must satisfy the additional equation

G,
3u1

G
du1 + —1

dG, =
! auz

duy = 0. (14.26)

20

u1o0

The Jacobian of the homogeneous equations (14.24) and (14.26) reads

OF  OF
9
J (F’ G‘) s =0 (14.27)
ui, uy G, 0G;

Juy Az Ny iy

We mention here the geometric interpretation of the considered problem given in
[102] (see Fig. 14.2).

The function F(u) = C;,i = 1,2,..., C; < Cj41, possesses a minimum at
the point 0. On the other hand, a graph of the constraint function G (u;, u) = 0 is
represented by a solid curve. Increasing the value of C; for some i = I, the curve
F(uy,u)Cy will possess a tangent point A with the curve G (i1, u) = 0. This point
determines the minimal value of the function F(u) with constraints. The straight
line in the figure passing through the point A is tangent to both the curve G(u) = 0
and F = constCy.

In the case of F' = const by Eq. (14.24) we get

dM20 _ 8F/8u10

=— , 14.28
dlzl]() 8F/8u20 ( )
whereas in the case of G (uj, uy) by Eq. (14.26) we find
0 0G/0
un _ _9G/0u (14.29)

dure  9G/uz’
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By Egs. (14.28) and (14.29) we obtain

OF 3G 9F 3G

— =0, 14.30
Ouip dupg  Aung duyo ( )

what follows from (14.27).

This method can be easily generalized to the case of seeking the extremum
of a function of several variables at many constraints [102], but it turns out that
evaluation of determinants of high degree is laborious.

We will briefly describe more often applied method, namely the so-called method
of Lagrange’s multipliers.

In the considered two-dimensional case, Eq. (14.30) can be written in the form

8F/8u10 8F/8u20
- =_1, 14.31
8G/8u10 8G/8u20 ( )

where the constant A is called the Lagrange multiplier. By Eq. (14.31) we get

oF G

— 4+ A— =0,
duio + duyo
(14.32)
F G
auzo 3u20 o

In the considered stationary point A(ug, uz9) gradients of the functions F and
G are colinear and of opposite signs. The multiplier A represents sensitivity of the
function F' on change of the constraints of G at the point (uy, u29), if 3G/dujy 7 0
and aG/auz() 75 0.

Note that after introducing the notion of the Lagrange multipliers, the func-
tions (14.32) can be understood as existence conditions of a stationary point of the
function F + AG without constraints. The initial problem, which relies on finding a
stationary point (u1¢, tzg) of the function F(u;, uy) with the constraining condition
g(uy1,uz) = 0 has been reduced to the analysis of the function F' + AG of three
unknowns u1g, uzo and Ao, but without constraints.

The performed reasoning can be easily repeated in the case of seeking the
extremum of the function F(uy, ..., uy, vy, ..., V) with the constraints
Gi(uy, ... up,v1,...,0y), 1 =1,...,1.

The Lagrange idea (multipliers) comes from considerations concerning mecha-
nical systems.

14.4 Static Optimization

The static optimization is used in various problems concerning design which leads
to e.g. optimization of construction with respect to various criteria as well as in
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xV

X,

Fig. 14.3 An objective function f : X — R!

problems concerning organization of undertakings in various branches of economy
and management. A problem of static optimization occurs, when both objective
functions and limitations have the form of algebraic relationships. Problems of
dynamic optimization are reduced to static optimization by discretization of time
and spatial variables. It is commonly applied in e.g. dynamical analysis of plates
and shells [25].

Decision variables, in problems of static optimization, are real numbers and form
a vector of the decision variables x = [x1,...,x,]7. A set X, where

x € X CR", (14.33)
is called a set of admissible decisions, and is bounded and closed (compact).
An objective function is called a mapping f : X — R! ordering the set X

(Fig. 14.3).
The mapping f should have the following property:

VixL,x) €X, x=x2—> fx1)= fx2). (14.34)
Ordering the set X with the function f is defined by means of equivalence relation

fx) # f(x) & x1 < x, (14.35)

a symbol “»” is understood as “x; is not better than x,”
A strict order of the set X we obtain for an injective function, i.e. such that

V(x1,x2) €X, x; #x26 f(x1) # f(x2) (14.36)
and it is defined as follows

V(x1,x2) € X, f(x1) < f(x2) € x; <x2. (14.37)
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A global maximum (minimum) of a function f(x) inaset X is called an element
x* € X such that there does not exist any better element than x, i.e.

Vxe X, f(x*) % f(x) (14.38)

and respectively

Vx € X, f(x*)# f(x). (14.39)

The problem of static optimization reduces to the determination of x* € X.
It is enough to consider a problem of maximalization of f, since a problem of
minimalization can be easily reduced to the problem of maximalization by taking

—f,ie.

max fx) = Eéi)ffl[—f(x)],

x* = argmax f(x) = argmin[— f(x)]. (14.40)
xeX x€X
The function f(x) can possess in the considered set X one or many global
maxima, or none (the reader can easily find such cases).
The element x* is a strict global maximum in the set X if the following strict
inequality is satisfied

VyeX, f(x*)> f(x). (14.41)

Theorem 14.2 (Weierstrass). If X is a compact set and the function f(x), Vx €
X is continuous, then a global maximum of f(x) exist and can occur inside or on
the boundary of the set X.

We skip the proof of this theorem (see e.g. [107]).
An element *x € X is called a local maximum of a function f(x) if in the ¢

-neighbourhood of the element *x the function f(x) does not attain values greater
than f(*x), i.e.

e>0: f(*x)= f(x), Vxel[XnN ()]

(14.42)

Note that in the case of a function f(x), x € R!, the problem of minimal value
reduces to equating the first derivative f!(x*) = 0 to zero and f!l(x*) < 0.
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14.4.1 Local Approximation of a Function

Since we have already mentioned about local extrema of function, we need to
emphasize that problems of optimization are connected with a local approximation
of function.

Taylor expansion in a neighbourhood of a point x( has the form

£
EDY %(x — x0)", (14.43)
n=0 ’

where [ = 3 ; (xo) Not every function can be Taylor expanded. If we want to
take only N terms in the series (14.43), then

N n

£ = fany + 3 L0

)(x —x0)"+ O (|x — x0|N> , (14.44)

where the symbol O <|x - x0|N ) means that terms of indices n > N will decrease

faster than |x — x0|N (they are small in comparison with |x — x0|N).
The first-order approximation has the form

1) = ) + L)

(x — xo), (14.45)

and the second-order approximation has the form

1.d? f(xo)
2 dx?

f( 0)

f(x) = f(xo) + — 2 (x — x0). (14.46)

(x —x0) + 5
Consider a vector x € R" and introduce Euclidean norm of the form
Ixl = /> xP. (14.47)

The quadratic approximation of f(x) around the point x¢ has the form

af (xo)

f(x) = f(xo) + Z

i=l1

('xl xlO)

(14.48)

f(XO) (-xz Xio)(x; —xjo) + O (||x - x0||2) ,

Z

i=1j=1
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where: x = (x,... ,x,,)T, X0 = (X10,...,%s0)". Let us introduce a notion of
gradient of a function f, namely
af  9f af
Vi=—,—,..., , 14.49
Y (8x1 dax, dx;, ( )
Next, we introduce a matrix called a hessian
2f B
3)(% ax1x,
Vf=H= : Co- (14.50)
A o
X1 ax?
We define a vector of perturbations
0xX = X — Xo (14.51)
and a function of perturbations
If = f(x) = f(xo). (14.52)

Equation (14.48) can be written in the form
1. 7 2
Of = Vf(x)ox + 30x" H(xo)dx + O <||3x|| ) (14.53)

where H is a square and symmetric matrix.

First, we considered x € R!, next x € R" for the case of one function f,
and now our considerations can be generalized onto a vectorial function f(x) =
[£1(X), fo(x). ..., fin(x)]". In this case, gradient of the function (vector) is replaced
with a matrix, called Jacobian, of the form

LUIR V7Y

af dx, dxy,

so=J=| C | =IVA VAV (14.54)
dx| dx,,

14.4.2 Stationary Points and Quadratic Forms

Assume that a function f(x) possesses a minimum at the point f*(x*) = min. The
necessary condition of existence of the internal minimum is

f(x*) =0. (14.55)
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Points x* satisfying this condition are called stationary. This condition is
necessary since it can be satisfied also at points, which are not local minima. In
the case of a singular point, by Eq. (14.53) we get

1
Afe = EaxTH(x*)ax, (14.56)

and this allows to conclude that:

If the necessary condition (14.55) is satisfied and Hessian of the function f(x)
is positive definite at the stationary point x«, then this point is a local minimum.

In practice, positive definiteness of V2 f is reduced to a diagonalization condition
of Hessian. A function

f(x)=xTHx (14.57)

is called a quadratic form. The quadratic form (14.57) is called positive (negative)
definite, if Vx € R" and x # 0 attain positive values (negative).

A quadratic form is called semi-positive (semi-negative) definite, if Vx € R" it
has non-negative (non-positive) values.

A quadratic form possessing any values is called sign-indefinite.

Similarly, we define Hessian H . Character of a quadratic form is determined by
means of eigenvalues of the matrix H, i.e.

det(o] — H) = 0, (14.58)

where [, x, 1S a unit matrix.

If the matrix H is symmetric and their elements are real, then its eigenvalues are
real numbers. The classification of stationary points and quadratic forms (function
f(x)) was given in Table 14.1.

One can show, on the basis of the definition of concave function (see further
considerations), that a semi-negative (semi-positive) definite quadratic form is a
convex (concave) function. A semi-negative (positive) definite quadratic form is a
strictly concave (strictly convex) function.

In order to evaluate the character of the matrix H one needs to evaluate the values
of n major subdeterminants of the matrix H called the Sylvester determinants.

If determinants of the Sylvester matrix H are positive (non-negative), then the
matrix H is positive (semipositive) definite. However, if we want to know if H is
negative or seminegative definite, then we need to reduce the problem to the earlier
described one by introducing the matrix-H .

14.5 Convexity of Sets of Functions

In order to introduce a notion of a convex function we will consider a function f(x)
illustrated in Fig. 14.4.
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Table 14.1 Classification of quadratic forms [107, 192]

Types of functions

Eigenvalues o; | det H f(x) H and stationary points
o <0 detH #0 |[xTHx <0 H < 0 | Strictly concave function;
strict global maximum
g >0 detH #0 |[xTHx >0 H > 0 | Strictly convex function;
strict global minimum
0, <0 detH=0 [ xTHx<0 H < 0 | Concave function;
Viio;, =0 global maximum;
peaks
g >0 detH =0 |[x"THx >0 H > 0 | Convex function;
Viiop=0 global minimum;
valley
0; #0 detH#0 |x"Hx € R! Regular saddle point
Viioi =0 det H =0 |x"Hx € R! Singular saddle point

Fig. 14.4 Geometrical 7
interpretation of convexity of f(x)
a function f(x)

f(x)

¥ 9% X, X

The following properties of a convex function follow from Fig. 14.4

(i) tangent 2 at any point of the function f(x) will never intersect the graph of the
function;
(ii) secant 3 is located above the function f(x;) < f(x) < f(x2).

The property of local convexity ensures the existence of minimum, while the
property of global convexity ensures the existence of global minimum.

A set X is convex is for any two elements (x;, x,) € X all the elements belonging
to a segment of the line connecting x; and x, belong to X (Fig. 14.5a).

A set § € R" is convex if for all two points x; and x; belonging to S a point
(see Fig. 14.5b)

x(A)=Ax1+ (1 —=A)xp, VAe]0,1]. (14.59)
Definition 14.1 (Of a Convex Function). A function f(x) = f(x1,...,X,)

defined on a convex set S € R”" is called convex, if for any two points x,x; € S
and for all A € [0, 1] the inequality holds
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b
Xz
a
X,
X@

Fig. 14.5 Convex set (a) and nonconvex (b)

B f(x) A g f(x) &
fix,)+f(x.) ’(';x) ‘
? T fix)+f(x) | 1
X, +X 2
f( 2 ) [
0 X, X, ¥, X, X 0 X, X, +X X, X
2 2
Fig. 14.6 Convex (a) and concave (b) functions
SAxi + (1 =2A)xa] < Af(x1) + (1 =24) f(x2). (14.60)

This means that if the function f(x) is convex, then a segment connecting any two
points of f(x) lies on or over f(x).

Definition 14.2 (A Concave Function). A function f(x) defined on a concave set
S C R" is called concave, if for any x;, x, € S and for all A € [0, 1] the inequality
holds

SAxi+ (1 =2)x2] = Af(x1) + (1= 4) f(x2). (14.61)

If f(x) is concave, then every segment connecting any two points lies on or under
the surface f(x). Convex and concave functions for A = 1/2 and x € R' are
illustrated in Fig. 14.6.

If in the inequalities (14.60) and (14.61), only strict inequalities occur, then we
obtain a definition of a strictly convex and concave function.

In Fig. 14.7 one presented a graph of a function f(x), which is neither convex
nor concave in the interval [x;,x4]. However, in the intervals [x,x,] and [x3,x4] the
function is concave, and in the interval [x,,x3] the function is convex.

Below, we give properties of convexity of a set and function.
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f(x) A

Xy X, X, Xs X

Fig. 14.7 Function piecewise convex and concave

(i) If S is a convex set and @ € R, then a set oS is also convex.
(i) If Sy, S, are convex sets, then a set S| + S, is also convex.
(iii) Intersection of two convex sets is a convex set.
(iv) If f1, f> are convex functions on a set S, then f; + f5 is also a convex function
on the set S

Theorem 14.3 (A Convex Optimization). If f(x) is a concave function on a
convex set X, then each local maximum is global in the set X .

Proof of this theorem is given in [107].

Theorem 14.4 (A Differentiable Function). A differentiable function is convex if
and only if its hessian is semi-positive definite in a whole region of convexity.

14.6 Problems of Optimization Without Constraints

This problem relies on determination of x* € R" (an admissible set is the whole
R™) such that

f(x*) =max f (x), Vx € R, (14.62)

where: f : R" — R and the function is of class C 2 j.e. is continuous and twice
differentiable with respect to x.

According to definition (14.49) a gradient of a function V f determines a
direction of the largest growth of the function f (x) at given point (see Fig. 14.8).

Now, we will show what condition the point x = x* being a local maximum of
the function f (x) in R" must satisfy (see Fig. 14.9 for R?).

For a local maximum x = x* we have

Vre>0: f(x*) = f(x* +er), (14.63)
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Fig. 14.8 Direction of the X, 4
gradient for x € R?

X
V(X)) A
~10) .
( / X
vf(x,)
X
Fig. 14.9 Increment of the X, A AX=€r
vector Ax = er in the
neighbourhood of a point x*
In=1
X*
0 X
X;

and after Taylor expansion of the function in the neighbourhood of x = x* we
obtain

f(x*+er)=f(x*)+eVf(x*)r+ %serH (x*)r + 0 (%) (14.64)
Substituting (14.64) into (14.63) we get
Vf(E")r+ %serVf (x*)r+o0(e) <o. (14.65)
With the condition ¢ — 0 by (14.65) we obtain
Vf (x*) r <0, (14.66)
and for arbitrarily chosen direction r this condition can be satisfied only if

Vf(x*)=0. (14.67)
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Table 14.2 Conditions of local optimality

First-order necessary | Second-order Sufficient Character

conditions necessary conditions | conditions of the point

Vf(x*) =0T H((x*)<0 H (x*) <0 |Local maximum
H((x*)>0 H (x*) > 0 | Local minimum
H (x) is sign-indefinite Saddle
H((x)=0 One needs to take

higher terms of the
Taylor series

The obtained condition (14.67) is called a necessary condition of the first order
for local maxima at the point x*. Hessian, evaluated at the stationary point, decides
about the character of the stationary point x = x*.

If x = x™ is a stationary point, and moreover

H (x*) <0, (14.68)

then at some directions of the perturbations Ax of the point x* the function f (x)

can decay, and at the other directions, no changes are observed. In this case we

cannot distinguish between maximum and saddle, hence the condition (14.68) is

only so-called necessary condition of the second order for maximum of a function.
The sufficient condition of maximum at the point x = x™ has the form

H (x*) <0, (14.69)

i.e. the hessian at the point x* should be negative definite.

In Table 14.2 of [107], one gave the necessary and sufficient conditions of local
optimality.

The sufficient conditions determine a stationary point as a local strict minimum
or maximum. If f (x) is a concave function, the fact that the point x* is stationary
is a necessary and sufficient condition for x* to be a global maximum (minimum).

If f (x) is a strictly concave function (strictly convex), then it possesses exactly
one stationary point, which is a global strict maximum (minimum).

14.7 Optimality Conditions of a Quadratic Form

Consider a quadratic form

1
fx)= ExTHx +aTx + b, (14.70)



14.8 Equivalence Constraints 505

Qgﬂx} increases

f(x) increases JJ
H>0 /
f(x) mcrsases
— x,' | I \ X 1
(j Lj f(x) incre asﬂ H sign-indefinite

Fig. 14.10 Isometric curves and directions of growth of the function f (x)

/

f(x) increases f(x) decreases

where H, x, is symmetric and H # 0; a is a vector of dimension n; H is a hessian
of the form f (x), and b is a scalar.
Differentiating (14.70) we get
Vix)=(Hx+a), (14.71)
and the condition of stationary (14.67) has the form
Hx+4+a=0. (14.72)
The above linear vectorial equation possesses a solution if and only if
H =rank (H,a) (14.73)
If (rank H) = n, then det H # 0 and Eq. (14.72) possesses a unique solution
x*=—H 'a. (14.74)
If (rank H) < n and (14.73) is satisfied, then Eq.(14.72) possesses infinitely
many solutions, which can have maxima, minima and singular saddles.
For the case x € R* and for H < 0, H > 0 and H, sign indefinite one showed

graphic illustrations of isometric curves (Fig. 14.10),1i.e. f (x) = const in Fig. 14.8,
which was taken from the work [107].

14.8 Equivalence Constraints

A problem of optimization with equivalence constraints relies on determination
x* € X, satisfying

Vx* e X, f(x*) =max f (x), (14.75)
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where the admissible set X has the form
X={xeR": a(x)=b}, (14.76)
while
f:R"—-> R a:R"—- R".m<n, beR™

In order to illustrate the problem we will consider the case n = 2, m = 1. In this
case we have

a(xi,xp) = b, (14.77)
and assume that the above function can be presented in the form
Xy =g (x1). (14.78)

Substituting (14.78) into the objective function (14.75), the problem reduces to
the determining

S ¥t g (7)) = max f[x1. g (x,)]. (14.79)

Having x| (14.78) we find
Xy =h(xy). (14.80)
The sufficient condition of local optimality has the form

ar _ o | f dg

= J 25 . 14.81
dxl 8x1 ag dxl ( )

or including (14.78)

o, f dn

=0. 14.82
8x1 8x2 dxl ( )

Let us take into account the constraining equation (14.77), which implies

9 9
da = Lax, + L gx, =0. (14.83)
ox1 dxo

We will further assume that a point (xl*,x;) is a regular point. Let in its
neighbourhood
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9o, (14.84)
aXQ
Hence by (14.83) we obtain
dx; _ _3a/8x1 (14.85)
dx 0a/0x2 | (yx ) ’

The necessary conditions of optimality are determined by Egs. (14.82)
and (14.84) which imply

o da
8xk Zaxk

where: z = /s As we can see, we have two equations (14.86) and the
constraining equation (14.77) to our disposal, and three unknowns, i.e. x1, x» and z.

Equation (14.86) can be written in the equivalent form

=0, k=12 (14.86)

(s

f /9x,
af /0x2

_ _8a/8x1
sy 94

(14.87)

(x{"x3)

Note that the left-hand side of the above equation equals —dx,/dx; (see (14.82)
for df = 0, i.e. f = const). The right-hand side of (14.87) equals dx,/dx,
(see (14.82) for da = 0). Finally, Eq. (14.87) takes the form

ax
dxl

_ dXQ
f =const  {dx,

(7", %3)

which allows for geometric presentation of the local optimality condition
(Fig. 14.11).

Figure 14.11 shows that at the point (xf‘, x5 ) satisfying the necessary conditions
of optimality, the curve a (x;, x,) = b is tangent to the isometric curve f = const.

(14.88)

u(x;k,x;)=b

14.9 The Lagrange Function and Multipliers

Let us introduce Lagrange’s function of the following form
L(x1,x2,2) = f (x1,x2) +z[b —a (x1,x2)] . (14.89)

For x|, x] this function must satisfy the stationarity conditions of the form
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X
X
0 xf' X,
Fig. 14.11 Geometric interpretation of Eq. (14.88)
AL df  da
— = —7— =0, 14.90
X X Zaxk ( )
aL
A =b—a(x;,x2). (14.91)
z

As one can see, the conditions (14.90) and (14.91) are in accordance with the
earlier obtained conditions (14.86) and (14.77). A new introduced variable z is the
Lagrange multiplier of interpretation, determined by the equation z = gj; ;g;‘; . Now,
let us consider a general case n > 2,m > 1 and m < n, and apply the direct method.
From m constraining equations

b—a(x)=0 (14.92)

we determine m variables x™ = (x1,..., xm)T as a function of the remaining n — m
variables X" ™" = (X;y+1, . . . ,xn)T, ie. let

X" =gx"™), g:R"" > R". (14.93)

We obtain the necessary conditions of local optimality

f T T
—==7G(x)=0",
- W (14.94)

b—a(x)=0,
where

= I (G ()], (14.95)
dxm
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dai(x) . da1(x)
x| Xy,
G(x) = . , (14.96)
0ay (x) e 9am(x)
x| dxy
dai(x) . da1(x)
x| X,
Gn (x) = . - (14.97)
9a, (x) e 9 (x)
dx] 0Xpm

where G () is the Jacobi matrix. Note that a system of Eq. (14.94) consists of n +m
equations of n +m variables (xy, ..., X,, 21, ...,Zn) . In order to determine x = x*,
the vector z should be uniquely determined by Eq. (14.95), which holds if and only if
rank G (x) = m. (14.98)
The above condition ensures that we have m linearly independent columns of the
matrix G (x), so the matrix [G,, (x)]”" occurring in (14.95) exists, and the vector z
is uniquely determined by the relationship (14.95).
In this case one can also build the Lagrange function
L(x.2)=fx) +7 [b—a)], (14.99)

where z = (zy, ... ,zm)T is a vector of the Lagrange multipliers. Below, there are
stationarity conditions of the Lagrange function

o _ U -71G(x) =07,
fr o (14.100)
aL\" ‘
(—) =b—a(x)=0,
dy

which are identical to the conditions (14.95).

We will not deal with the second-order necessary conditions, i.e. sufficient
conditions for existence of a global maximum (minimum) at the point x* in the
case with constraints (see e.g. [107]). Below, we give geometric interpretation of
the Lagrange multipliers. We will write the first equation of the system (14.100) in
the expanded form

Jke{l,....n}.

of (x*.2%) _ Y da; (x™) (14.101)

8xk =1 axk

At the stationary point, particular components of gradient of the objective
function are equal to the weighted sum of elements of the appropriate column of the
Jacobi matrix (14.96), while the Lagrange multipliers are the weighted coefficients.
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14.10 Inequivalence Constraints

Mostly, problems of static optimization concerning sets of decision variables are
given in the form of constraints of inequivalent type.
Our task is determination x* € X such that

f(x*) = max f (x), (14.102)
xex
where:
x={xeR": x>0, a(x)<b},
14.103
f: R*—-R'Y;) a:R"—R" beR". ( )
We will assume that f is of class C?, and the functions a;,i = 1,...,m are

of class C!. We do not assume any relation between n and m. We will solve the
problem in two stages. First, we will consider the case m = 0, i.e. when the decision
variables are not negative

x=(x,....x)7 >0, x € R". (14.104)

Let x* € X be a solution of the maximalization problem of f (x) in the set X.
Each component x;’ of the vector x* is characterized by the following properties:

(i) An optimal point x,’: lies within the set X (see Fig. 14.12)

x* > 0 while %’;) = 0; (14.105)

(i) An optimal point x;* lies on the boundary of the set X (see Fig. 14.12), i.e.

x* = 0 while %’;) <0: (14.106)
f A f A f
df(x?)
<0
Bf(X*) _ af(x*) X,
dx, 0 e =0
' K AX,
X*, xk' x*=0 xk' x*=0 X'k

Fig. 14.12 Possible positions of optimal points
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Cases (14.105) and (14.106) can be written in the following way

") o U ET)

Vje{l,...,n}, <0, =0, 14.107
A nt 00Xy oxp F ( )

or in the vector form
Vf(x) <0, Vf(x*)x*=0,x*>0. (14.108)

Now, we enter the second stage, i.e. X = {x € R",x > 0,a (x) < b}. Firstly,
let us introduce additional variables, called complementing variables of the form

s=b—a(x), (14.109)
where: s = [s1,..., 5] . Note that a (x) < b is equivalent to the inequality
s> 0. (14.110)

Our new task is determination x* € X in such a way that

[ (x") = max f (x),

(14.111)
X={xeR': x>0,s€R":5>0,b—a(x)—s=0}.

In such a new formulated problem, the equivalence constraints occur

b—a(x)—s =0, (14.112)
and constraints on non-negativeness n + m variables of the form
x>0, s=>0. (14.113)
Let us introduce the Lagrange function of the form

L(x,z,8): f@@+z[b—a(x)—s], (14.114)

where z is an m-element vector of the Lagrange multipliers. Constraints on non-
negativeness of x and s we introduce on the basis of the conditions (14.108)
applied to the Lagrange function (14.114). Necessary conditions of existence of
the maximum at the point x* € X are:

aL (x,z,5) <or dL (x,z,s) <oT dL (x,z,5)

, , or, 14.115
0x as 0z ( )
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oL (x,z,s))C _0 aL (x,z,S)s

=0, =0, 14.116
ox as ( )

x>0, s=>0. (14.117)

Differentiating (14.114) with respect to x, z and s, and eliminating the vector s
according to (14.109) we obtain

oL

oL of
- ox

= =07, 14.118
0x 0x ( )

oL
—IVfKx), —=-7,
da

At the maximum point, according to (14.115)—(14.118), the following necessary
conditions are satisfied

m—zTVf(x) <07, (14.119)
ox
[M —JVf (x):| x =0, (14.120)
ox
b—a@) z=0;b—a(x)=>0, (14.121)
x>0, z>0. (14.122)

The obtained conditions (14.119)—(14.122) are called the Kuhn-Tucker con-
ditions. Note that the inequality (14.122) goes into equality, when there are no
non-negativity of decision variables. If as the Lagrange function we use the
following one

L(x,2): fx)+z'[b—a®)], (14.123)

then the Kuhn—Tucker conditions at the point of maximum x* are as follows

M < ()T’ M > ()T’ (14.124)
ox 0z
oL (x, oL (x,
Mx =0, Mz =0, (14.125)
ox 0z
x>0, z>0. (14.126)

The Kuhn-Tucker conditions (14.124)—(14.126) are sufficient for existence of a
global maximum, if f (x) is concave and functions a;(x), i € {1,...,m} are
convex for x € X. If the mentioned conditions of concavity of f (x) and convexity
of a;(x) are connected with the neighbourhood ¢ of the point x*, then (14.124)—
(14.126) are sufficient conditions of local optimality.
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The considered problem of optimization with inequivalence constraints
and constraints on non-negativeness of decision variables is called a saddle
problem [109].

It turns out that the point (x*, z*) is a saddle point of Lagrange’s function, which
attains maximum with respect to x and minimum with respect to z

L(x,2*) <L (x*2%) <L (x*.2) (14.127)

for all x > 0,z > 0. It follows from (14.124) that in the case of a convex problem,
changes of x, (z) from the point (x*,z*) satisfying the Kuhn—Tucker conditions
cannot make the Lagrange function increase (decrease). During the iterations one
seeks the maximum with respect to x at z constant, and next the minimum with
respect to z at x constant, determined in the preceding iteration till the assumed
convergence is reached, i.e. saddle point.

14.11 Shock Absorber Work Optimization

14.11.1 Introduction

In this section we will illustrate computational problems occurring solving of the
optimization problems even for the simple linear oscillator with one degree of
freedom (e.g. [102]).

14.11.2 Optimization Example

Consider the autonomous system with one degree of freedom serving as a shock
absorber with mass m, stiffness k and damping c.

Dimensional motion equation governing dynamics of the one degree-of-freedom
mechanical system has the following form

mx +cx +kx =0. (14.128)

After the Laplace transformation we obtain

o0 o
L[X] = /)'ée_”dt = )'ce_”|g° +s/)'ce_”dt
0 0

o0
= —Xo+ 5 xe* |g° + 52 / xe Sldt= —xo — sxo + s*X (5);

0
[oe) 00

L[x] = /)'ce_“dt = xe |0+ s/e_”dtz —x0 + sX (),
0 0
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and after substitution into (14.128) we get

mxos + mxy + cxo

X =
) ms?+cs +k

(14.129)

Poles of the function X (s) are determined by the characteristic equation
ms®>+cs+k=0,

roots of which are

—c £+ Vet —4km
S12 = s
’ 2m

and therefore Eq. (14.129) can assume the form

Xo(s+ 5+ X
X (s) = O(—my) —_— (14.130)
(s —s1) (s —52) Xo
Make distribution (14.130) into simple fractions

xo(s+<+y) A B

(s—s1)(s—s2) s—s  s—5
and further
xo(s+%+y) =A(s—s)+ B(s—s1).
From the above equation we get a system of two equations
xXo = A+ B,

X0 (i + y) = —AS2 — BSl,
m

which yields
A= —XO(%+)7+S1)’
S2 — 81
B x0(£+y+sz)'

S2 — 81
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Finally, we get

X0 %+y+sl+ X0 %‘*‘)"*‘52

X (s) =—
() S2 — 851 S —85 S2 — 5 Nt ) (14 131)
X0 _%+y+s1+%+y+sz '
s — s s — 8 s — 8 ’

It should be noted that

+c c c2—4mk+c c c?2 —4mk
S _——=—— _——= — = —5 .
! m 2m 2m m 2m 2m 2
+c c c2—4mk+c c c?2 —4dmk
RY _= —— — —_ = — — = —S,
2 m 2m 2m m 2m 2m !

and from Eq. (14.131) we get

X Sy — S1 —
X(s) = — (2 y_ 3 y), (14.132)
S2 — 81 S — 95 S — 98

and after coming back to the time domain we obtain sought solution

() = 20627 i X012 Y) (14.133)
Sy — 81 §2 — 81

In the case of a double root of the characteristic equation we

¢ (14.134)

Slzszzsoz—%,

and applying transformations, we get

xo(s+<+y)  xo(s—s0)+x0(s0+ < +y)

X (S) = =
(s — 50)° (s — 50)°

T _i_xo(So—f-%—i-y)

5 =50 (s—s0)°

Because
c
S0+ — = % = —50,
SO
Xo X0 (S0 — ¥)
X (s) = - (14.135)
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which leads to the solution in the time-domain of the form

x (1) = x0e™ — xq (50 — y) te® = xo (1 — sot) €™ + Xote™'. (14.136)

For the roots s; # s, of Eq. (14.133), the following solution is obtained

X082 — Xo X081 — Xo
(1) = ot _ YOS X0 o (14.137)
Sy — 81 §2 — 81

Our goal is to determine the minimum time needed for extreme x () to appear.
It will depend on the roots s; and s,, what means that it depends on the choice of
the m, ¢ and k parameters. After a comparison of the first derivative (14.137) to zero

(necessary condition of extreme) we have

X082 — X X081 — X
i(r) = 2 TX0 e _TONTXOC er g, (14.138)
§2 — 85 S2 — 81
and hence
1 .
f = In [(xosz )_CO)S‘] . (14.139)
$2 — 81 (x081 — Xo) 52

Let us differentiate 7, sequentially in respect to s; and s,. We obtain

die 1 ln[(xosz—ffo)sl}
dsi (so—s1)° (X051 — X0) 52

|:(X0S2 — Xo) (X081 — Xo) $2 — X082 (X052 — Xo) 51 ]

1 (xo81 — Xo) 52
52 — 81 (X082 — Xo) 81

1 [ (x082 — Xo) 81 i| —Xo

-2
(X081 — X0) 52

51 (2 — 51) (X081 — X0)

- (52 —51)° (X081 — X0) 52
dt. 1 [(Xosz — Xo) 51i|
= — 5 In -
dsy (52 —51) (X051 — X0) 52

s1x052 (X081 — Xo) — 51 (X081 — Xo) (X052 — )'Co):|

2
(xos1 — %0)” 53

n 1 (xosl—ffo)sz[

52 — 81 (X082 — Xo) 81
_ 1 [(Xosz — Xo) S1i| Xo
(52 —51)° (X081 — X0) 52 52 (52 — 51) (X082 — Xo)

In order to determine the 7, minimum value due to s; and s,, we obtain
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1 1 |:(XOS2 — Xo) 51 ] Xo _
2 n . - . - 07
(52— 51) (xo51 — Xo) 2| 81 (52 — 1) (X081 — Xo)
1 1 |:(XOS2 — Xo) 51 ] Xo _
2 n . - . - 07
(52 — 1) (x081 — Xo) $2 52 (82 — 81) (X082 — Xo)

and therefore

’

) |:s1 (xosz—)'co):l Xo (52 — 1)
n

52 (X081 — Xo) 51 (X081 — Xo)

. . (14.140)
in |:S1 (X052 — xo)] _ Ko(sa=s) _
52 (Xos1 — Xo) | 2 (X082 — Xo)
From the above equations it follows that
Xo(s2—=81) _ Xols2—s1)
s1 (X051 —Xo) 82 (X082 — Xo)
or otherwise
) (X()Sz — fCo) =5 (X()S1 — Xo) . (14.141)
After dividing by x, the above equation we get
s2(52—y) =s1(51—Y), (14.142)
where y = X/ xo. Applying the transformation (14.141), we have
y(s2—81) =55 =},
or
y=2 g 4m=-C (14.143)
X0 m
Equation (14.141) yields
i to27 X0 (14.144)
52 X0S1 — Xo
After applying of (14.144) in (14.139), we obtain
1 2
1, = In (S—l . S—l) - |2 (14.145)
S2 — 851 S2 5 S2 — 81 A\
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The first equation of the system (14.140) implies that

| (Sl ()C()Sz—)'C()))_ -’-CO(SZ_SI)
n

52 (Xos1 — X0) J 1 (xos1 — o)

and taking into account (14.144), we obtain
2 g )
In (s_l) = -
52 S1 (Sl — ﬁ—g)

or otherwise

2
In (S—l) _Y(=s) (14.146)

5] si(si—y)

After taking into account (14.146) in (14.145), we obtain

1 2
[, = In (_) R
S — 81 $2 si(s1—y)

Bearing in mind that y = —c/m, and s; = et Ver—dkm W, we get
L — _ —2¢
. = =
1 (—_"Jr v C;‘”‘m“") 51 (c + M)
_ —dem (14.147)
(—c + Ve — 4km) (c + V2 — 4km)
_ —4cm ¢
S 2—4km—c2 k
According to (14.133), we have
X=X (1) = ——e (52— y) = (51 = y) e ) (14.148)
S2 — 81
and according to (14.145), we obtain
51 2
(s —51)t, = In (s_) . (14.149)
2

After substituting (14.149) into (14.148) we have
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x, = e ((Sz )= (s - () )

S2 — 81
xpeslle s1\2
=2 ((Sz -y) - (—1) (s1 — J’)) (14.150)
S2 — 81 52
Xge’le ) )
= 5——(550(2—y)—s7(51 =),
53 (82— 51) (5 : )

and after taking into account (14.142), we obtain

xge’tle

2
= ——— (52851 (51 — y) — 57 (51 —
s%(sZ—sO(ZI(l D)
(14.151)
xoe'te X081 (51— ) Site
=5 ———s51(51—y) (52— 51) = ———5——=e".
85 (52— 81) 52

On the other hand, according to (14.133) yields

X0

X, = ((s2—y) e — (s1 — y) ")
§2 — 81

X0

_ es2le ((Sz _ y) e—(Sz—Sl)l‘l _ (51 _ y))
S2 — 85

= X0 e ((S2 ) - y)) (14.152)

S2 — 81
2
X0 S
- e (Sm-n )
S7 — 81 87
X0

= 5" (s3 (52— y) — 57 (51 — ¥)).
s7(s2 — s1) (5 : )

Then repeated application of the (14.142), we obtain

Xxges2le )

= 5——— (5251 (51 —y) — 57 (51 — ¥)

s (sa—s1) ( ! )
xge*2le
=5 ———s1(51—y)(s2—51) (14.153)
57 (52— s51)

_ xpe’ (s; — y)
= ; .

After applying (14.151) and (14.153) we have
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Xos1 (51— y) Yo (s1— ) e 1 Hs2)te

X =X, X, = K (14.154)
) 51
and since
c
S+ 85 =—,
m
then
2 2
x5 (51— c
X2 = 0(1—2y)e—m’f. (14.155)
53
Note that
S1—Y —ﬁ+—"’22;14km+%_c+«/m_ |
s _e _N=wkm  _e_ 2 _4km
2m 2m
and hence, due to (14.155) and (14.147), we obtain
02
X2 = XZe im,
and finally the following extreme value is found
2
X, = £X,e 2%m, (14.156)

It remains to consider the case of a double root

c

51 =S2=—%.

After differentiating (14.136) and aligning the derivative to zero, we obtain

X () = —xose™ + xo5 (1 — s1) e + xgse*" + Xoste™
(14.157)
= —xos’te’ + %o (1 + st) e =0,
that is
t (fC()S — X()SZ) = —Xp
or in another form
% i 5
t, = 0 —_ %  _ _, (14.158)

Xos2 —Xos 2 — g s2—Js
X0



14.11 Shock Absorber Work Optimization 521

where y = f—g
Let us look for such s that

R A ) (14.159)

ds (52~ s)’
what leads to the finding
s= 15 X0 (14.160)
27 T 2y '

4
P S . (14.161)
¥

because f, = 47’” Reached extreme value of the shock absorber inclination is

X, = X (t.) = xpe’ [1 — 51, + Vt.]

_ ¢ 4m c 4m c 4m
=xpe ¢ [|] - —+ —— — . — (14.162)

If the initial conditions xy = 0, then
x (t) = xote*, (14.163)
while X (¢) = 0 leads to the equation
Xoe® + xotse’ =0,

and hence
e = — = —. (14.164)

In this case, the extreme is

2 2mi
X, = xpt e’ = xg et = X0 (14.165)
C ec

If the condition (14.160) is true for any time ¢, we get a perfectly working damper
without vibrations. This is due to the following reasoning.
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From Eq. (14.160) in the form

x(@) _c
0= (14.166)

we eliminate the constant ¢ and substitute it to the equation of motion (14.128). This
operation gives

)'CZ
¥—— +a’x =0, (14.167)
X

where a? = k/ m. Then let us multiply both sides of (14.167) by x to obtain

Fx—2+a’x?=0

or

Write the above equation in the equivalent form

% (f) tao?=o. (14.168)
X

After the first integration of Eq. (14.168) we have

X Xo
=+ =
X X0
and the second one yields
x (¢ t X
In L ==+ 2 )
X0 2 0
and hence
202 4 o
x (1) = xpe * 21’
or
_Lﬁ_Lt
x(t) = xpe mzZ m', (14.169)

It can be seen that in this case x (¢) disappears faster than is the case for an
exponential decay.
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At the end let us consider the case, where the roots of the characteristic equation
are complex conjugate of the form

Si2 =0Q tiw.

According to (14.138) we have

F(1) = —2—[(s2 = y) s1e" = (51 — y) s26] = 0,
p— Sl
that is
(s2—y)s1€'" = (51— y) s0¢7'",
and so
pror = B1ZN® (14.170)
(s2—y)s
Therefore we have
2wt =Inz. (14.171)

On the other hand,
Inz=In|z| +iargz,
and because|z| = 1 we get

Inz =1iargg,

‘ Imz
argz = arctan | —— | .
£z Rez

Let us transform (14.170) to obtain

=S (=5 |sP—ys

- == = ) 14.172
(s2=y)s1 Gi—=y)s1 |s]*—ys ( )
y
where 51 = 5, = 5.
Further transformation of Eq. (14.172) yields
) \2
(1" - »5) sI* = 2y Is|”5 + 75"
= 2 2 = 4 2 2 2 —
(1sf? = ys) (1sP? = 5) "+ 0215 =y s (5 +9)
(14.173)

Is|* =2y [s]7 @ + y? (@® —w?) +i (Zya) s> — y22aw)

5P (s + 32 = v (s +9))
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From the above equations it follows that

2
Imz 2yw |s|* — 2awy? _ 20 <|s| - o:y) y (14.174)
Rez |s|*— 2 2 (a2 2) 2 '
T =2y b+ 2@+ ) (15— ya) - 202
From Eq. (14.171) after taking into account (14.174) we have
2w (ISI2 - ay) y
i2wt, = iarctan 5 —i2km,
2
(ISI —ya) —yio?
and hence
1 20 [(@? + 0?) —«a
t, = — | arctan [( )2 y] J —2km. (14.175)
2w [02 4+ 02 — ay]’ — y2w?
Let us look for extremes of the equation
ot
&, (14.176)
o
and let us introduce the variable
u(@) = (&% + 0 — ya)’ — y’’. (14.177)

After taking into account (14.175) and (14.177), we obtain from Eq. (14.176)

ot, 1 du

O _ 1 00 _ 14.178
do 2w (1 + u?) du ( )

u 2wy B B 2
do [(Oﬂ + w? — ya)’ — yzwz]z <(2a Y) [(az + o~ ya) yzwz]

+ — (& + 0’ —ya) [2 (e + 0 — ya) 2a — y)]) =0,
and finally from (14.178), we obtain
Qo —y) [(az +w? - yoz)2 -y’ =2( + o’ — ya)z] =0,
this leads to the description

a=-y=--2" (14.179)
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Fig. 14.13 Timing diagram (described by Eq. (14.183)) modified for optimal shock absorber = =
5@@);2(b);0.8(0)

On the other side, we compute

die ! (arctanu — 2km) + L_1 du
- = u— T -
dw 2w? 201+ u?dw

1 1 1 du

__t —_— . —
w6+2a)1+u2dw

3

and therefore

. . ZT =0 14.180
2 142 do ¢ ( )

In accordance with the considerations carried out in the book [102] solution
of (14.180) is performed to find
1 X
wx =226 -— | = 2.260. (14.181)
2 X0

You can see that the time 7, reaches minimum due to «, and due to the w it
reaches the maximum in the point («x, @) and is equal to

fo = —0.6522. (14.182)
X0
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Designated critical point is a saddle (for # > 0 there have to be f—g < 0).
In Fig. 14.13 shows an example of function graphs

t t ct
O _ (1 _ C_) o (14.183)
X0 2m

for designed optimal shock absorber.



Chapter 15
Chaos and Synchronization

15.1 Introduction

New point of view, introduced into known definitions in mathematic and empiric
sciences by developments in nonlinear dynamic, provides novel interpretations of
one of many philosophical trends based on determinism and indeterminism. Until
now those two concepts were treated as mutually exclusive; however examples of
chaotic motions appearing in a simple physical, chemical or biological systems in-
dicate possibility that relationship between them exists. Even though, theoretically,
the determination of motion trajectory is possible by the introduction of the highly
accurate initial conditions, obtaining sufficient accuracy is impossible in practice.
This issue has much wider range, and as every real state of system is described
with a certain inaccuracy, it should be described as probability distribution and
not as numbers. This is the reason why in determined system we expect typical
for stochastic systems dynamics (it will be described and illustrated for a simple
mapping and ordinary differential equations further). This type of deterministic
systems motion, contrary to random variable systems, is called deterministic chaos.

In traditional physics and mechanics discrete and continuous systems can be
distinguished. The former are described by ordinary differential equations, and
the latter are described by partial differential equations. Proponents of differential
equations argue that ordinary differential equations yield sufficient accuracy for the
partial equation approximation. At the same time proponents of partial differential
equations give a lot of counter-examples and show that it is possible to study the
partial differential equations without the need to build on ODEs.

In mechanics there is more compromise to the situation, as often in this approach
continuous systems are approximated by discrete systems, even if the method is
based on rigid finite elements and its variations. For example, the beam can be
approximated as system of point masses connected by mass-less springs, also with
regard to attenuation. This kind of approximation gives very good results that
are sufficient for the needs of applications. Also the reverse approaches are often
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applied. As example can be given a system of many oscillators connected in series
with susceptible elements and performing planar movement. When there are large
number of masses, it can be treated as the continuous system and we can get a
full solution to the problem by finding a solution to partial differential equations
describing the vibrations of such modeled beam. This example shows the relativity
of concepts such as continuous and discrete systems and the ability to transition
from one to the other, which may be dictated by the needs of the researcher. And here
also, in the process of “continualization” that is in simulating continuous system
by increasing the number of masses and springs, ideal is not required, obtained for
example by increasing the number of masses tending to infinity as it is in impossible
in practice (see Chap. 12).

There appears deeper reflection on the basis of the above considerations.
Classical mathematical ideal was based on finding accurate solutions by any means.
Nature tells us, however, that this idealization is not only very expensive, but
sometimes even unattainable. That is why we should adapt nature’s guidelines
and try not to perform the computer simulation of infinite accuracy of the initial
conditions to find the “true” trajectory. Instead of this we should use tools in
advance adapted to assumed inaccuracies in the initial conditions. Moreover, such
an approach should not be seen as a painful abandonment of the pursuit of the ideal,
but as a new competitive face of mathematics in relation to the classical approach.
Absolute accuracy is an unattainable utopia for many aspects of nonlinear dynamics.

This is somehow the opposition to the classical position and can be clearly seen in
anew branch of mathematics, represented by asymptology. In this science achieving
ideals is deliberately dispensed. Absolute accuracy is also possible to achieve, but
only when the asymptotic series are coinciding. The main tools of asymptology are
based on the fact that these series do not have to be consistent. In short, this idea
can be interpreted as follows: convergent series describes the function y(t) = yo
for t — oo, and asymptotic series are described function for t = #y for y — yy.
Just a few dozen years ago, the idea of using the description of the phenomena using
divergent asymptotic series seemed ridiculous.

Here we quote one more argument against achieving ideal at any cost. Even if
we have a few (completely accurate) particular solutions of an analysed dynamical
system, we cannot take full advantage of them. It is not applicable for nonlinear
superposition principle system and we cannot find a general solution by adding the
special arrangements.

Firstly let us summarize the main idea, which will continue to scroll through
the pages of this chapter. Absolute accuracy is welcome, but not at any price.
Failure in obtaining absolute accuracy often becomes basis/ground for creation
of the new mathematics, physics or mechanics significantly extending the scope
of their traditional approaches. Secondly, we should not cling to the defini-
tions of determinism—indeterminism, stochasticity—regularity, big—small, precise—
inaccurate, discrete—continuous, etc., while remaining within their framework. It
turns out that there are legitimate transitions between them, leading to a deeper
understanding of the Nature.
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The second major goal in mind and aim of this chapter is an indication of the
existence of certain universal rules and laws of dynamical systems. In physics
and mechanics there are known systems of repeating similarities in structures on
different levels. If you succeed in finding those structures by the application of
mathematical methods such as renormalization, they will have universal charac-
teristic independent of the type the describing equations or their projections point.
Physical properties are self-similar and repeated in decreasing scale. For example,
M. Feigenbaum noted that the shape of the researched by him “fig tree” that was
obtained by the analysis of doubling of the period occurring in logistics mapping
x — Ax(1 — x)(A € [0,4],x € [0,1]) is self-similar. Twig of this tree has
a shape similar to the shape of the whole tree, and an approximation (scaling
factor) increases with decreasing branches with a view to the “magic” number of
4,669 ...This number is also appeared in the analysis of trigonometric mapping
x — Asinx. It turned out that with the scaling factor (which is independent of
the equation), and knowing the rules for the construction of such a “tree” it can be
quickly reconstructed (and created). There are two reasons for it: law, rule or pattern
of conduct and the number (scaling factor).

Many years spent by the ancient Greeks on the analysis of geometric figures
and numbers were not vain [139]. For example, the main power of Pythagoreans
(sixth century BC) was their mathematical knowledge. They were striving to build
knowledge of numbers construction and relationships between them. Pythagoras
dared even to say that “all things are numbers”. It was a great aesthetic experience
for him to establish the link between the tones in the music, and numbers. Numbers
revealed themselves to Pythagoras not only in the field of listening experiences, but
also in aesthetic experiences like shapes and colors. Following the cards of this book
reader can certainly see that many of these insights are reflected in the development
of modern nonlinear dynamics, chaos theory and fractals.

According to Aristotle, the numbers were beautiful, and this beauty was manife-
sted through sound or visual form. Summarizing the activities of the Pythagoreans
Aristotle wrote that all things are, imitate or reproduce the numbers, and the
elements of numbers the elements of all things (for example trades of parity and
oddity are numbers elements). One is the base of everything and it is the cause of
the creation of two, and both of these numbers are the reason for the creation of all
other numbers. And further, the numbers create the points, points form lines, lines
form spaces, etc. For them non-elastic point was the link between the geometric and
arithmetic form of the world. Every natural number is finite in itself, and only a
series of numbers extends to infinity. Number ten was for them an ideal and /2
insulted the “holy” majesty of numbers (the existence of this number was kept
secret by the Pythagoreans for a long time). According to the Pythagorean school
whole material and spiritual worlds are under the rule of the natural numbers. Each
irrational number can be approximated with high accuracy to the rational number,
and what is more, Bernoulli representation consisting of the numbers 1 and 2 is a
precursor of chaos. Could it be that after so many years the secret of the Pythagorean
philosophy is still relevant? In present there again can be noticed a return of interest
for numbers and number sequences, but this time inspired by the development of
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modern nonlinear dynamics. Revived the role and significance of the numbers,
including rational and irrational numbers, and their relative position (i.e. on the
interval [1, 0]), strings Frobenius and Dedekind steps, approximations by rational
numbers through irrational numbers, zero-one approximation of real numbers, and
so-called Bernoulli shift. There is no need to convince anyone about the importance
of the number 7 and of the golden ratio. This time, however, start a discussion
took place form a completely different point. It started from considerations relating
to differential equations, which are mathematical models of some systems real
(physical) or from analysis of some projections, which can be obtained from the
differential equations. In both, equations and some projections, observed doubling
in the period of solutions with a change in the parameter effectively lead to chaotic
motion in accordance with scaling factor equal to 4.669. .. No one disputes the role
of irrational numbers and the existence of quasi-periodic solutions lying on the two-
or multi-dimensional torus, while the rational numbers associated are with a periodic
solutions. And here again appears the analogy to the earlier discussion. For some
(critical) parameters of the system torus disappears and appears periodic solution
what lead to placing of the rational numbers in role of the irrational numbers. It turns
out that in the interval [0,1], almost all real numbers have decimal representation,
which are random, and it means that a sequence of consecutive digits in the decimal
representation of the number repeats. Almost every number in that range will
have a different number of digits, and therefore randomly selected number will
also be random decimal representation. In the “language” of numbers, in practical
numerical calculations, periodic motion detection in decimal representation means
that starting from a given number, that is from the long decimal representation,
after some number of digits (equal to the period) again appears this number (to be
precise, with the same extension of the decimal representation). You can prove that
such feature occurs when the number is a rational number. In the neighbourhood of
any two given rational numbers, there is a whole “ocean” of infinitely many rational
and irrational numbers, which are mixed with each other. It can be shown that for a
certain types of mapping very close numbers (in terms of decimal expansions), after
multiple projections, are different from each other.

A careful reader will see that after all the real system time (independent variable)
“floats” on a continuous basis and goes through all mixed together rational and
irrational numbers, while numerical procedures based are on discrete models and
discrete dynamics. Fortunately, however, there are close links between the discrete
and continuous dynamics.

Kingdom of numbers extends even further. Fractional numbers play a key role
in the dynamics of the so-called fractals through so-called fractal dimensions
introduced by Hausdorff. Fractals, contrary to the intention of their creators,
were somehow geometric method of the study of irregular dynamics, also of the
deterministic chaos. There are some, though far analogies between fractal and
chaotic dynamics. Scenario of transition to chaos through bifurcations of doubling
period of newly emerging orbits leads in effect to the coexistence of infinitely many
periodic and unstable orbits and also creates a qualitatively new geometric structure
known as a strange attractor. Similar situation is in the case of simple geometric



15.2 Modelling and Identification of Chaos 531

shapes such as triangles, lines and ellipses, and arranging them in a certain scale,
according to a certain pattern (low), what leads to a qualitatively new structure,
in which the decrease in its basic elements (circle, triangle, etc.) leads to the loss
of their shapes creating the new structure. This last one has a new property—self-
similarity. It shows the similarity between the different elements in respect to the
size. As mentioned above, this structure is characterized by a dimension that is a
fraction and not an integer. An example may be a snowflake, which has a very
complicated boundary line. This line is not a one-dimensional curve (dimension 1)
and is not filling the two-dimensional surface (dimension 2). Thus, the dimension is
searched in the range of | < w < 2.

Chaotic dynamics and synchronization are two opposing processes that can be
observed in physical, biological or chemical systems. The first one is expressed in a
tendency for the disorder, while the second one tends to the simplicity and regularity.
By changing the parameters and the initial conditions it is possible to move from
one process to another. While synchronization processes have been observed for
a long time, and were subjects for a scientific analysis since the seventeenth
century, starting from the works devoted to the analysis of synchronization of clocks
ticking, and later also test of the synchronization in sound tuning fork generators
or movement of the planets, however the phenomenon of chaos in deterministic
systems have been detected recently. They are related to the pioneering works
of Poincaré, Lorenz and Ueda. In this chapter, among others, we are going to
discuss these two extreme processes on the examples of one- and two-dimensional
mappings and on the dynamic systems. As a tool of analysis used are analytical and
numerical methods.

15.2 Modelling and Identification of Chaos

First, we will consider a so-called Poincaré maps. They are widely used for the
analysis of dynamic systems. They are based on the introduction of the plane (or
hyperplane), which crosses the returning phase flow without any contact with the
trajectory of this flow (Fig. 15.1).

I' trajectory of the flow lies in three-dimensional space, and the points of
intersection with the plane belong to it, the Poincaré mapping represents a mapping
of the plane into itself. Undeniable advantage of this mapping is reduction of the
dimension of the design space by one (obtained points lie in a plane). In the case of
two-dimensional flow (that means lying on the plane) mapping points are arranged
along a line (so-called one-dimensional mapping).

In practice, we introduce the secant plane in a relatively simple way, as will
be discussed on the example of the non-autonomous system with one degree of
freedom described by the following differential equation
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Fig. 15.1 Poincaré map
schematic representation

Cx (9 Fcosor (15.1)
— ,— | = Fycoswt. )
dr? * dt 0 oS

The period of the exciting force is T = 2 = 7 /w and the discrete value of time

t =tonT, n=0,1,2,... (15.2)
we record the speed and movement
dx
Up = Z (tn)
Xn = X (tn) - (15.3)
If
x (f0) = xo,
(15.4)
v (fo) = vo.
then points
Xp = X (In. X0, V0) »
(15.5)

Vn =V (1, X0, Vo) ,

form Poincaré map.
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In this case, the Poincaré map is a two-dimensional one. For the autonomous
system (Fy = 0) and assuming that the force F' (x, ‘2—;‘) causes the self-excitation of
the system, we will obtain one-dimensional map, for observation (or measurement)
value of x(z,) will be made in moments of time #, for which v(t,) = ‘j—’t‘ (t,) = 0.
Periodic solution (periodic orbit) will be presented as a fixed point of this mapping.
If it will be stable in the sense of Lyapunov (to this stability theory devoted is a
vast literature [44, 187,244]), then a sequence of points prior to it will be going to
this point. This is known as attractor. If a fixed point mapping is unstable, then the
sequence of points will be “running away” from this point. In this case singular point
Xo is unstable in the sense of Lyapunov and can be called repiler [106,214,224].

These simple considerations can be widely generalized. Let the solution to a
system of n ordinary differential equations in normal form to have the form x =
X(t, xo), where xo = X(f, xo). If the Cauchy problem has a single solution set by
said initial condition, the following compounds occur

(t2, X(11, X0)) = X(t1 + 12, X0), (15.6)
what is easy to check, taking into account the fact that
X(t + 12, x0) = x2, X(t1, x0) = x1, X(t2, x1) = x2. (15.7)

Family of mappings X;(x) = X(, x) that is defined by the solution x (¢) defines
a dynamical system in the space IR" what is noted as (R”, X;). If ¢ € [0, 00), then
dynamical system is continuous (and we are calling it the flow), and if 7 € N, the
dynamical system is discrete (and a cascade is meant).

Returning to the secant plane geometric interpretation, it appears that there is
some functional relationship between the coordinates of two successive points of
intersection of the trajectory with the plane of the form

Xe+1 = F(xx), (15.8)
what sometimes can be expressed in an analytical form. Difference equation (15.8)
describes the cascade.
Point xy is called a fixed point of the cascade (15.8) if
F(xo) = xo. (15.9)
For each point x n-fold application of the operation leads to a point F
x(n) = F"(x). (15.10)
Trajectory passing through any point x in the phase space IR” will be called finite
or infinite set of iteration (15.8). We say that the point x is periodic with a period

k,if

F¥(x) = x, (15.11)
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a b
Xn+1 A Xn+1 A .
F stable point
unstable point D €T I F
\.unstab’e point Xy [ ) :
X; |
Xp [orreespons
X, v R R
X1 Xo Xn Xo X7 Xz Xn

Fig. 15.2 Stable (b) and unstable (a) fixed point of the map (15.8)

k is the smallest integer with this property. If you choose x; close to the tested point
x, and if the distance ||x (k) — x|| — 0, when the n — oo, then X, is asymptotically
stable.

Based on Eq.(15.8) and Fig. 15.2 is easy to imagine the stability criteria for
mapping of the fixed point.

Based on the graphical construction of the mapping (15.8) shown in Fig. 15.2, it
can be concluded that the mapping fixed point is stable (unstable) if

dxp+1
dxk

<1(> D). (15.12)

Finally, also worth mentioning here are advantages of the Poincaré mapping. In
general, studying dynamics of systems governed by ordinary differential equations
we deal mainly with the analysis of equilibrium positions and of periodic solutions.
In the case of periodic solutions, the stability condition means that for a considered
fixed point (and consequently also periodic orbit) to be stable, the monodromy
matrices eigenvalues (multipliers) should lie in a unit circle of radius 1. Often this
method is used for the practical pre-determining of the stability of the orbit found
numerically, for example, using the “shooting” method or Urabe—Reiter method (see
Chap. 13).

Now, some basic concepts and definitions will be introduced, basing on the works
of Kudrewicz [142] and Samoilenko [207].

Definition 15.1. String formed of successive mapping points {F¥(x)} for k =
0,1,2,... will be called the trajectory (orbit) of the point x.
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Comment.
The set xi, F(x;), F2(x), F3(x),... be the orbit of a point x. As an example,
consider the mapping F : w[0, 1] — [0, 1] of the following form

F(x)=x(1—-x), (15.13)

3

then for x = 3 orbit is determined by the points 3, 7, 1z, - - - -

Definition 15.2. If there exist a sequence {k,} of natural numbers and

lim F* (x) = xq, (15.14)

ky,—>00

then a point xq will be called Q2-border point of the {F¥(x)} trajectory. The set
of all such points is called the set of Q2-border of the { F¥(x)} trajectories, and we
denote it by Q(x).

Definition 15.3. Invariant set of cascade Z is a set satisfying the condition
X(Z) = Z. Most of invariant sets are equilibrium points or periodic trajectories.

There is also need for comment of 2-border sets that can be divided into
attractors and repliers.

Definition 15.4. The closed and bounded invariant set A is called attractor. If there
exists its neighbourhood O(A) such that for any x € O(A) the trajectory {F¥(x)}
tends to A for k — o0, the set of all x satisfying this condition is called the attracting
set of the attractor A.

The following comments hold:

1. Often, while defining the attractor, it is said that the set that fulfills conditions
in Definition 15.4 does not contain in itself a different set that satisfies these
conditions.

2. Chaotic attractors are those attractors that contain at least one chaotic trajectory.
Trajectory is called chaotic if at least one of the Lyapunov exponents associated
with it is positive.

3. Strange attractors are called attractors, which have a complex geometric struc-
ture.

4. Typically these two terms are used interchangeably. However, they can exist
independently (see Grebogi et al. [104] and Jacobson [128]).

5. Dynamical systems may possess several coexisting attractors. One of the main
tasks in this case is to define the initial conditions, for which the phase flow will
be attracted by the individual attractors. It turns out that the boundaries between
the different attractor pools can have very complicated shapes, for example they
may be fractals [165].

Definition 15.5. Fixed point x, of the map (15.8) for IR? is called hyperbolic, if this
point derivative DF has eigenvalues different from 1. If this point is hyperbolic and
has two real eigenvalues, A; (i = 1,2) and at the same time |[A;| < 1 and |A,]| > 1,
then the point is a saddle. Manifolds
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WS (x0. F) ={x: |F"x = W% (xo, F)| - 0, for n— +oo},
W" (xo, F) ={x: ||[F"x —W"(x0, F)| = 0, for n - —o0o},

(15.15)

are called the stable and unstable respectively, but they are invariant, that means

F (W5 (x0, F)) = W5 (x0, F),

(15.16)
F(W" (x0, F)) = W" (x0, F) .

If the given dynamical system described by system of ordinary differential
equations meets Lipschitz conditions and there exists a solution to the Cauchy
problem, the solution is unambiguous and accurately determined by the initial
conditions. It is analogous to the train travelling on tracks, movements of which
can be determined at any moment in time. And yet discovered strange chaotic
attractors of Lorenz, Ueda, Hénon and others, seem to deny those obvious facts.
Some uncertainty is intuitively understood particularly for the complex physical
systems, where a small change in phases can lead to large changes in the systems
dynamics in the intervals of the independent variable, i.e. time. We will explain this
with an example of the system considered by Landau. For this we will consider
two extreme cases of a dynamic system: chaos and synchronization. Without going
into detail, the synchronization will be understood as tendency of subsystems of
the complex dynamic system to perform “similar” dynamics, such as manifested
by subsystems periodic motions within the same periods, and consequently causing
the synchronization, that is the periodic movement with the same period for the
entire system. This phenomenon has already been observed by Huygens during
the analysis of the clocks ticking synchronization. Currently, the phenomenon
has broader understanding and refers to the mutual organization of the biological
systems, and in the mechanics this issue appears when considered are issues of the
rotor vibration synchronizations and in the stabilization [50,104,142,207]. Consider
first oscillating system fully synchronized, that is one that the vibration frequencies
w1, W, . .. Wy appearing in it satisfy the condition

Loy + hoy + -+ o =0, (15.17)

where {/,,...ly} € C and C is the set of integers. We say then that the system
is in full resonance, and it reveals in the increases of the characteristic vibration
amplitude for each of the w; in the discrete set w = {w, ..., wy }. However, if each
subset will vibrate independently from the others that are with its own (independent
from the others) period then the system is not synchronized. In practice, the lack of
synchronization is associated with the existence of irrational numbers, for example
fork = 2,w; = 1and @, = +/2 solution x = x (@1, ¢2), where ¢; = w;t and
@y = wyt is in steady state on a two-dimensional manifold (torus), and the solution
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Fig. 15.3 Torus and two 1
incommensurate frequencies
w; and w,

x = x(¢1,¢2), where time is the parameter, is called the quasi-periodic solution.
An example of such a two-dimensional manifold is shown in Fig. 15.3.

The issue of quasi-periodic orbits requires a deep study and it is only briefly
addressed in this work. It contains more problems that are not completely solved.
This applies mainly to determining the stability of multi-dimensional attractors -
tori, tracking changes of the quasi-periodic orbits with the change of the parameters
and their bifurcation [65, 83,131, 156,228].

One may imagine that if phases go?, e ,(plg are additionally changing even in
minor range, the response of the system x (w;f + (p?, et + (p]?) can be subjected
to significant changes over time and as a result lead to the appearance of chaotic
motion.

Now we will point out another possible appearance of chaos in simple dynamical
systems. For autonomous oscillators with single degree of freedom and with limited
trajectory (performing recurrent motion) only positions of equilibrium or periodic
orbits may be attractors. However, the situation is drastically changed for three-
dimensional systems, specifically for systems with 1!/, degree of freedom or those
oscillators with an external forcing.

It appeared therefore that trajectories in the three-dimensional systems may be
present in a sub-phase space IR?, but they can constantly wander between the
positions of unstable equilibrium states and unstable periodic orbits. Although
basing on the fact of existence of the limits for such subspace, we know that there
is a time after which such trajectory will be arbitrarily close to the start point lying
on the attractor, but it is impossible to obtain information when it will return there.

Flow of phase trajectories can be imagined on the example of a liquid that even in
very small volume consists of a large number of particles. If in such a volume there
is attractor which is a periodic orbit, then introducing a small drop of colored liquid
at any of origin point in the volume, you will find that after a while the color will
be determining the orbit. However, in the case when attractor is a chaotic strange
attractor, the trajectory lying on such attractor starts to wander along the entire
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S[x(t,),y(ty),z(ty)]
S[x(to)y(to).z(ty)]

Unstable singular point

S[x(ty),y(ty),z(t)]

Fig. 15.4 An example of an unstable trajectory wandering in the limited area IR

volume of the liquid and the liquid becomes colored. Colored and colorless particles
will be mixed. This process takes place in a relatively short time and therefore is
not the result of diffusion, but rather is related to the turbulent movement of liquid
molecules. This analogy is even deeper. The intensity of the color will indicate the
probability of finding a phase point in this area and it does not depend on the initial
position (the starting point).

Armed with the knowledge of the instability role, let us consider now evolution
(change over time) of an area initial conditions taken from the plane x, y, that is,
such that z = 0 and § = §(x, y) which has been hatched in Fig. 15.4.

Area §(tp) is a very close neighbourhood of the unstable strange point. Two
distinct trajectories in this figure exponentially flee from each other and initially
tiny set of initial conditions §(zy) is transforms into a volume §(¢;), and because the
trajectories are limited, they must “turn around” and as a result for z = 0 the two
points, which lie very close together (for t = #y) after time ¢t = f, are found far
apart. The question arises, how far apart, or in rather, how small should be distance
between them at the starting point so they could be found close to each other once
again.
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15.3 Lyapunov Exponents

Before answering this question, let us return to the old theory of characteristic
numbers introduced by Lyapunov that, when with opposite sign, define a so-called
Lyapunov exponents (details are given in Demidovich [77]). Earlier described was
and exponential divergence of trajectories and Lyapunov exponents are a measure
of such discrepancy.

According to (15.10) cascade (15.8) can be presented in the form of

x(k +1) = F (x(k)). (15.18)

With each point x in the phase space can be associated array DF*(x) called
the mapping Jacobian F*, which is formed from the local linearization, which in
practice amounts to calculating the kth iteration derivative for point x. Starting from
the point x(0) for the kth iteration, the matrix is expressed with the relationship

J (k) = DF* (x(0))., (15.19)

wherein DF¥(x(0)) can be obtained as the product of
DF* (DF (x(k — 1)) -...- DF (x(0))) = DF* (x (0)). (15.20)
Having calculated J (k) for small increments we get
x (k + 1) ~ DF (x (k))x (0) = DF* (x (0))x (0) = J (k) x (0) . (15.21)

Coming back to the discussion related to Fig. 15.4, assume that in a neighbour-
hood of the unstable point we select two points x; and x;, which after k iterations
(in accordance with the previous considerations) will evolve into the points x; (k)
and x;(k), defined by the relationship

X1 (k) —x3 (k) ~ J (k) (x1 (0) —x2(0)) . (15.22)

We can take the whole flow generated by the initial conditions, which are located
for example in the sphere. In the general case, however, it will be n-dimensional
sphere Ky = K(0), which after the k iterations it becomes ellipsoid K (k) (such
ellipsoid when n = 3 is indicated in Fig. 15.4 as §(#,)). If now, instead of a single
point xo we take the sphere Ky, and respectively, instead of x(k + 1) we take
ellipsoid K1, then, according to (15.21) we obtain

Ki41 = DF (x (k)) Kx. (15.23)

Ellipsoids Ky and Ky possess n principal axes and the system has n related
with them Lyapunov exponents. For the system to be chaotic it is enough if one of
the exponents (the largest) is positive. Lyapunov exponents is defined by the formula
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.1
Aj = lim -log (k) (15.24)

where « ; is the length of the jth axis of the ellipsoid K.

It turns out that for a very wide class of mappings F there exists the limit defined
by (15.24), which for almost all x(0) does not depend on x (0), which means that it
also is independent from the initial conditions. Then A is a measure of changes in
the initial conditions and if the error in the determination of the initial conditions is
Ax(0) then kth iteration will have the value

Axy ~ 10 Ax (0), (15.25)

for sufficiently small Ax(0) and large enough k. Let now the maximum Lyapunov
exponent to have the value A = 0.1, which is not too high requirement for dynamical
systems and let k« = 10> and Ax (0) = 107°. According to (15.25) for the k.
iteration calculate Ax (k) = 10°, and such accuracy of the calculations cannot be
accepted. On the other hand we want to obtain k iterations error was Ax(kx) =
107>, Thus, there appears the question problem, what the accuracy of the initial
conditions definition we should apply. Using the formula (15.25), we calculate that
Ax(0) is 107", and preserving so high accuracy of the calculations is extremely
difficult. Of course, uncertainty increases with the iterations increase.

So the problem comes down to setting infinite precision to the initial conditions.
According to the principle, each state of the real physical system can only be
determined with reasonable accuracy and is determined rather by a probability
distribution instead of a number. If the trajectory is considered stable, then the initial
error rapidly decreases with time, and if it is unstable, it is growing rapidly with the
increase of iterations resulting in the unpredictability of its behaviour, that is chaos
in the determined system.

Now, let us discuss for a while the possibility of recursion (return) of trajectories,
in such a way so it will lay on the attractor. We have already mentioned that the
trajectory remaining in limited surface must have the possibility of returning in
arbitrary close neighbourhood of the starting point. It turns out that it is a common
characteristic for the phase surface. We are talking about a singularity point called
the saddle. The precursor of chaotic motion is the cross-section of the stable and
unstable saddle point variety. This is possible for at least a three-dimensional
system.

15.4 Frequency Spectrum

In engineering calculations, both in the computer simulation and in the analysis of
the real object in the laboratory, one of the most popular methods of analysis is
a technique based on the analysis of the frequency spectrum. In what follows we
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apply the Fourier Fast Transformation (FFT). The transformation of the waveform
from the time domain to frequency domain can be described by the relation

T
1 ,
W)= lim — /x(t)e_“"’dt . (15.26)
T

In the case of regular movements (periodic and quasi-periodic) frequency
spectrum consists of discrete components, while the continuous frequency spectrum
corresponds to the chaotic trajectory x (¢).

15.5 Function of Autocorrelation

The autocorrelation function is a competitive tool to the Lyapunov exponents. It is
widely described in the literature, particularly in respect to the differential equations.
It is determined by the relationship

T

A(t) = Tli_)n;o % / Flx(t+1)]F(x(1))dr, (15.27)
0

assuming that the analysed system is ergodic. If the A(¢) include periodic or quasi-
periodic components, then also in the researched system exists the periodic or
quasi-periodic orbit. If the two trajectories lying close to each, separate and over
time move independently, then A(¢) quickly approaches zero. This corresponds to a
situation where at least one of the Lyapunov exponents is positive.

It is worth to mention some of the characteristics of the autocorrelation func-
tion.

1. It is a real and even function with the point of maximum in # = 0, which can
assume both positive and negative value.

2. In the case stochastic process study with a mean meaning (x(¢)) = 0, it has the
shape of the sharply outlined pulse.

3. For a stochastic process—white noise, the function A(z) has the shape of a §
function.

4. If (on average,) slope of the autocorrelation function is has approximately
exponential character, the dynamic state of the phenomenon is associated with
the beginning of the chaotic motion.

If for the mapping (15.18) we define the mean value (x(k)) dependent on
x(0) as
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1 K
(x¢) = kli)n;oE];x(k), (15.28)

then the autocorrelation function is given by

K
A = Jim 3 () — () (k40— e (1)), (15.29)
k=0

where £ =0,1,2,....

15.6 Modelling of Nonlinear Discrete Systems

15.6.1 Introduction

In the vast majority of cases, the dynamics of physical systems is governed by partial
or by ordinary differential equations. The former is often replaced by a variety of
the methods reducing through the ordinary differential equations systems. The next
step leading to further problem reduction is replacing differential equations with
mappings. This method of proceeding is based on the use of the analytical methods.

Another, independent, method of research is based on the analysis of the simplest
mappings various types of dynamics, in this case the one-dimensional ones, and
in particular on trying to obtain deepest possible understanding of the chaotic
dynamics basing on those mappings.

If you have a wide range of knowledge about the dynamics of one-dimensional
representations, then the dynamics (even complex) systems described by differential
equations can sometimes be understood by one-dimensional mappings.

Analytical methods face a number of limitations in the analysis of nonlinear
dynamics, therefore, in most cases carried out are numerical analysis. In practice,
this means replacing the continuous dynamics (in the equation the independent
variable that is time, is a constant) by the discrete dynamics (in numerical methods
time variables have the discrete values). It turns out that there are deep connections
between the “continuous dynamic” and “discrete dynamics”. In the numerical
analysis used is the Poincaré mapping method. Links between points obtained on
the Poincaré surface are described by differential equations. With the introduction
of such a representation is not only reduced dimensionality of the dynamics, but also
in the analysis of chaotic dynamics the introduction of the Poincaré surface led to
the elimination of periodic movements of the points, what allows to focus attention
on the chaotic dynamics. A further extension of the method of discretization is states
discretization, for example, by assigning to the numbers only two values, zeros or
ones.
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Fig. 15.5 Mechanical system with one degree of freedom: a block lying on a belt moving at a
speed of vy (a) and the coefficient friction characteristics (b)

It may happen that for the analysis of two-dimensional mappings, there is also
the possibility of their reduction to one-dimensional mappings. This occurs when
the mapping in one direction is highly tensile, and in the other one it is strongly
compressive. This will make the points along the one or two lines, and can be
considered a one-dimensional mapping of one line into the other.

Now we will consider examples of the dynamics of simple physical systems that
can be reduced to one-dimensional mappings analysis. In the nonlinear systems with
friction self-exciting vibration can appear [149]. Figure 15.5 shows such classic
case.

The body of mass m (block) is located on the tape with a coefficient of friction
depending on the velocity relative to the body and the tape with characteristics
shown in Fig. 15.5b. It turns out that the range of the relative speed 0 < w < y block
equilibrium position becomes unstable. There appear vibrations that are beginning
to grow reaching a limit cycle (periodic orbit). The equation of motion has the form

mi + kx = mg o —aw + Bw’], (15.30)
where on the right side described analytically are friction forces. Now assume that
for x = O the crash occurs, when x > a—the rapid change in velocity, and
furthermore we will assume that the dynamic is related to the sloping part coefficient

of friction [181]. Then the dynamics of the considered system can be approximated
by the equation

¥ 4 2hx 4+ a*x =0, (15.31)
Xy —X_ =—b, (15.32)

where X4 and X_ is the speed before and after the impact of the amplitude b.
Dynamics described by Eqs. (15.31) and (15.32) can be represented by mapping
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Fig. 15.6 Flat pendulum !
excited by
M = My + M, cos wt

0 for0§y<;—‘,

(15.33)

a
—b for y > I

where

=X, y=x>0 ¢q=eV >, (15.34)

Position y« = b/(q¢ — 1) > a is an unstable fixed point of this mapping. For y <
Y« chaotic vibrations appear in the a — b < y < a range of changes. The example
above was connected with the analytical method, while the following example refers
to the numerical methods.

Consider the motion of a pendulum of length /, mass m and moment of mass
inertia B (Fig. 15.6).

The equation of motion is:

By + cg +mglsing = My + M) coswt, (15.35)

where ¢ is the viscous environment damping coefficient. Assuming mgl = B, this
equation can be reduced to the form

@+ hg +sing = M, + M, cos wt, (15.36)



15.6 Modelling of Nonlinear Discrete Systems

where

h=o M==". M="L

B

We will approximate

o= $n — On—1
Iy — lh—1 '
_ On+1 — 200 + @n—1
(tn+1 - tn) (tn - tn—l).
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(15.37)

(15.38)

(15.39)

After taking into account (15.38) and (15.39) Eq.(15.36) takes the form (see

(221])

Ont1 =200 + Qo1 + hT (@0 — Q1) + T2 sing, = T2 M + M),

where t, = %’n.
Assuming

_ T (M + M)

, hT =1—-b, R,=T?
h 2

Ry

from (15.40), we obtain

On+1 = 2¢n + @u—1 + (1 = b)(@ — @u—1) + Rysing, = (1 —b)R;.

Equation (15.42) can be represented as an equivalent

Fug1 = br, — Rysing,,
On+l = ¢n + R — R, Sin(pn + bry,

where:

Fn = On — On—1 _Rl‘

(15.40)

(15.41)

(15.42)

(15.43)

(15.44)

We are still dealing here with a two-dimensional representation, but for very high
damping such that AT = 1, we get one-dimensional representation of a circle into

a circle (which will be discussed later).

15.6.2 Bernoulli’s Map

Let us consider the mapping F' carrying out a unit vector into itself, that is [0, 1) —

[0, 1), in the form
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X1 = F (xk), (15.45)
F (x¢) = 2x; mod 1, (15.46)
for k = 0,1,2,..., while the modulo function limits the range of the obtained

results to the unit (take only the rest after dividing by 1). This mapping is called the
Bernoulli map and can also be written in the form of difference equation

2x (k) for 0 < x (k) < 0.5,

EED =00 )~ 1 for05 < x (k) < 1.

(15.47)

This mapping has only one fixed point xo = 0, which is unstable.
Let us consider how this mapping will behave for x(0) = !/;, the rational
number. We obtained the following sequence of numbers

1 2 4 8
= — == 2) = — 2
xO =17 xW)=3. x@Q=1. xO) =
5 10 7
4) = —, 5) = —, 6) = —, 7 — 15.48
X@=1p XO=1 xO@O=1. xO=17 (15.48)
3 6 1
8) =—, 9) = —, 10) = —,
x@=1 xO=q x10=4
this represents a periodic orbit with a period equal 10. For x (0) = < we get

1 2 4 3 1
X(O) = g, X(l) = g, X(Z) = g, X(B) = g, X (4) = g (1549)

So again we get a periodic orbit, but this time the period equals 4. It turns out
that for all rational numbers in the considered unit interval the iteration results are
in the form of periodic orbits. However, the situation is quite different if we choose
as a starting point irrational number. To each point of the set [0,1], we can assign an
infinite sequence {ay, a1, as, . . .}, called the address, in such a way that

1 1 1 1
ap =0, x(0) = a1 + 22a2 + 23a3 + — 24 4+ (15.50)
Numbers a; can take only the values O or 1. Therefore, the x(0) can be written

as an infinite sequence of zeros and ones of the form

x(0) ={ai, a2, a3, as,...}. (15.51)

It turns out that with such a representation of a real number, we can see an
important property of the mapping (15.47). Let us consider it on the example of
x(0) = 0.32. Reader is able to quickly perform calculations (for example using a
basic calculator) finding sequence of a; values, which are given below
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x(0)=032=1{0,1,0,1,0,0,0, 1, 1, 1,...}. (15.52)

After the first iteration we get the number of x (1) = 0.64 which has the following
address

x(1)=064=1{1,0,1,0,0,0,1, 1, 1,...}. (15.53)

A careful reader will see a pattern. Address (15.53) was obtained by shifting
by one digit to the left of the address (15.52). It turns out that this regularity is
the place for all the numbers from the interval [0,1]. The following iteration is
associated with a shift by one digit to the left of the previous one address. This shift
is called the Bernoulli shift. The second note concerns the finite and the infinite
characteristic: the finite rational number is represented here by infinite series. In
the interval [0,1], most of the numbers are irrational. These figures have random
decimal representations or in other words, almost all the numbers from the interval
[0,1] have random decimal representations.

Let us reflect on other analogies given by Schuster [213]. We assign the number
to zero the head, and the number one tails and consider a coin toss. Tossing a coin
repeatedly we receive following address {0, R, R, 0, ...}, which corresponds to the
exactly one real number from the interval [0,1].

Now consider the following oddity. Take two numbers xV(0) and x®(0) that
have for example 10'¢ the same decimal digits, so in the calculations are identified
as the same. By subjecting these numbers to 10'° iterations (15.47) we come to the
seventeenth place in the numbers addresses, and so to the places where they differ.
Further iterations will already represent these different numbers. This raises a very
clear parallel to the observed phenomenon of the deterministic chaos, i.e. in each
subsequent realization of the same process, starting with a theoretically the same
initial conditions, the response is always different because of the inevitable, albeit
very small differences in their realizations.

The second property of the irrational numbers and of the Bemoulli shift is that
any finite subset of the infinite set represents the number of repeats it in this set
infinitely many times, and shift Bemoulli tries to move the subsequences to the left
an infinite number of times.

Bernoulli mapping has one more feature typical of chaos. It is associated with the
operation of stretching and folding. If the numbers subjected to iterations are in the
range [0, '/,), the projection extends corresponding sections (it is multiplies them
by 2). If starting from some iteration, they are in the range of numbers larger than
1/,, then in the following iterations their results are decreasing and the numbers are
returning into the [0,1] interval.

At the end let us mention one more characteristic trait of this mapping, which is
also typical of the chaos. We have shown that starting from the rational number
received periodic orbits. They are unstable. Since the interval [0,1] there are
infinitely many rational numbers, there is also an infinite number of unstable
periodic orbits in this range.
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15.6.3 Logistic Map

The logistic mapping received relatively detailed analysis
x(k+1)=pxk)(1—x(k)), (15.54)

wherein the parameter p € [0, 4]. The main feature of this mapping is the section
stretching or compression, and then folding it in half. It turns out that for a fixed
value of the parameter p mapping will “wrap” the output section and place it in
the range [0, p/4]. To illustrate, let us consider the case of p = 1 and let us start
with numbers in the range [0,0.5]. Number zero becomes zero, and 0.5 change into
0.25, any other numbers are in the range [0, 0.25]. Considering the interval (0.5,1]
it can be noticed that the number 1 becomes zero. The number of 0.7 becomes 0.21,
0.9 changes into 0.09. Basing on these trivial examples, we can see that also the
numbers range (0.5,1) change range [0,0.25], with the numbers lying closer to the
1 are mapped into lying closer to zero. For parameter p greater than 4, almost all
sequences {x (k)} diverge to infinity. For the boundary value p = 4 the solution of
Eq. (15.54) can be expressed in an analytical form

x (k) = = (1 —cos[2*arc cos (1 — 2x (0))]) . (15.55)

N =

Let us conduct now analysis of the typical nonlinear dynamics. Let us find fixed
points of the mapping (15.54) and then examine their stability. Fixed points we find
from the equations

PXsx (1 — Xs) = Xx. (15.56)

Obtained are the following two points:

—1
M=o, @=P"" (15.57)
p
Each of these solutions is stable when
d
‘( / (x)) <1, (15.58)
dx —

where: f(x) = px(1 — x).
Simple calculation shows that

df (x) _
( ax )Hgy =P

(d,;g;x)) J=2-0 (15.59)




15.6 Modelling of Nonlinear Discrete Systems 549

V]
o

‘AR |
1 ff\ | /\ | /\ f |
W= 2l

x(k+1) —»

0.2 04 0.6 0.8 5 10 15 20 25

X(k) — k—

Fig. 15.7 Web chart for logistics mapping and for p = 3.83 (a) and the periodic course (b)
corresponding to a closed curve in figure (a)

and the first solution is stable for |p| < 1, while the other one for |2 — p| < 1. Now,
let us consider a few numerical examples of the logistic mapping. Figure 15.7 is an
example of “web chart” for p = 3.83. As is clear from the preceding discussion,
this parameter value both fixed mapping points are unstable. In the x (k), x (k + 1)
coordinate system drawn were the function f(x) and the diagonal. They are used
for a simple determining of the next mapping points after the successive iterations.
As you can see from the figure, the initial condition x(0) = 0.3 trajectory mapping
tends to periodic orbit.

If we consider the mapping described of the function x (k + 3) = f3(x(k)), and
on the vertical axis we take every third iteration point, that is x(k + 3), then we
get web chart shown in Fig. 15.8. As can be seen from this figure, depending on the
initial conditions of the trajectories, they are attracted by one of the three points at
which the curve f(x) is tangent to the diagonal of the pictures frame.

For every fifth iteration x(k 4+ 5) = f>(x(k)), the chart of the curve f(x) is
more complicated (Fig. 15.9). Trajectory relatively quickly reaches a stable periodic
orbit.

Now let us examine the behaviour of this mapping when changing parameter
p € [2,4]. According to earlier solutions, a fixed mapping point equal to zero is
unstable in the considered range of parameter changes. The second fixed point is
stable when p € [2,3]. For the point p = 3 doubling period bifurcation occurs.
Previously stable point now becomes unstable.

However, there is a new stable solution in the range for a period 4. When
changing the parameter again, its stability is lost, and there is an orbit with a period
of 23 = 8, and so on, until it reaches the orbits with period 2k When k — oo
parameter p reaches a limit equal to p, = 3.5699. It turns out that in the p € [p,, 4]
a similar bifurcation cascade can be observed for a period orbits 3 and 4, that is 3*
and 4%, where k = 1,2, 3, .... They are called periodicity windows that correspond
to the specific compartments of parameter p. That means that chaos is observed for
some nowhere dense subsets of parameter p that have positive value.
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Fig. 15.8 Web chart for logistic mapping and for p = 3.83 in the coordinate system x (k) and
x (k 4 3) for different initial conditions: (a) x(0) = 0.7; (b) x(0) = 0.35; (¢) x(0) = 0.1
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Fig. 15.10 Bifurcation chart of the logistic mapping for different ranges of the changes in the
control parameter p: (a) p = [2,4]; (b) p € [3.5,3.8]; (¢c) p € [3.6,3.7]; (d) p € [3.56,3.66]

Figure 15.10 shows the so-called bifurcation chart and the following drawings
were created as a result of the enlargement of the previous one for a specific range of
parameter p. Bifurcation cascade doubling period, chaotic movements and windows
of periodicity are shown clearly.

Figure 15.11 shows the logistic mapping for p = 3.7 for investigations of the
chaotic mapping dynamics process. After about four million iterations, and as you
can see from the chart of chaotic attractor is a part of the segment [0,1] and is defined
by the projection of the parabola marked with a thick line onto the horizontal axis.
Further points obtained by iteration are arranged along this stretch in a completely
unpredictable (chaotic) way.

Autocorrelation functions A(!) for p = 4 is determined by the formula (15.29).
According to (15.28) for almost all initial conditions we get

1
(xx) = =, (15.60)
2
then
_{1/8forl =0
Al = 0 forl£0° (15.61)

for almost all initial conditions.
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Fig. 15.11 Chaotic logistic
map for p = 3.7
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Since the analytical solution lo the logistic mapping is important for p = 4 we
compute the associated Lyapunov exponent

O _ o2, (15.62)

For this parameter, the exponent value A, = 0.693144 is calculated numerically
for 206 000 iterations, what yields to the error value § = |A — A,| = 0.00000318.

Lyapunov exponents’ values for p € [2, 4] are shown in Fig. 15.12.
Analytical form of solutions for p = 4 (it is worth noting that for the value of
the parameter number 1/2 maps into 1, while in the following iteration 1 becomes

zero) allows for the transformation
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2
y = —arc sin +/x, (15.63)
s

reducing logistic map to the Bernoulli map (15.47).

15.6.4 Map of a Circle into a Circle

This is another one-dimensional representation, which we will analyse. Mapping of
a circle into a circle is described by the equation

¢ (k+1)=F (¢ (k) =¢ (k) + R + Rysin¢ (k) mod 2. (15.64)

This mapping depends on two parameters R; and R, and may represent the
nonlinear oscillator phase transition, wherein the parameter value for R; describes
two frequencies ratio, and R, is the nonlinear enhancement effects coefficient
[213, 221]. This simple representation shows many interesting features of the
nonlinear dynamics, namely the periodic, quasi-periodic and chaotic dynamics.

It is worth to point out some basic properties of (15.64) mapping [213]:

(a) The function F has the characteristic
F@+2n)=¢+27n+ R+ Rysing =2 + F (¢). (15.65)

(b) For |Ry| < 1a F(¢) map exists and is differentiable (a diffeomorphism).
(c) For R, = —1 reversed mapping F~' becomes non-differentiable, while for
|R>| > 1 itis ambiguous.

Figure 15.13 presents the F(¢) map for Ry = 0.4 and different values of
R,, what confirms the previously mentioned property. For all iteration the value
characterizing the average displacement by an angle ¢ is defined by the formula

FY (¢0) — o
—_— * —_— 1
w=2nw = th — N (15.66)
The average period shift is defined as 7,, = 2m/w, where w is the angular

frequency of rotation (winding number) while, the rotation frequency as w* = 1/w.
These relations are similar to the concept of the frequency of a periodic circular
orbit that is not lying on the torus, and the frequency. It turns out [213,221] that
for R, < 1 the limit of the formula (15.66) always exists, but can be represented
either as rational or irrational number. If it is a rational number, then range of
the parameters R;, R, for which w = p/q, p, ¢ € N with respect to the
mapping (15.64) is called tongues.

Consider now in more detail the dynamics of trajectories lying on a two-
dimensional torus (Fig. 15.14).
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Fig. 15.13 The map (15.64) for R; = 0.4 and different values of R,: (a) —0.5; (b) —1; (¢) —5;
(d) —20

r
Fig. 15.14 Poincaré map—cross-section of the torus by plane I'
Let, for example,
w 3
w=21_2_2 (15.67)
w> q 5

where w; and w, are frequencies marked in Fig. 15.14. Let us consider the journey
of the point starting from the plane I'. This point will cross the plane again after the
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pT=3T,

Fig. 15.15 Point motion within the plane I" observed in 7} intervals. Between successive positions
performs point 5/3 turn, what means that in time 377 point will do five turns and then the movement
will be repeated

time 77 = 27 /w;. Figure 15.15 shows a picture of stroboscopic photos distant from
each other in the time by 7.
Let us consider the mapping

Gnt1 = Py +w-2m. (15.68)

Forw = % we obtain successively

3
¢1 = ¢o + 527r,

3 3
¢2=¢1+§2”:¢0+2'§27t,

¢s = ¢o + 3-2m, (15.69)

which means that ¢s = ¢ mod 27, and in the general case
¢q = Po + p-2m. (15.70)

For N -turns we obtain the definition of the circular rotation defined by (15.66).

The plane I' we get three fixed points, while in the mapping plane (15.68)
there are five fixed points (in the plane perpendicular to the I' there are also five
fixed points). According to (15.69) in the plane (¢,_,, ¢,) we get five fixed points
o, @), ... % If the point ¢ belongs to on the g-periodic orbit generated by the
mapping (15.64), then according to (15.70) we have

Fl g, (87) = ¢ + 27p = ¢i (mod27) (15.71)

where i = 1,2,...,q, and Fg, g, means that this function is dependent on the
parameters R; and R,. It also means that starting from the point ¢* we are coming
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back to it through g iterations, or after moving by the angle 27 p. On this occasion, it
is good to come back to the interpretation related to Fig. 15.15. At the same mapping
point we will be back after g rotations (with a frequency w,) or after moving by the
angle of 2w p. According to (15.65), we have

F(¢") = ¢! + R + Rysing;, (15.72)
and we calculate
dF (¢F
M =1+ Rycos¢;. (15.73)
do;

Complete orbit consisting of points, q&i*, i =1,2,...,q is stable if each of the
points ¢ is stable, that is:

I |1 + Rycos | < 1. (15.74)
i=1

We will consider now the simplest case where w = 1, so p = ¢ = 1. According
to (15.72), we obtain

¢y = ¢5 + R + Rysingy
and
Ry = —R;sin¢;.
However, from the condition (15.74) we have
[1 4+ Rycosgg| < 1. (15.75)
For R, < 1 the loss of the stability limits are reached when the
Rycosgp) =0, (15.76)
that is for ¢5 = £(;r/2). Therefore, the width of the first tongue is
Ry = —R;singj = £Ry,

what is confirmed by the observation of the area in the vicinity of 0 and 27 in
Fig. 15.15.



15.6 Modelling of Nonlinear Discrete Systems 557

1.0

08

06 |

ol —

04

1
0.2 | 6.

—lo
.

Fig. 15.16 The structure of a circle within a circle mapping for R, = —1 (the so-called devil’s
stairs)

15.6.5 Devil’s Stairs, Farey Tree and Fibonacci Numbers

In [39,40, 129] work a similar analysis was preformed for a previously considered
circle within a circle mapping for different values of the rotation number w = p/q
and for R, < 1. It turned out that for each rational value of w and for each of
the R, in considered interval the g-periodic orbit is stable over some a range of
parameter AR (w, Ry). However, for |R;| = —1, it turned out that the sum of all
those intervals for all rational numbers is 2, as shown in Fig. 15.16 and the graph
is called the devil’s stairs.

The other characteristics can be observed in the structure shown in Fig. 15.16:
(a) the length of the intervals corresponding to the values of p/q increases with the
decrease of ¢; (b) if we take two numbers w; = p1/q; and wy = p,/q2, then there
is a rational number w = (p; + p2)/(q1 + g2) between them. For example when
taking w; = % and w, = %, we receive w = % and it is a value, which corresponds
to the length of the interval shown in Fig. 15.16 between w; and w», and at the same
time it is a rational number with the smallest denominator lying between w; and
wy. This construction allows for the creation of so-called. Farey tree, as shown in
Fig. 15.17.

Physical interpretation of the results from Fig. 15.16 is as follows: there is such
a systems synchronization that changes in the parameter R; (in a real system
frequencies w; and w») in a certain range do not lead to changes in the parameters
p and ¢, and thus to the change of the frequency (period) of the periodic orbit.
Now we will discuss the possibility of approximation of quasi-periodic dynamics
by periodic dynamics, which is connected with the possibility of approximation of
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Fig. 15.17 Farey Tree enabling arrangement of the numbers in the interval [0,1]

irrational numbers by a sequence of rational numbers [135]. In general, any real

number “a” may be represented by a continued fraction [ag, a1, az, . . .] of the form
1
a=ay+ T , (15.77)
a + ——
ax+ u3+u4_1,’_

where a; belong to the set of natural numbers.

For numbers that are rational continued fraction is finite, and for irrational num-
bers it is infinite. In practice, the appearance of a large value g; in relation (15.77)
results in a rapid convergence of a fraction of that number. Slowest convergence
fraction is characterized by the number w = (/5 — 1)/2, which is a number
corresponding to the golden division. It corresponds to the division of the section of
length L into two parts [ and L — [ such thatw = //L = (L —[)//. This number
plays an important role in the chaotic dynamics and fractal theory, and its continued
fraction is an infinite set consisting only of the 1 with the exception for ap = 1.

For 0 < w < 1 the number of “w” can be approximated with continued fraction

Tk

we X —ana . al, (15.78)
Sk

where r; and s; are natural numbers calculated from the formulas
Tk = Qpli—1 + re—, k=2,3,... (15.79)
Sk = ApSk—1 + Sk—2, k=2,3,... (15.80)

whereri = 1,70 = 0,50 = 1, 51 = a;.
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We will consider as an example number 1/ ﬁ, for which w =~ 0.7071068... ..
Successively computing a; = INT(1/w) = INT(1.4142...) = 1 (here we take the
integer part of the obtained number). Then we calculate

ar = INT[ } — INT (2.414215365) = 2, (15.81)
— wdaq
and a3 as
1—
as = INT[ v } — INT (2.414211) = 2, (15.82)
w(l +aiaz) —a
1 —
ay = INT[ w(l +diaz) = dr } — INT (2.414213489) = 2
1 +azaz —wlar (1 + azas) + as]

(15.83)
and thus we can continue this process of calculations. Using the formulas (15.79)
and (15.80)we getr, = 2,5, =3, r3 =5,583 =7,...,16 = 29, s¢ = 41, r; = 70,
s7 = 99. Ending calculation on the seventh word it is noticeable that 1/ +/2 can be
approximated by the value

w n = 0.707070707, (15.84)
87

this gives an error about 0.000036. In general, the correct is inequality

'k 1
w——| < . (15.85)
Sk SkSk—1
For the golden ratio have a; = 1
Sk = Sk—1 + Sk—, k=2,3,4,... (15.86)
where: r; = 1,79 = 0, 5o = 1, 51 = 1. Then we calculate the sequence
rmn=r=1, nm=rn+rn=2; rin=r+rn=3 rs=>5...
(15.87)
$5=2; s3=8S+85 =3, s4=853+5=5s55=8...
and the obtained results can be generalized as
T = Tg—1 + Tg—2, (15.88)
Sk = T4 =Tk + Fk—q. (15.89)

The next sequence of numbers approximating the terms wy is defined as
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i ri ri 1
Wk = "—"7%= - + - 1 + Tk—1
Sk Tkl Tk T ,.k

: (15.90)

which are similar to the values

Wy = lim wy, (15.91)

k—00

with the strings (15.79) and (15.80) being the Fibonacci sequences. According
to (15.90) and (15.91) we get the equation

1
1+W*

: (15.92)

Wy =

One of its elements is actually the ( V5 - 1) /2.

15.6.6 Hénon Map

With such a map we have met already in the previous section in the analysis of the
pendulum flat motion that was treated with the time-varying torque.

Another two-dimensional representation, which we will devote more attention, is
the Hénon map [120], which can be regarded as an extension of the earlier discussed
logistic map. It is governed by the equation

2
Xpt1 =T —ax, + yu,

Y1 =bxn, (15.93)
or
(x.y) = (r— ax® +y, bx), (15.94)
where a, b and r serve as a bifurcation parameters. Mappings Jacobian (15.93) is

—2ax, 1

det
“p oo

' = —b, (15.95)

and therefore the system is dissipative for |h| < 1. It turns out that for 0 < b < 1,
r = 1 and a > 0, the mapping has two fixed points defined by the equation

—(1=b)+ /(1 =b)*+4a

2a

X12 = . Yi2 = —bxia. (15.96)
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Ifa > (1—b)?/4 both points are real numbers and one of them is always unstable,
while the other is unstable for ¢ > 0.75(1 — b)2. This mapping is the basic for
considerations of many interesting elements in nonlinear dynamics.

1. Letr = 2.1,a = 1, b = —0.3. In Fig. 15.18 on the plane (x, y) shown is a
Hénon strange chaotic attractor. Furthermore, in the following figures from “a”
to “d” are marked with crossed respectively periods 1, 2, 5 and 10 periodic orbits.
The method of searching for such orbits is based on the use of Newton’s method
or its variants [184,219]. If x. is a fixed point of the mapping F(x, p) dependent
on the parameter p, then satisfied is equation:

X« = F (X, p). (15.97)
Let the point x be placed near the point x. Introduce the matrix N
N = D,F(x, p), (15.98)

which elements are the partial derivatives with respect to x. Performing lineari-
zation around the point x we get

(x,p)+ Ndx = x + dx, (15.99)
where we have
dx = (N —I)"'(x = F(x, p)), (15.100)

and the / above is the identity matrix. The expression x — F(x, p) = E express
an error of calculation, which for x = x, equals zero (this is the exact value). It
turns out that Newton’s method does not always make it possible to reduce the
error in the next step of the calculation. Modified Newton’s method allows you
to choose such increase dx that the convergence is maintained.

In the case of periodic orbits marked with crosses in Fig. 15.18 starting points
for the modified Newton’s method were selected at random. Two points were
found for the period one (a), four points with period two (b), three different orbits
with period five (c), and fifteen different orbits with period ten. In the last case,
as starting points for the modified Newton method 9031 random points were
chosen. It is worth noting that many of the found periodic orbits do not belong to
chaotic attractor.

2. The next example involves a bifurcation curve. On the vertical axis we put the
parameter b, while on the horizontal axis x. In fact, it is the mapping of the family
of attractors depending on the parameter b in the plane (b, x), 0.1 < b < 0.3
(see Fig.15.19). For r = 1.3 the chaotic dynamic of mapping is interrupted
windows of periodicity for some values of b (there are infinitely many of them),
however when reducing of the r and b & 0.26 bifurcation occurs, chaotic motion
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Fig. 15.18 Hénon strange chaotic attractor and periodic points of Hénon mapping (marked with
crosses) with the following periods: (a) 1, (b) 1,2, (¢) 1,2,5,(d) 1, 2, 5, 10
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Fig. 15.19 Bifurcation curve of the Hénon map and the parameters (a) r = 1.3; (b) r = 1.25

disappears and periodic motion appears. Then, each of the “branches” doubles
and with further reduction of b formed are the so-called bubbles of chaotic
motion (Fig. 15.19b).
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Fig. 15.20 Pools of
attraction for the Hénon map
and fora =1,r =1,

b =048

3. Basing on Hénon map we will discuss the concept of attractor attraction pools.
By the attractor attraction pool will be defined the set of all initial conditions
in phase space, which will be “attracted” by the attractor, that is after “start”
of each of these initial conditions trajectories over time will be on the attractor.
These pools of attraction for the Hénon mapping are shown in Fig. 15.20. For a
set of parameters, as shown, there are three different attractors. One of them is
oo (black area), stable periodic orbit with a period of eight (a gray area), and a
strange chaotic attractor, in the figure consisting of two parts, which “attracts”
the initial conditions from the white area.

4. Now we will discuss the puzzling similarities between the Hénon attractor and
the unstable variety of the fixed point lying within the attractor. Through a stable
variety of the mapping fixed point we understand a set of points leading up to this
point with the number of iterations tending to infinity defining the Hénon map.
However, the concept of unstable variety of the mapping fixed point we mean
a set of points which are attracted by the iterations with the opposite direction
(or repelled by applying the initial iterations). Figure 15.21a shows the Hénon
chaotic attractor, while Fig. 15.21b shows the set of points attracted by the reverse
iteration by an unstable fixed point with coordinates (0.855, 0.898). It is striking
similarity here between the two sets. It is believed that these sets are identical,
but has not been proofed as accurate (see for example [219]).

5. Now we will turn our attention to the similarity between the Hénon attractor
attraction pool and attractor which is infinity (co) (this will be a set of points
that the iterations tending to infinity “escape” to infinity (Fig. 15.22a)), and a
stable fixed point attraction pool within the Hénon attractor (Fig. 15.22b). The
calculations were performed assuming the parameters: @ = 1, b = —0.32,r =
2.10. You can see that approximately the pool of attraction of a stable point of
the Hénon attractor fits in the Hénon chaotic attractor attraction pool.

6. There is also the possibility of the chaotic trajectory contained in a limited area
in the phased space, however all other trajectories situated in the neighbourhood
“escape” to infinity, so they are not bounded. Such invariant set will be called
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Fig. 15.21 Hénon attractor for ¢ = 1, r = 1.38 and b = 0.32 (a) and unstable variety of the
fixed point with coordinates (x, y) = (0.855,0.898) (b)

Fig. 15.22 Attraction pool for infinity (0o), marked with a black and the Hénon attractor
attraction pool (a) and attracting pool of stable fixed point lying within the Hénon map, which
is approximately (0.907, 0.966) (b). In both figures (a) and (b) marked is also Hénon attractor

Hénon mapping chaotic saddle. This invariant and compact set is unstable, so
almost all trajectories of the neighbourhood will be distancing themselves, and
in the considered case, they will “escape” to infinity.

Figure 15.23 shows an example of an unstable set that is invariant and compact,
on which lays the chaotic trajectory. Calculations were performed for a = 1,
b=04andr =4.

7. From Fig. 15.23 we can conclude that for certain Hénon map parameters, there
are two attractors which are attracting sets of the initial conditions. The first one
is a pool of initial conditions attracted by Hénon chaotic attractor, and the second
is a pool of initial conditions that in time are “fleeing” to infinity, or are attracted
by infinity. There are also points belonging to the boundaries of the two pools,
and the initial conditions are not attracted by any of these attractors [184]. This
limited trajectory is shown in Fig. 15.24 fora = 1,b = —0.3,r = 2.12.
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Fig. 15.23 Unstable
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8. In this example, basing on the Hénon map illustrated is a way leading to chaos
by doubling of the period. The calculation results are shown in Fig. 15.25a—c.

In the first one you can see the way that leads to chaotic motion by successive
doubling period of vibration. Basing on Fig. 15.25a, b can be calculated the
relations between lengths of the subsequent curves in between the points of
the bifurcation, which are: dy/dy = 4.33, dy/ds = 4.42, dg/de = 4.54
and apparently they tend to the Feigenbaum constant (approximately 4.67).
Figure 15.25¢ shows the graph of changes in Lyapunov exponent A in relation
to Fig. 15.23b, that is for the same range of changes in parameter r. Where it is
positive, there is chaos.
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05 T e 0.5

Fig. 15.25 Bifurcation graph illustrating the period doubling cascade leading to chaos (a) of the
graph window (a) for 1.06 < r < 1.12 (b) and the Lyapunov exponent corresponding (b) to the
figure (c)

15.6.7 Ikeda Map
Ikeda map is described by the equation

z— p+62zeXp[i (cl —a (1 +zz)_1)] . z=x4+iy.x.,yeR,i*=—1.
(15.101)
Figure 15.26 shows three successive iterations of an ellipse located in the upper
right-hand corners of the pictures for the following parameters: p = 0.5, ¢; = 0.4,
¢ = 0.9, 3 = 6. Chaotic dynamic is more visible with each of the iterations.

Let us now consider the dynamics of Ikeda map (15.101) for the same parameters
as before, but now iterated ellipse is shifted to the left compared to the one in
the previous case (Fig. 15.27). As can be seen from this figure chaotic dynamics
is revealed here much earlier.

Figure 15.28 presented is only the first iteration of the ellipse, but in this case
it is lying along the y = 0.5 and for different values of the control parameter p.
Increase of parameter p from 0.5 to 1.0 affects the deepening of the dynamics of
Ikeda chaotic mappings.
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Fig. 15.26 The first (a), second (b) and third (c) iteration of the ellipse shown in the upper right

corners of the drawing for mapping Ikeda
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Fig. 15.27 The first (a) and second (b) iteration of the ellipse for the Ikeda map
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Fig. 15.28 The first iteration of the ellipse for different values of the parameter p: (a) 0.6; (b) 0.7;
(c)0.8;(d) 0.9; (e) 1

15.7 Modelling of Nonlinear Ordinary Differential Equations

15.7.1 Introduction

In order to determine time evolution of the natural processes we should have the
knowledge of the functional dependencies between the function that describes this
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Fig. 15.29 Ball movement in V(y)
the vessel along the potential
V(y)
¥
[
e
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process and its derivative (or derivatives) and in addition we have to know the initial
conditions. As it has been already mentioned, the relationship between an unknown
function and its derivative is called a differential equation. Nowadays it is very
difficult to imagine the development in many fields of science without knowledge
of the differential equations theory. There are many directions of development in
modern theory of differential equations and various methods of teaching depending
on the needs of the designated public. This section deals only with a few examples
of systems of differential equations describing the dynamics of simple physical
systems in terms of chaotic dynamics (see also the monograph [224]).

15.7.2 Non-autonomous Oscillator with Different Potentials

Imagine that ball (material point) is in the vessel with the cross-section indicated in
Fig. 15.29.
The equation of the ball motion is:

dv (y)
dy

V4+cy+ = F coswt. (15.102)
The potential of V(y) may have two minima and one maximum, as is shown in

Fig. 15.29, or it may assume other shapes (Fig. 15.30).
If we describe the potential with equation

Byt

2
ay
V(y)ZT“r‘ 47

(15.103)
the case of Fig. 15.29 corresponds to the potential of @ < 0 and 8 > 0, and for the

potential of Fig. 15.30a we have @ > 0 and 8 > 0, and for the potential shown in
Fig. 15.30b we have @ > O and 8 < 0.
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Fig. 15.30 Typical shapes of the potential V(y)

Consider first the case of the system with no force and no damping. Then the
dynamics of the system is described by the equations

y=x,
X =—ay — By, (15.104)
Let us find a balance ball positions. In this case from y = x = 0 and
Eq. (15.104), we obtain
x =0,
y (¢ +By*) =0, (15.105)
which allows you to find three equilibrium positions (yo,Xxp) = (0,0) and

(X0, y0) = (:I: %‘,0). Let us examine the stability of each of the found

balance positions. For this purpose, assume that §, and §, are small perturbations
respectively for xg and yg, and we have

X = Xo + dx,
(15.106)
y = yo + 6y,

which together with (15.104) leads after the linearization (that is leaving only the
linear segments because of §, and §,) of the equations

8y = +6x,
5% = —ady — 3By38y. (15.107)
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We will look for solutions of (15.107) in the following form:

Sx = XM,
(15.108)
Sy = YeM,
what after substituting into (15.107) yields the characteristic equation
-1 A
=0, 15.109
' A a+ 3By} ( )
from which we determine the following roots
Ao =+ /—a—3By3. (15.110)

Next let us consider the case shown in Fig. 15.31. Then for (0,0) we have A, , =
+ /—a, and since o < 0, the roots are real and of opposite signs. Location (0,0) is
a saddle. Two remaining equilibrium positions correspond to the eigenvalues

Ao = +i V2a, (15.111)

that are imaginary values. Those positions of equilibrium are variety points of
middle type. Location (0,0) is called hyperbolic, and the remaining equilibrium
positions are elliptic. Phase trajectories with three equilibria are shown in Fig. 15.31.

Particularly noteworthy are two phase trajectories the shape of loop locked into
eight. Trajectories coming out of the saddle-point O and returning to it is called the
homoclinic trajectory (orbit). Homoclinic orbits can be described analytically in the
form of the following two equations

yu (1) = ,/_T%asech(i V= (1 — 1))

xp ()= —«a \/%sech (£ V=0 (t — 1)) tanh (+ /—a (t — 10)) (15.112)

where ¢ is the time parameter.

15.7.3 Melnikov Function and Chaos

The basic idea of the Melnikov method [22, 106] is to use a solution of the
uninterrupted integrable system of two differential equations to solve the disturbed
system of equations. Let the dynamics of the system to be described by the
equations:
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Fig. 15.31 Three equilibria and the surrounding them phase trajectories

X = filx,y)+egi(x,y,1),
y=fa(x,y) +ega(x,y,1) (15.113)

Parameter ¢ > 0 is a value ¢ < 1 and is called the small perturbation parameter.
It emphasizes the “smallness” of time-dependent disorders g; (i = 1,2). In such a
system chaotic motion may appear, and a set of parameters for which it appears can
be determined with the method described below.

For ¢ = 0 undisturbed system has two homoclinic orbits H°(¢) to the saddle
point (0,0). The core of homoclinic orbits is filled with one-parameter family of
periodic orbits H7” () with period T dependent on parameter y € (1,0)—see
Fig. 15.31.

If in the system (15.113) forcing functions g; (i = 1,2) are periodic in time,
while the functions f; (i = 1,2) have homoclinic orbit (as in Fig. 15.31), then the
Melnikov function as follows

o0
M () = 6/ LA 0010 YH0w—10] 82 [XH0(—10)s Y0610+ 1])

(o]

-/ [xHo(t—l‘o)’ yHO(f—to)] 81 [xHO(l‘—to)’ YHO(t—19)> t]} dr. (15.114)

If the function M () does not yield zero values, then the stable and unstable
manifolds do not intersect anywhere beyond the saddle point. If the equation
M(ty) = 0 has a solution, then additional intersection occurs. Let us now return
to Eq. (15.102) and potential (15.103).

The equation of motion of the oscillator with such a choice of the potential takes
the form

y=x,

x = —ay — By? —ecx + eF coswt, (15.115)

where ec and ¢F highlight the “smallness” of the distinguished parameters.
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Fig. 15.32 Phase trajectory (a) and Poincaré map (b) for the Duffing oscillator governed by
Eq. (15.115)

Assuming

flz-xs f2:_ay_.3y3v
g1 =0, g, =¢€(Fcoswt—rcx), (15.116)

and using (15.114), we obtain

M) = —— " ”( 2 + nFw \/;ﬂ (15.117)

cosh

The function M(#) changes sign for the following relationship between the
parameters

dc/(—a)’ |: Tw ]
= ————cosh . (15.118)
3rnw /28 2/
Let us take into consideration the following parameters: ¢ = 0.8, « = —12,
B = 100, @ = 3.3. The value of the last parameter is calculated from the for-

mula (15.118) obtaining ' = 1.3295. Equations (15.115) for given parameters were
solved numerically and the numerical simulation results are shown in Fig. 15.32.
The phase trajectory “jumps” in a random way between two points corresponding
to a minimum of two wells of the potential V(y). Figure 15.32b shows the strange
chaotic attractor on the plane in the form of an infinite set of points, while the
distance in time between two successive points is 7 = 27 /w (the Poincaré map).
In Fig. 15.33 as a control parameter taken was the amplitude of the exciting force
F (other parameters unchanged) and plotted the maximum value of the Lyapunov
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Fig. 15.33 Changes of
Lyapunov exponent as a
function of the parameter F | 1.2

Fig. 15.34 Strange chaotic
attractor discovered by Ueda

2 15 -1 05,0 ,05 ,1 15 2

exponent for 1 < F < 2. You can see that chaos appears for F' = 1.33, and then
disappears in the vicinity of F' = 1.62.
Consider the case of the potential when @ = 0 and B > 0. This case was analysed

by Ueda [233]. Presented strange chaotic attractor is often referred to as Japanese
attractor.

Vibrations of many simple physical systems can be simplified to the Duffing
equation. The equation of motion of the plane pendulum of inertia mass moment

equal B = ml 2, with air resistance coefficient ¢ forced by the moment M =
M, cos wt has the form (see Fig. 15.34)

B¢ = —mglsing — co¢ + M, coswt. (15.119)
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Fig. 15.35 Scheme of the process of Rayleigh—Benard convection used to derive equations Lorenz

After dividing by B we get
@+ cg + Bsing = F coswt, (15.120)

where: ¢ = ¢o/B, B =mgl/B, F = M,/B.
Chaotic dynamics of the pendulum takes a place forw = 1, F = 2.4, ¢ = 0.2,

B=1.

15.7.4 Lorenz Attractor

Lorenz model is a system of three nonlinear ordinary differential equations of the
first order [157]. Now we will derive those equations basing on the old problem
of Rayleigh—-Benard (reading of this induction of equations process can be omitted
without problems in further analysis of the chaotic dynamics).

Let between two infinitely long plates with H distance be a liquid (Fig. 15.35).
The liquid is heated from the bottom. Let u to be the velocity of liquid particles, let
T; to be the temperature surface, p; to be density surface and pressure p,, where
Ty corresponds po and g is the acceleration due to gravity. Temperature, pressure
and density are changed according to the following formulas (for u = 0), AT is the
linear increase of the temperature.

Tu(z) = To + AT — (%) AT,

ps(Z) = ,OO[1 - Ol(Tg(Z) - TO)]v
Vps(2) = —ps (2) g7, (15.121)

where 7 is the normal vector in the z direction. Firstly (that is with the provision
of the low thermal energy) occurs laminar convection. Subsequently, stable vortices
are formed, wherein the temperature increase is nonlinear described by

O, y,2t)=T(x,y,z,t) =T, (2). (15.122)



576 15 Chaos and Synchronization

Speed u changes in time and the dynamics of the flow is described following
system of partial differential equations

0 1
a 4+ w-V)u=a00gz— (—) Vép + vViu,
ot o

00 AT
?—F(u'V)@ = yV?0 —u, (7)
Vu =0. (15.123)

Here dp is the pressure change proportional to the convection state, v is the liquid
kinetic viscosity coefficient, y is a constant thermal diffusion process, and V2 is the
Laplace operator. Since u, = 0, then the remaining components of the velocity
vector can be obtained from the equations:

o W

.= U= —. 15.124
0 9z T ox ( )

In addition, Lorenz introduced the following boundary conditions:
OO =0H)=y )=y (H)=V¢y(0)=Vy(H)=0. (15125

Function of temperature dispersion ® and flow function i can be found in the
form of the following Fourier series:

J
O (x.y.z.1) = Y _sin(jmz) O; (x.1).
—
’ (15.126)

J
Y (x,y,2,0) = Y sin(jm2) ¥ (x,1).

=1

Further Lorenz limited his considerations to only three basic solutions, and taking
into account the boundary conditions he obtained

O(x,z1) = ARTic I:x/iY () cos (]THE) sin (%) —z(t)sin (%)} ,

2
v (x.21) = M}((z) sin (”Hﬂ) sin (%) (15.127)

where R, is the Rayleigh number with the critical value R, :

H3AT “(1+a?)
wgHIAT —_ m(1+d) (15.128)

R =
¢ XV a?
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X, Z and Z are amplitudes of three successive forms of the assumed solution that
are dependent on time. Lorenz equations we obtain by substituting (15.127) into
Eq. (15.123). They have the following form

dX
— =0 -X),
e o( )
dYy
— =—-XZ+rX-Y,
dt
Z
d— = XY —-bZ, (15.129)
dt
where
m(1+a%) e w 4 R,
=, = —, b = ——F, = —. 15130
i = X i+a TR (15130

During computer simulations of these equations Lorenz noticed irregular oscilla-
tions for certain parameters of this strongly simplified version of a physical model.
He also noted in the plane (X, Y) a geometric shape somewhat resembling a human
kidney. Phase point wandered around the left or right kidney, while the jumps
between them were random and impossible to predict.

Lorenz equations system is an autonomous system (without acting external
force). Let us try to determine the equilibrium position of the system and investigate
their stability. For b > 0, 0 > 0 and r > 0, Eq. (15.129), we obtain

o (Y —Z) =0,
XY +rX—-Y =0,
XY —bZ = 0. (15.131)

As one can easily verify (X,Y,Z) = (0,0,0). Disturbing the equilibrium
position and limiting the discussion to the differential equations of the linear
disorders we obtain the characteristic equation of the form

A+b[A>+ @+ DA+o(d—r)]=0. (15.132)

For 0 < r < 1 Eq.(15.132) has three real roots neither of which is negative.
This means that considered equilibrium position is a stable. For r = 1 occurs
solutions branching—bifurcation. For r > 1 we have the following solution set (the
equilibrium)

X=Y=x2b(r-1),
Z=r—1. (15.133)
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Fig. 15.36 Lorenz attractor
projection on the plane
(X,Y) foro =10, r = 28, 30
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The previous solution (0,0,0) still exists, but is unstable. Characteristic equation
in the considered case takes the form

Mr@@+b+D)A 4+ +0)bA+20b(r—1)=0. (15.134)

Both the equilibrium positions defined by Eq. (15.133) lose their stability after
exceeding the critical value of the parameter.

o(c+b+3)

15.135
oc—b—1 ( )

re =
Lorenz attractor projection is shown in Fig.15.36. Numerically calculated
attractor dimension equals d = 1.768 + 0.071. Figure 15.37 shows a graph of

the Lyapunov exponent A in dependence of the control parameter r. For big values
it assumes positive values, what reflects the chaotic traffic.

15.8 Synchronization Phenomena of Coupled Triple
Pendulums

15.8.1 Mathematical Model

The investigated system consists of N identical triple pendulums [27]. Each triple
pendulum, exhibited in Fig. 15.38a is a plane subsystem of three rigid links,
rotationally coupled in points O; (j = 1,2,3), with viscous damping of the
coefficients¢; (i =1,2,..., N), respectively. The position of the system is defined
by 3N angles ¥; ; (i = 1,2,...,N, j = 1,2,3). Masses of the corresponding
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Fig. 15.38 The ith triple pendulum (a) and example of three coupled sets of pendulums (b)

links are denoted by m; (j = 1,2,3), while /; denote mass moments of inertia
of the corresponding bodies with respect to axes z.; (j =1,2, 3) - principal central
axes perpendicular to the motion plane. It is assumed that the mass centers (axes
Z¢;) of the links lie on the lines including the corresponding joints (O, j =1,2, 3).
The first link of each pendulum is forced by the external and common signal
¢ (t) = @t (where 7 is time), realized by relative rotation of additional body (of
mass mg and inertia moment /) connected to the first link in the joint O;. Other
geometric parameters of the system are visible in Fig. 15.38a. The pendulum sets
are situated along a line perpendicular to the motion plane and they are coupled by
viscous and elastic connections (with angular viscous damping coefficient k¢, and
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angular stiffness k) between the first links of neighbouring sets of triple pendulums.
Figure 15.38b exhibits an example of three coupled sets of triple pendulums.

The system is governed by the following set of differential equations in the
Lagrange formalism

a(on ) o o s
dl’ a| aw,"j aw,"j a "

iJj

i=1,...,N, j=12,3, (15.136)

\ -
where (...)—denotes derivative with respect to real time t, T;, V;—real kinetic and

potential energy of the ith pendulum, Q ;,j—Teal generalized forces acting in the
system. The reader may find more material devoted to numerical and experimental
investigations of the triple pendulum set in [27,28,36].

Real kinetic energy of the ith pendulum follows

- \ 1 | 1 [ 1 \
T: = Ai(Y; ) + EBllﬁzi,l + EBZWZi,z + §B3W2i,3

\ \ \ \
+ Ny (5 c08 (i1 — Win) + Nz, (W, 3 c08 (Vi — ¥i3)

[
+ Noa¥; )Y 3¢08 (Yi2 — Yi3) (15.137)

where:
B =1+ 1 +612m1 +e§mo + llz(mz + m3),
By = I, + e3my + 13m3,
By =1+ €§m3,
N1y = maesly + mslils,
Niz = mesly,
Noz = m3esls, (15.138)
and where
A (1/‘4.,1) = %a) [10 (a) - 21//1-’1) + egmo (a) + 2%1)} : (15.139)

Real potential energy of gravitational forces for the i -th pendulum is as follows

I7i = —Mycos (Vi1 + @it)—Micosy; 1 —Mycosyrjp—Mscos 3, (15.140)
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where

My =mogey, M, =mge + (my+m3)gl,
(15.141)

My =mager +msgh, Mz =msges,
and g is the gravitational acceleration.

The coupling between the adjacent sets of triple pendulums is modelled by
following generalized forces

_ \ [ \
Qir=—Cy;;1—C (%,1 - Wi,z)

_ | [
+ —ky [(lﬁiﬂ,l — i) + Wic11 — Vi) + Crs (W,’+1,1 - Wm)

\ \
+Crs (Wi—l,l - wi,l)i| )
_ \ [ \ [
Qir=—C (W,’,z —Yi]—¢ (Wi,z - %,3) )
[

Q_i,3 = —C3 (Iﬁm — %,2) , where i=1,...,N (15.142)

\ | |
and where we assume that Y01 = V11, Yo ;1 = ¥ YN+11 = YN Yvgrn =

|
V-

Then we introduce the non-dimensional time t

t =ar, (15.143)
where
1
ar = (MiB')2. (15.144)
Furthermore, we take

d(..) d(..
= 15.145
dc "4 ( )

and therefore
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Wi,j = allpi,js
w=0w,
(15.146)
9(..) _d(. )3%,(1& ) 1a(.)
| oy, a9
B‘Wi,j J a‘wi,j !
wherei = 1,..., N, j = 1,2, 3, o denotes the non-dimensional counterpart of real

angular frequency @ and (.. .) is derivative with respect to non-dimensional time .
Dividing both sides of the real equations (15.136) by 2E, where

1
E1 = —OllBl = EMl, (15147)

the following non-dimensional Lagrange formulation of the governing equations is
obtained

T; T; ; . .
i<a. )_a + M o =N j=1.23  (15.148)

8@0,;,» aWi,j aWi,j

Non-dimensional kinetic energy of the i -th pendulum is as follows

at(wzl)"‘ I/fll"‘ :321/42"‘ ,331/43

i

2E
+ VWi 1Y cos (Wi — VYin) + visviavizcos (Vg — Vi3)
+ 2392 3 €08 (Yin — Vi 3) (15.149)
where
B B3 Niz Ni3
_By B N N 15.150
B2 B, B3 B, V12 B, V13 B, ( )
and
A; (Wl ) 1 .
ai(Yi1) = L= — [1o (e —291) + elmo (o1 + 291)] .
E1 2B
(15.151)

Non-dimensional potential energy of gravitational forces for the i-th pendulum
has the form

=

Vi, = > = —pocos (Yi1 + wit)—cos Y 1 —a cos Y o—pscos iz (15.152)
1

!
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Where
/“L 7/“L2 ’I'L?) . (15‘153)

Non-dimensional generalized forces have the following form

_ Qi _ —c1i — 2 (1'%‘,1 - ‘-ﬂil)

+ —ky [(Wig11 — Y1) + Wicra — Y1) + s (Yigr1 — Vi)

+Crs (Ipi—l,l - Iﬂzl)] )
(V2 — Vi) — 3 (Vi2 — Vis) .

_ Qi
Qir = 25 s
05 - - .
Qiz==—==—c3(Yis—¥i2)., i=12,....N, (15.154)
2F,
where
o=~ for =123
N TV Jj =123,
- (15.155)
= =g, M
s — Ml’ rs — rs Bl

and where we take Yo1 = Y11, Vo1 = VY11, Yn+11 = YN YN+11 = Y.
Finally, the non-dimensional governing equations can be written as follows

M) ¥; +N@;) Vf,z FCY; P ) =E(Yi_ Vi Vi Vi VY g)
(15.156)

i=1,2,..., N
where
. - .
Vi . Vi S /i1 . Via
wi = wi,z s wi = 1.#,',2 ’ Wi = ,22 s Wi = 1@‘,2 s
Vis Vi3 2 Vi3
1 vi2€os (Y1 — Yi2) vizcos (Yi1 — V¥i3)
B2 Va3 cos (Vio —vi3) | »
B3

M (¥;) = | viocos (Yi1 — Vi)
V13 €0s (Vi1 — ¥i3) vazcos (Yin — V¥i3)
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0 vizsin (Yi 1 — ¥i2) vizsin (Wi — ¥;3)
N@;) = | —viasin(¥i1 — Vi) 0 vos sin (Yo — ¥i3) |,
—vizsin (Y1 — ¥i3) —va3sin (Y2 — ¥;3) 0

ci+c —c2 0 sin ¥ 1+ o sin (Vi1 +wt)

C=| —c ctez—c3 |, pQi.t)= M2 sin Y » .
0 —c ¢ M2y sin ;3
Vi1 — 2 + Vi1 + g (Vi1 — 295 + Yig)
f—k, 0 . (15.157)
0

15.8.2 Numerical Simulations

The following set of real parameters is constant during the numerical simulations
presented in the current section

1
10—11—12—13—Ekg m2,

1
€1—0, 60—6‘2—6‘3—§m, 11—12=1m,

G =&=20=01Nms, &, =0347611s, g=10m/s%. (15.158)

The set of real quantities (15.158) leads to the following non-dimensional
parameters

B, = 0.5517, B3 = 0.1379,
po = 025, =0.75,
Vo3 = 02068, Vi = 0.6207, Vi3 = 02068,

cir=c=c3=0.01438, ¢, =1. (15.159)
Figure 15.39a exhibits bifurcational diagram for one (N = 1) or for unco-
upled triple pendulums (k; = 0), with the excitation angular frequency w as a

bifurcational parameter. In Fig 15.39b—d there are presented two exemplary orbits:
the periodic (b) for @ = 0.68 and the chaotic one for o = 0.72 (c, d). Then,
for (chaotic behaviour of uncoupled systems), we present bifurcational diagrams
(Fig. 15.40) of dynamical behaviour of three coupled pendulums (N = 3), with
coupling coefficient k; as a control parameter. The first Poincaré section (for k; = 0)
of each bifurcational diagram is performed by the use of the following set of initial
conditions
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Fig. 15.39 Bifurcational diagram for one (N =1) triple pendulum (a) and the corresponding
periodic solution for @ =0.68 (b) and chaotic attractor for v =0.72 [(c) trajectory, (d) Poincaré
section]

Vi j(0) =0, v;;(0)=10"% where i=1,2,...,N, j =123,

(15.160)
so the pendulums start from closely located, but different states. During a jump to
the next Poincaré section (the change of control parameter), see Fig. 15.40a, the
system state preserves continuity or is restarted to the initial conditions (15.160)—
see Fig. 15.40b. Figure 15.40 exhibits rich spectrum of synchronization phenomena
governed by the investigated system (the associated Poincaré maps are reported in
Fig. 15.41). In particular, we have observed the intervals of chaotic and periodic
behaviour of the system, or even regions of coexistence of chaotic and periodic
attractors. We have also found the intervals of exact synchronization between
chaotic behaviour of all three pendulums and the zones of exact synchronization
between irregular motion of the first pendulum and the third one, while the second
pendulum moves non-synchronically on chaotic attractor. We can also observe
other kinds of non-exact synchronization, usually between periodic motions of the
pendulums.

To conclude, in this section the preliminary research results of the system of
coupled triple pendulums are presented. We have identified and shown examples
of rich dynamics exhibited by the investigated system, including many different
kinds of synchrony and opening the route to more deep and general view of
synchronization phenomenon. Since there is a direct mechanical interpretation of
the proposed model, the experimental verification is potentially possible. There are



586 15 Chaos and Synchronization

00 02 04 06 08 10 12 14 00 02 04 06 08 10 12 14

00 02 04 06 08 10 12 14

ks ks

Fig. 15.40 Bifurcational diagrams for three (N =3) coupled triple pendulums

many possibilities of further research of the system, e.g. investigations of larger
number of coupled subsystems of pendulums consisting of larger or smaller number
of links.

15.9 Chaos and Synchronization Phenomena Exhibited
by Plates and Shells

15.9.1 Introduction

In the past two decades a key role of the theory of bifurcation and chaos has been
exhibited in the studies on high-dimensional nonlinear systems, and in particular
structural members like beams, plates and shells. On the other hand, the mentioned
structural members are widely applied in civil aerospace and mechanical engi-
neering, including space stations, satellite solar panels, precision micromachines
and instruments, and so on. In engineering an attempt to fabricate light-weight
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Fig. 15.41 Poincaré sections corresponding to Fig. 15.40a, for k; = 0.05 (a, b) and k; = 1.4 (c,
d)

high-speed and energy-saving structures by simultaneously keeping large structural
flexibility and stability, even for relatively large vibration deformation, is observed.
In order to satisfy the engineering expectations, novel mathematical models are
needed, supported by development of the theory of bifurcation and chaos as well as
novel theoretical/numerical tools aimed at solving the governing partial differential
equations are highly required. Below, a brief state of the art validating the mentioned
remarks is given.

An averaging method was applied by Yang and Sethna [246,247] to detect and
analyse local and global bifurcations in parametrically excited nearly squared plates
for symmetric and anti-symmetric cases. They formulated analytical conditions
for the Shilnikov-type homoclinic orbits and deterministic chaos. A double mode
approach to predict chaotic vibrations of a large deflection plate utilizing the Mel-
nikov method was proposed by Shu et al. [218]. Lyapunov exponents, bifurcation
diagrams and fractal dimension concepts were applied by Yeh et al. [249] to study
chaotic and bifurcation vibrations of a simply supported thermo-elastic circular plate
in large deflection.

Nagai et al. reported analytical results for a shallow cylindrical panel with a
concentrated mass under periodic excitation [178] as well as experimental results
of a shallow cylindrical shell-panel [177]. Amabili [5, 6] analysed the transition
to chaotic vibrations for circular cylindrical shell and doubly curved panels in the
vicinity of the fundamental frequency.
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Ye et al. [248] analysed chaotic vibrations of antisymmetric cross-ply laminated
composite rectangular thin plate under parametric excitation.

Wang et al. [241] studied chaotic vibrations of a bimetallic shallow shell of
revolution under time-varying temperature excitation using the Melnikov functions,
Poincaré maps, phase portraits, Lyapunov exponents and Lyapunov dimensions.
They reported the onset of chaos, transient chaos, direct and reversed period-
doubling scenario, jump phenomena and interior crisis. Nonlinear dynamics and
chaos of a simply supported functionally orthotropic gradient material rectangular
plate in thermal environment subjected to parametric and external excitations was
studied by Zhang et al. [252]. The governing partial differential equations were
reduced to ordinary differential equations modelling the truncated three degree-of-
freedom nonlinear mechanical system.

Touzé et al. [232] studied von Kdrman equation for thin plates which exhibit
large amplitude vibrations putting emphasis on the transition from periodic to
chaotic vibrations in free-edge, perfect and imperfect circular plates. The bifurcation
diagrams, Lyapunov exponents and Fourier spectra were applied to analyse both
transitions into chaotic regimes and the energy exchange between modes.

In spite of the application oriented and so far briefly described papers, the
existence of global attractors and inertial manifolds exhibited by von Kéarmén
equations for various types of damping laws was rigorously analysed by Chuesov
and Lasiecka [66-68].

15.9.2 One Layer Shell

This section is devoted to the investigation of plates/shells subjected to harmonic
load actions of their parameters, as it is shown in Fig. 15.42 (see [23]).

We consider flexible one-layer thin shells of length a, width b and height /1, made
from an isotropic and homogeneous material. The shell is loaded via continuous p,
and p, loads distributed along its perimeter. The following hypothesis are applied:
arbitrary shell’s cross-section, being normal to the shell middle surface deformation
remains normal after the deformation, and the cross-section height is not changed;
although rotational inertia of shell elements is not taken into account, inertial forces
associated with displacements along a normal to the middle shell surface are taken

=0 +D sin(wp 1)

Fig. 15.42 Shell with normal
and longitudinal harmonic
loads

P=py+ pysin(@,1)
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into consideration; external forces do not change their directions during the shell
deformation; geometric nonlinearity is taken in the Karman form [240].

The so far listed hypotheses are based on the Kirchhoff-Love ideas, and they can
be understood as the first approximation approach to build a mathematical model of
the shell. The governing non-dimensional PDEs have the following form [239]:

1 92w ow
VW VIF — LW, F)— — —e— —q(x,y.1) =0,
i, Ve (w, F) TR, q(x,y,1)

1
Vi*F 4+ Vilw + EL(w, w) =0,

(15.161)
where
1 o 9 9 Pw F  *wd*F
RSP C AR S A () O E R
V=g e Pl P = ga e T g
5 Pw 0*F
dxdy 0xdy’
02 02
Vil =ky— + ky—.
k Y 9x? o dy?

Here w and F are the deflection and stress functions, respectively; A = a/b,
where a, b are the shell dimensions regarding x and y, respectively; u is Poisson’s
coefficient and ¢ denotes the damping coefficient. The initial conditions follow

aw
W()C, y)|t=0 = (pl(-x, y)s E = (pZ(xv y)s (15162)
t=0

and the boundary conditions have the form

Pw ?*F
w =0, W:O, F =0, W:py for x=0,1,
(15.163)
0. P _o Foo PF f 0,1
=0, =0, =0, = Dx or =0V, 1.
v dy? dy? p; Y

System (15.161)—(15.163) is transformed to its non-dimensional counterpart
form using the following parameters: A = a/b ,x = ax,y = by,w =

hw—deflection; F = Eh® F—Airry’s function; ¢ =i /& fptime; g = 152h2

transversal load; ¢ = % \/ b;g é—damping coefficient; g—Earth acceleration;
p = yh (y—unit weight density); ky, = kx“,—1, lg ky};j k, = ri, k, =

rly(kx, k,—shell curvature regarding x and y, respectively); ry, r,—curvature
radius of the middle shell surface regarding x and y, respectively. We have also
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E—elasticity modulus, p, = %S, Px = i—f—longitudinal loads regarding x and
y respectively. Bars over the non-dimensional quantities are omitted. Harmonic load
Px = po + pisinwyt, py = po + pasinw,t, where py = const, w, is the

frequency of harmonic excitation, and p; and p, are the amplitudes of the excitation.
In addition, g = go + q1 sinw,t, where gg = const, w,, q; are the frequency and
amplitude of the transversal harmonic load, respectively.

The system of PDEs (15.161) is reduced to ODEs via the FDM (Finite Difference
Method) with approximation O (h?) regarding the spatial coordinates x and y. First,
equations of nonlinear ODEs in time are solved via the fourth-order Runge—Kutta
method with respect to the deflection w. Then, the values w are substituted into
the right-hand side of the second system of ODEs. Therefore, the second equation
becomes linear, and it is solved using the method of inversed matrix regarding the
Airy’s function F' on each time step. The latter is chosen via the Runge principle.
The number of FDM partitions n = 14. Discussion of the influence of n on the
obtained results can be found in [31], where the rectangular plate is studied. It is
shown, among others, that convergence of the results can be obtained in the averaged
meaning, i.e. via the estimation of wavelets spectra and Lyapunov exponents. In
the case of chaotic vibrations only the integral convergence is achieved, whereas
for small amplitudes of the exciting loads also the convergence regarding regular
vibrations can be obtained.

(1) Reliability of the Results

Reliability of the results is examined via the relaxation method applied for the
first time for shells by Feodos’ev [88]. Since stability loss of any deformed system
is a process which takes place in time, it should be studied from the point of view of
dynamics. However, in many cases stability of the majority of constructions carrying
the load can be estimated by a static method (in the case of a conservative system it
yields the same results as those obtained using a dynamical approach [215]).

Solving the Cauchy problem for ¢ = ¢.,, for a series of constant load {P;},
we get a sequence of deflection {w;}. The value of deflection w should tend to
steady-state. Then the dependencies p,(wy) and p,(wy) are constructed and the
strain-stress system state is investigated. Observe that in order to initiate vibrations
the shell had initially introduced imperfection of the magnitude of gy = 0.001.

We compared the dependencies py(ws) and p,(wy) for the fixed parameters
ky =12k, =0and k, =0, k, = 12 (Fig. 15.43a); k, = 24,k, =0and k, = 0,
k, = 24 (Fig. 15.43b); k, = 48, k, = O and k, = 0, k, = 48 (Fig. 15.43c). In
order to solve the second governing equation via the inversed matrix method, it is
necessary to build this equation in the corresponding matrix form and to construct
the matrix A [n?> x n?] and the column matrix B containing n> rows. Boundary
conditions regarding x and y appear in B in a different way. Comparing the obtained
results reported in the mentioned figures it is seen that the curves coincide (the
difference is less than 1%). The difference appears only for the shells with two
geometric parameters k, = 12; 24, k, = 0 and k, = 0, k, = 12; 24. It happens
when the same longitudinal load along the shell perimeters is applied in unstable
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Fig. 15.43 Dependencies w(p) for k, = 12, k, = 0/ky, = 0, k, = 12 (a); k, = 24, k, =
Ok, =0, k, = 24 (b); k, = 48, k, = O/k, = 0, k, = 48 (¢)

zones, i.e. when the load intensity belongs to (100;200). In the latter case non-
unique solutions are observed, and this case is described and studied in [26, 140].

The zone of instability occurs only for high order loads. Dependencies p, (wg)
and p,(wg) for curvatures k, = 48,k, = 0 and k, = 0, k,, = 48 are computed for
the load intensity po € (0; 10). For the longitudinal loads of py > 10, the deflection
values are not within the assumed hypotheses regarding the introduced shell model.
In the reported results we do not observe zones of stability loss and the difference in
results does not reach 1%. This validates the reliability of the results and correctness
of the applied algorithms.

Since we studied the squared shell with a = b, intensity of the applied loads in
both directions is the same for each experiment. In other words, the given pairs of
curves describe in fact the same physical models. Therefore, the analysis carried out
using the Feodos’ev method with respect to the geometric parameters shows good
coincidence with the physical aspects of the investigated process. This validates the
reliability of the results and correctness of the applied algorithms.

(i1)) Wavelet Analysis

Observe that signals obtained as a result of the numerical experiments are
presented in time domain. To visualize the signal we need time (independent
variable) as one coordinate, and amplitude as a dependent variable, i.e. we should
get an amplitude-time signal representation. For the purpose of a qualitative
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investigation we need to study the frequency spectrum of a signal, i.e. the set of
its frequency components. The Fourier transformation has been applied for a long
time to study frequencies of a signal. However, from the point of view of exact
analysis and detection of the local signal properties, the Fourier series has a lot of
limitations and drawbacks. Being well localized in the frequencies domain, it does
not yield time representation. It is well known that practically all signals obtained
while studying dynamics of nonlinear systems are non-stationary. This fact indicates
difficulties while applying the standard Fourier approach. The theory of wavelets,
which is an alternative approach to the Fourier analysis, offers deeper techniques of
signal analysis. The main advantage of the wavelet analysis relies on a possibility
of monitoring of the signal localized properties, whereas the Fourier analysis fails
to solve the latter task. The Fourier coefficients express characteristic features of the
studied signal within the whole time interval. In other words, if we study a complex
signal using the Fourier analysis, i.e. a signal whose characteristics change in time,
then in the output we will get the sum of all features exhibited by its local behaviour.

Signals produced by numerical simulations while investigating the continuous
mechanical systems often have a complex structure. Their frequency characteristics
strongly change in time. Therefore, in this paper in spite of the classical Fourier
analysis, the wavelet analysis is applied, which allows us to detect a number of
interesting peculiarities of vibrations of the studied systems.

A first key point requiring a serious investigation concerns the choice of a
wavelet, which entirely depends on the character of the studied problem. In order to
solve the given problem, we consider a non-stationary signal obtained in a numerical
experiment. Here we consider the shell with parameters k, = 24, k, = 0, we apply
the harmonic longitudinal load in the directions of axis x andy withw, = 6.7 < wo,
and amplitude p; = 4.9 (o is the natural shell frequency). For a given signal
various wavelet spectra are constructed [75,76, 163, 173,174,220].

The Haar wavelet is badly localized in the frequency domain, whereas the
Shannon wavelet is badly localized in time. Analysis of the wavelets spectra
obtained with the help of the Daubechies wavelets, coiflets and symlets shows that
an increase of the order of the applied filter implies an increase of the wavelet
resolution regarding frequency.

In spite of the differences in the wavelets forms, the wavelet spectra obtained
on the basis of the Daubechies wavelets, coiflets and symlets of the same order
are practically the same. However, they do not allow us to get a sufficient
frequency localization of the investigated vibrating continuous mechanical systems.
Considering the results obtained on the basis of the Gauss function derivatives, the
accuracy of frequency estimation increases with an increase of the derivative order.

Table 15.1 gives results obtained via Meyer, Morlet (real and complex), Gauss
(real and complex) wavelets from 16 up to 32 derivative order, and the Daubechies
16 wavelet.

The data given in Table 15.1 show that the localization with respect to frequency
increases with an increase in the number of zero-order moments of an applied
wavelet. Complex Morlet and Gauss wavelets exhibit better localization regarding
the frequencies than their real counterparts, but the time localization is better in the
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Table 15.1 Frequency vs. time (wavelet spectra of different wavelets)
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case of real wavelets. Therefore, in order to study chaotic vibrations of plates and
shells one can apply either complex or real Morlet wavelets, as well as the real and
complex wavelets obtained via high order differentiation of the Gauss function.

(iii) Numerical Results

Numerical experiment carried out for (w, = wy = 5.8, k, = k, = 0) yielded
a bifurcation for a small excitation amplitude with a sudden reconstruction of the
plate vibrations character, which is shown by 2D wavelet spectrum in Fig. 15.44. In
the initial time interval excitation frequency is exhibited, and then beginning from
t ~ 50 the first subharmonic w; = 2.9 = w,/2 dominates. Since in this case
the change of the vibration character takes place through a narrow chaotic window,
therefore the application of Fourier transformation in the whole time interval is not
feasible to monitor peculiarities of evolution of the frequency characteristics in time.

However, as expected, the application of Fourier analysis in each of shorter
time interval coincides with the results obtained by the wavelets spectrum (second
bifurcation for p; = 1.1 takes place for ¢ > 120). The monitored scenario is a kind
of modification of the Feigenbaum scenario (see Table 15.2).

While investigating a shell with geometric parameters k, = k, = 12 forw, =
5.7 < wyp the following scenario of transition from periodic to chaotic vibrations is
observed. For the excitation amplitude 1.7999, the Fourier spectrum exhibits a pair
of dependent frequencies w, = w, —w; (w1 = 1.644, w, = 4.36). For p; = 1.8 the
Fourier spectrum consists already of two pairs of non-commensurable frequencies
and one more frequency of a third pair with small amplitude (Table 15.3a). The
increase of control parameter p; makes the Fourier spectrum noisy implying chaotic
vibrations of the shell. The monitored wavelet spectra approve that the transition into
chaotic vibrations is realized via the Pomeau—Manneville route.

We pay more attention to the information obtained by the wavelet spectra. The
wavelet spectra register frequency w; = 1.644 for p; = 1.81, but only in the initial
time interval (Table 15.3b). This low information property of the applied apparatus
is caused by the domination of excitation frequency over the remaining frequencies.
However, this drawback is removed while constructing a wavelet spectrum with the
frequency constrained. Namely, considering the interval of frequencies for w < 4,
the mentioned phenomenon is now well reported (Table 15.3c).
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Table 15.2 The Fourier S(w) and wavelet 2D spectra for k, = k, = 0, w, = wy = 5.8,
P = 1.1
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The wavelet spectrum corresponding to the periodic Fourier spectrum (p; = 0.1)
exhibits two pairs of linearly independent frequencies which are detected by the
Fourier spectrum for p; = 1.81. Therefore, the frequency spectrum constructed on
the basis of the wavelet transformation allows for the detection and monitoring of
frequency characteristics of vibrations.

The numerical simulation for the fixed parameters: k, = k, = 24, 0, = wy =
24.8 shows that a number of linearly dependent frequencies may increase not only
due to the increase of a control parameter, but even for its fixed value (p; = 0.1)
owing to the modified Ruelle-Takens scenario. Namely, in the interval # < 150 we
have two pairs of frequencies w, = w, —w; and w3 = w, — ws, where w; = 3.927,
w; = 20.873, w3 = 7.854, wy = 16.946. In time interval ¢ € [150,250] the
frequency ws = 10.21 appears which belongs to a third pair. Then the number of
frequencies increases more in the finite time interval. The signal time evolution is
well demonstrated by the 2D wavelet-spectrum in Table 15.4.
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Table 15.3 Fourier S(w) and wavelet W(w) spectra for different p,
a S (p=181) b W(w) (p;=1.81) c W(w) (p;=0.1)

0 2 4 6 50 100 150 200 250 50 100 150 200 250
t t

Table 15.4 Fourier S(w) and wavelet spectrum for k, = ky, = 24, w, = wy = 24.8, p; = 0.1.
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15.9.3 Two-Layer Shell

(i) Problem Formulation

In this section we study a two-layer spherical flexible isotropic elastic shell
with constant stiffness and density which is subjected to the action of harmonic
longitudinal load (Fig. 15.45) (see [23]). The constant load ¢ is applied only to the
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Fig. 15.45 Computational
scheme of a two-layer shell

e e
frtrir )

Zw,z h
" b=+ pysinay)

upper shell layer. The layers move freely or slide without friction. Due to small
values of the contact pressure, zones of permanent sticks rather do not occur. Contact
conditions occurring between the layers can depend on the coordinates, and they
include all possible cases of a one-sided contact. The hypotheses are the same as
for the one-layer shell. The contact pressure function is excluded from a number
of unknowns. The shell occupies the following space: 2; = {x1, y1,z1]|(x1, y1) €
[0;a] x [0;b],z1 € [—hi:hi]}; Q2 = {x2, ¥2,22|(x2, y2) € [0;a] x [0;b],22 €
[~h2:ho]}, 0 <t < oo.

The governing equations of the theory of flexible shallow shells [239] taking
into account a contact between the layers [133] have the following non-dimensional
form:

2
Vi, — LWy, F,) = V2E, +q + K(w, —hy —w,)¥ = 2 4 o) 2

1
12(1—422)

a2 a
4 1 2
V,F, = _EL(Wm’Wm) —Viw,,.
(15.164)
where
1 9 9* 9 92 02
V4:— 2 2 . szk\'_ k\'_,
N ot T ot T ey F T R TRages
Pwy, 02F,  0*wy 0°Fy Pw,, 0*F
Liwy. Fy) = w w w .

ax2  dy2 ax2  dy2 T 0X Y 0Xp 0y
1
v = 3 [1 + sign (wy — b — w)].

Here w,, and F,, are the deflection and stress functions, respectively; m = 1, 2;
K is the stiffness coefficient of the transversal contact zone. We have ¥ = 1, if w; >
wy + hg, i.e. contact between panels occurs, or ¥ = 0; wy, w, denote deflection
of the upper and lower panel, respectively. The following boundary conditions are
attached:
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32W1 82F1
=0, =0, F,=0, =p, () f =0,1,
" a7 1 vz P for
32W1 32F1
wr =0 F:O’ F, =0, a——p“(t) for y; =0,1,
1 yl
02 0’ F
W =0, Z22—=0, =0, “—==0 for =01,
8x2 8x22
02 PF
wa=0, T2=0, FH=0 “=p,@) for y,=0,1,
ay5 3)’2

(15.165)
where p,, (t) = po+ p1sin(wpt, py,(t) = po+ p2 sin(w,t) denote the longitudinal
loads. The initial conditions are as follows:

Wi (Xims Ym)li=0 = ¢1(Xm, Ym) = (X, Ym)- (15.166)

Equation (15.164) is transformed to non -dimensional usmg the following rela-

— 1 _ 1
tlons xm - axmv ym - bym’ Xm — kYm h ’ kym - kym h ’ kYm - rxm kym - rym ’
~ Enh} . .
m = dm—aps Tm = ab Ep’z, , A1 = %, where a,b are the dimensions of
m ma&m

the rectangular cylindrical panel regarding x,, and y,, respectively; A, denotes
the shell thickness; g, is the Earth acceleration; p,, = yh;,, where y,, is the
volume weight density; ry,,, 7, is the curvature radius of the shell regarding x,,
and y,,, respectively. Furthermore, ¢ is time, &, is the damping coefficient, © = 0.3
is Poisson’s coefficient for the isotropic material, E,, is the elasticity modulus,
gm(x, y, ) denotes the transversal load, and K = K~ h is the stiffness coefficient
of the contact zone. Bars over non-dimensional quantltles are omitted.

In order to reduce PDEs (15.164) to ODEs we apply FDM (Finite Difference
Method) with approximations O (c?) regarding spatial coordinates. The obtained
Cauchy problem is solved via the fourth-order Runge—Kutta method. Simultane-
ously, on each time step a linear system of algebraic equations is solved.

(ii) Phase Chaotic Synchronization

We introduce phase ¢ (¢) of a chaotic signal [188,199], with its frequency denoted
as an averaged phase velocity ((;S(t)) There is no universal way to introduce the
phase of a chaotic signal which gives correct results for an arbitrary dynamical
system. Here, we apply wavelets to detect a regime of chaotic synchronization
of mechanical dynamical systems with a badly defined phase. Dynamics of the
mentioned systems can be characterized with the help of a continuous set of phases
which are defined by a continuous wavelet transformation of the chaotic signal w(z)
[147] in the following form
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+o00

Vst = [ wouodn 0=z (50),

—0o0

where ¥, (7) is the wavelet function, obtained from wavelet ¥, (¢), where (x)
denotes a complex conjugate. Time scale s defines wavelet width, and ¢ is the time
shift of the wavelet function along time axis. We take the Morlet wavelet of the
form Yo(n) = 7~'/* exp (jwon) exp (—772/2). Owing to the choice of w, = 2,
we keep the s ~ 1/w ratio between time scale s of the wavelet transformation and
the frequency @ of the Fourier transformation. Therefore, the time scale s within
the wavelet analysis corresponds to the frequency yielded by the Fourier analysis.
The wavelet surface V(s 7)) = |V (s, %) |exp (jPs(fo)) characterizes the system
behaviour on each time scale s in the arbitrary time instant #y. Magnitude | V (s, ) |
characterizes the time scale s in the given time instant 7. Analogously is defined the
phase ¢;(t) = arg V (s, t) for each time scale s. Therefore, behaviour of each time
scale s is characterized by the corresponding phase ¢;(?).

If the structural members are out of the synchronization regime, their behaviour
is asynchronous on all time scales s. If synchronization takes place on certain time
scales, then the phase synchronization occurs. It is clear that firstly these time scales
are synchronized where the largest system energy is transmitted via the wavelet
spectrum. Consequently, the phase synchronization implies the phase locking in the
synchronized time scales: | ¢ (f) — ¢s2(f) | <const, where ¢ (¢) and ¢ (¢) are
the continuous phases of the first and second shells respectively, corresponding to
the synchronization of the time scales s.

(iii)) Numerical Experiment

We consider nonlinear dynamics of the flexible two-layer shell (plate) with
curvatures k,, = 0, k,, = 0, where the first plate is subjected to harmonic
longitudinal load py, (1) = py,(t) = pisin(w,t), andw, = 5.6, K = 1.75 x 10*.
In the initial time interval 0 < ¢ < 0.001 we apply the uniform and constant
load of ¢ = 0.001. The amplitude of excitation p; changes in the interval p; €
(0.5;0.5358), and the gap between panels is #; = 0.5. The obtained time histories
wy (t) (Fig. 15.46), and phase portraits as well as Fourier spectra are shown in
Table 15.5 for periodic vibrations for p; = 0.5.
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Fig. 15.46 Signals w,,(¢) for periodic vibrations (p; = 0.5)
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Table 15.5 Fourier spectra and phase portraits (p; = 0.5)

Upper plate Lower plate

N | jawry

U . L

Table 15.6 Fourier spectra and phase portraits (p; = 0.534)

Upper plate Lower plate
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Fig. 15.47 Signals w,, (¢) for periodic vibrations (p; = 0.534)

Increasing the excitation amplitude implies the Hopf bifurcation. Table 15.6 pre-
sents the power spectra (time histories are shown in Fig. 15.47) and phase portraits
for the upper and lower plate obtained for p; = 0.534. Hopf bifurcations are easily
recognized in the power spectra, whereas phase portraits exhibit two limit cycles.

A further increase of the amplitude of the longitudinal load causes intermittency,
i.e. periodic vibrations interacting with chaotic vibrations. Figure 15.48 shows time
histories obtained for p; = 0.534. After an initial chaotic burst for 0 < ¢ < 100,
time history w,,(t) becomes periodic (see Table 15.7). All characteristics besides
the phase difference given in Table 15.7 hold for the upper plate. The Fourier
analysis carried out in time interval ¢+ € (100;330) implies periodic vibrations.
Then the system changes its dynamics in time. Power spectrum and phase portrait
constructed for ¢ € (330; 450) again exhibit chaotic vibrations. Further, for 450 <
t < 532, the signal again becomes laminar. The phase difference shows that
the frequencies synchronization of both plates takes place only on the excitation
frequency. A further increase of the excitation amplitude increases development of
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Fig. 15.48 Time histories of plate vibrations for p; = 0.534

Table 15.7 Time histories, phase portraits, power spectra and phase differences for different time
intervals

0<r<100 100 <r<330 |330<r<450 |450<r<532

Time history w,(t)

Power spectrum F (@)

h". o 4 ] L, X "L
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Table 15.8 Time histories, phase portraits, power spectra and phase differences for ¢; = 0.15,

w, =8.4
. . Power spectrum Power spectrum
Time history (upper shell) (lower shell)
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the intermittency effect. Therefore, our mechanical signal exhibits a transition from
periodic to chaotic vibrations via the classical Pomeau—Manneville scenario.

Next, we investigated a two-layer shell with k., = 12, k,, = 12, the first
shell being subjected to the periodic load p,,(t) = p,,(f) = pisin(w,t), where
wp, =84, K =1.75x 10*. In the initial time interval 0 < ¢ < 0.001 we applied the
transversal constant load with ¢ = 0.001. The amplitude of excitation p; is changed
in the interval p; € (0.15;0.178), and the gap between shells is 4y = 0.5. Similar
characteristics as in the previous case are shown in Table 15.8 for p; = 0.15. In
the time instant of a contact between the shells, the first shell continues to vibrate
periodically. Power spectrum of the first shell has one frequency w,, whereas in the
power spectrum of the lower shell two frequencies w; = 0.41724, w3 = 2.1476
and the linear combination of @, w, = 2w; = 0.83448 appear. Phase portraits well
coincide with the power spectra. Phase portrait for the upper (lower) shell presents
a limit cycle (torus). The phase difference shows that the action of small pressure
on the lower shell implies its vibration asynchronously with the upper shell (black
(white) color corresponds to synchronous (asynchronous) vibrations).

A further increase of the excitation amplitude up to p; = 0.177 (Table 15.9)
yields shell vibrations of the same frequencies. In the power spectrum of the upper
shell one independent frequency @w; = 0.41724 appears, and the linear combination
of w; is wy = 2w = 0.83448, w4 = 3w; = 1.25172. Power spectrum of the
upper shell does not have the frequency ws. Phase portraits of both plates show
tori. Chaotic synchronization of the frequencies takes place only on the frequency
of excitation w,, and synchronization (black areas) appears in the interval of 6 <
o < 10. This is confirmed by the character of their simultaneous vibrations.

A further increase of p; = 0.178 (Table 15.10) forces the system to reach
chaos. Power spectra exhibit broad band regions, and phase portraits exhibit black
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Table 15.9 Time histories, phase portraits, power spectra and phase differences for g; = 0.177,

w, = 8.4
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Table 15.10 Time histories, phase portraits, power spectra and phase differences for g; = 0.178,

w, = 8.4
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areas. Synchronization has only a local-timing character and is associated with the
excitation frequency. Therefore, transition into chaos takes place for the upper and
lower shells within the different scenarios: the upper shell exhibits Ruelle-Takens—
Newhouse scenario.

In conclusion, the studied simply supported shells being harmonically excited
along its perimeter exhibit mainly subharmonic vibrations with the frequency w, /2.
The analysed vibrations are mainly transitional exhibiting sequences of bifurcations
typical for the classical scenario of transition from regular to chaotic vibrations.
In addition, we have reported the modified scenarios, where the qualitative change
of system vibrations appears in time, i.e. in the illustrated modified Feigenbaum
scenario bifurcations appear for the fixed values of the control parameters. The
modified Ruelle-Takens scenario stands for another example, where the increase
of a number of dependent frequencies takes place in time.

The second part concerns dynamics of a two-layer flexible isotropic elastic shells
harmonically excited taking into account the contact interaction between them. In
particular, various phase chaotic synchronizations have been detected and studied.
We have also reported different scenarios of a transition from periodic to chaotic
vibrations of both interacting shells, among others.
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