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Preface

Tilings have been drawn and studied for centuries, in art and science, from the
Sumerian patterns, Roman mosaics, Alhambra wall tilings (see Fig. 1), and the
attempts of Johannes Kepler to tile the plane with fivefold symmetric patterns (see
Fig. 2), a goal which cannot be realized by a periodic tiling. These attempts were
one of the inspirations for the now-classic fivefold Penrose tiling, see the Foreword
of Ref. [7] in Chap. 7.

The study of periodic tilings and their symmetry groups, the so-called crystal-
lographic group, was developed to understand the structure of physical crystals;
detailed account on the classification of periodic tilings and their symmetries can
be found in the book by Grünbaum–Shephard (See Ref. [58] in Chap. 2), which still
contains a lot of interesting open questions and attracts many researchers. The book

Fig. 1 One of the many Alhambra wall tilings. Source: https://commons.wikimedia.org/wiki/File:
Tassellatura_alhambra.jpg

vii
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Fig. 2 Kepler Aa tiling: an
attempt to tile the plane with
fivefold symmetric patterns.
Source: https://gallica.bnf.fr/
ark:/12148/btv1b26001687/
f4.item

also contains many examples of aperiodic tilings: however, they wrote at the time
“Unlike the material in the earlier sections of the book, many of our assertions here
are not supported by published proofs” because the subject was in its infancy when
[58] was published.

If early studies were devoted to periodic tilings, our main concern in this book
is the presentation of several recent developments in the study of aperiodic tilings.
One could say that the relation of aperiodic tilings to periodic tilings is similar to the
relation of irrational numbers to rational numbers and similarly opens a vast range
of new phenomena.

The modern theory of aperiodic tilings started in the beginning of the 1960s,
with the proof by Berger of the undecidability of the Domino problem, using
aperiodic tilings, followed by the invention of the Penrose tiling, the Heighway
dragon, and the Knuth–Davis twindragon, soon followed by the discovery of quasi-
crystals and the study of tiling spaces which are one of the basic examples of
non-commutative geometry. Self-similar tilings, like the Fibonacci and Penrose
tilings, were a fundamental element of this development. They have known many
generalizations, and the recent years have seen a number of advances in the domain.

This book presents lecture notes delivered at the research school Tiling dynamical
systems, one of the Morlet Chair events organized in the second semester of 2017 as
part of the program Tilings and Discrete Geometry organized by Shigeki Akiyma
during his invitation to CIRM as Morlet Chair Professor.

The simplest aperiodic tilings are defined by substitutions; there are various types
of substitutions (these various types, and their generalizations, are a central theme

https://gallica.bnf.fr/ark:/12148/btv1b26001687/f4.item
https://gallica.bnf.fr/ark:/12148/btv1b26001687/f4.item
https://gallica.bnf.fr/ark:/12148/btv1b26001687/f4.item


Preface ix

in this book), but in the simplest form, a substitution consists of replacing each
letter of a finite alphabet by a word on this alphabet; the first one is probably the
Fibonacci substitution, on the alphabet {a, b}, which replaces a by ab and b by a.
To this substitution, one can associate infinite words which can be infinitely recoded
by first decomposing them in the words a and ab (which implies that bb does not
appear) and then replacing ab by a and a by b. The set of all these words is invariant
by the shift, and this defines an interesting discrete dynamical system associated
with the substitution, a substitutive dynamical system (see Fig. 3 for the associated
self-similar tiling). Tiling dynamical systems are continuous-time analogues of the
substitutive dynamical systems; these are tilings of the line (or the plane or space)
by a finite number of shapes (the tiles) that can be either subdivided (inflation)
in smaller similar tiles or regrouped (deflation) in larger similar tiles (see Fig. 4).
This leads to remarkable structures, like the celebrated Penrose tiling, with “self-
inducing” properties: they contain smaller and larger copies of themselves.

The main object of the research school, as well as of the whole semester,
was to study these self-inducing systems and tiling dynamical systems, and their

a b a a b a b a a b a a b a b

a b a a b a b a a

Fig. 3 The Fibonacci tiling, associated with the substitution a �→ ab, b �→ a

Fig. 4 Rauzy dragon: an example of a pseudo-self-similar structure, generated by a substitution
rule, or alternatively by a fusion rule. Source: courtesy of T. Fernique
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generalizations, from many different points of views and to increase research
interactions among related people. The semester provided excellent opportunities
for research discussion among people working on discrete geometry, number theory,
fractal geometry, theoretical computer science, and dynamical systems.

The book consists of eight chapters, the first six of which are expanded lecture
notes, and the last two of which are selected contributions.

Chapter 1, by B. Solomyak, is an introduction to the domain of tilings. It starts
by defining the fundamental notions of Delone sets and Meyer sets, the Delone
sets with inflation symmetry and their number-theoretic properties (in relation with
Pisot and Perron numbers). It then studies the related substitution tilings and their
associated dynamical systems, clarifying the notions of self-affine and pseudo-self-
affine tilings and their properties. The last section presents some developments
(infinite local complexity, pure discrete spectrum, and Fourier quasi-crystals) and
some open problems.

Chapter 2, by N. P. Frank, deals with the various models of tilings, from the
simplest, discrete tilings in one dimension (symbolic systems), to continuous tilings
of the line, discrete systems in higher dimension (Zd systems), and tilings in higher
dimension. It presents several ways to build systems with a hierarchical structure,
either the same at all levels (substitutive systems) or with rules varying with the level
(S-adic systems) and develops a new formalism, the fusion rule to build supertiles,
which regroups several different ways to build recurrent tilings with interesting
hierarchical properties; the properties of these tilings are studied from the dynamical
and the diffraction (Fourier analysis) perspectives, and this chapter also contains a
historical introduction of the spectral study of tiling generated by substitution.

Chapter 3, by J.Thuswaldner, discusses in depth S-adic systems and their
geometric realizations. S-adic symbolic systems are a natural generalization of
substitutive systems. They are systems which are generated by an infinite sequence
of substitutions belonging to a finite set S. The most elementary case is that of
a rotation on a circle of unit length; a rotation by an irrational quadratic number
with periodic continued fraction has very particular diophantine properties (this is a
simple example of a self-induced dynamical system) and is the geometric realization
of a substitutive system determined by this periodic continued fraction. A circle
rotation by an irrational number, with an infinite nonperiodic continued fraction is
infinitely renormalizable, but not self-induced, and it is a geometric realization of a
corresponding S-adic system. Is the same thing true in higher dimension, for toral
rotations? In fact, it is almost always true in higher dimension. This is shown, in a
precise sense, by using properties of some generalized continued fractions.

The study of tiling dynamics is historically motivated by quasi-crystals: a real
material having long-range order but no translational periods. The recurrence
properties of quasi-crystals have been studied for a long time, in relation to the
diffraction spectrum and the spectral properties of the corresponding Schrödinger
operators. In pursuing these directions, topological properties of tiling dynamics
play an essential role. They determine, for instance, the labelling of the gaps in
the spectrum. The study of the topological invariants involves elements of non-
commutative geometry as developed by Connes. One of the first examples of
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non-commutative spaces he proposed, the space of all Penrose tilings foliated by the
translation action, stands at the beginning of the developments described in Chap. 4.
In this chapter, J. Kellendonk gives an account on the construction of spaces,
dynamical systems and algebras for tilings, and how their topological invariants
help to understand the topological properties of the underlying material.

Chapter 5, by M. Rigo, deals with an apparently very different domain, that
of combinatorial games. These games provide an original introduction to the
historical relations between tilings and language theory, logics, and computer
science. The best-known combinatorial game is certainly the Nim game, where
each player takes out tokens from one or several piles of tokens, and the winner
is the player who takes the last token. Since the game is deterministic, there
are winning and losing positions; it turns out that this set of winning positions
has a remarkable structure, which can be determined by a finite automaton. It is
related to substitutive sequences, numeration systems, Pisot numbers, and to higher
dimensional extensions associated with tilings of Nd having interesting properties.

The birth of the modern theory of tilings is associated with the famous proof
by Berger of the undecidability of the Domino problem. In Chap. 6, E. Jeandel and
P. Vanier revisit this proof and give us a modern view of this problem, including
the necessary foundations on automata, Turing machines, and shift spaces. They
carefully expose four different proofs of the undecidability result. A crucial point
of any proof of the undecidability of the Domino problem is to exhibit a set of tiles
which can tile the plane, but only in an aperiodic way, and the authors emphasize on
the various constructions of these sets of tiles.

To a tiling space, one can associate a dynamical spectrum, coming from the R
d -

action by translation, which allows to define a spectral measure; one can also define
a diffraction measure, coming initially from physics, with close connections to the
spectral measure; these two types of spectra already appear in the first two chapters.
Chapter 7 of the book, contributed by M. Baake and U. Grimm, deals with the
properties of these measures, and in particular with the question of the existence of
a nontrivial continuous or singular component. An essential element to answer this
question is the study of autocorrelation and the pair correlation function. Using this
technique, conditions are given to ensure that the diffraction measure is singular.

The last chapter, by P. Mercat and S. Akiyama, deals with the Pisot substitution
conjecture, one of the main open problems in the field of substitutive tilings.
This conjecture, which has several forms and generalizations, says that any sub-
stitution dynamical system of irreducible Pisot type has pure discrete spectrum,
see Sect. 2.6.3.1 for more details (by contrast, when the inflation factor is not a
Pisot number, complicated behaviour such as infinite local complexity become
possible, see Fig. 5, and also Fig. 2.6 of Chap. 2); it occurs in several chapters of
this book. Chapter 8 contains a noteworthy simple new characterization of subshifts
with a discrete spectrum, which is basically checkable by automata computation;
this gives an algorithm to verify that a given subshift of Pisot type satisfies the
Pisot conjecture. This characterization is shown to be an equivalence for subshifts
generated by irreducible Pisot substitutions and applies as well to S-adic systems.



xii Preface

Fig. 5 The Frank–Robinson
tiling: an example of tiling
with a non-Pisot inflation
factor and infinite local
complexity

We thank the lecturers for giving a series of introductory talks at CIRM as well
as providing us detailed expositions of this developing area. We believe that this
book will give a nice access to these subjects and plenty of research directions to
the related researchers.

Tsukuba, Japan Shigeki Akiyama
Marseille, France Pierre Arnoux
January–July 2020
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Chapter 1
Delone Sets and Dynamical Systems

Boris Solomyak

Abstract In these notes we focus on selected topics around the themes: Delone
sets as models for quasicrystals, inflation symmetries and expansion constants,
substitution Delone sets and tilings, and associated dynamical systems.

1.1 Introduction

This is an expository article, based on a 1.5-hour talk delivered at the School
on Tilings and Dynamics, held in CIRM, Luminy (November 2017). There are
no new results here; most of the content is at least 10 years old. The goal of
the talk was to supplement the lectures of N. P. Frank [16], and the notes are
written in the same spirit. There is, of course, too much material here for a single
lecture, but we tried to present at least a somewhat complete picture of the subject,
from a personal viewpoint. Two themes that we tried to emphasize are (a) the
characterization of expansion symmetries, and (b) the duality of substitution Delone
sets and substitution tilings.

In Sects. 1.2–1.4 we develop the notions of Delone sets and their classification, as
well as characterization of (scalar) inflation symmetries. We largely follow the paper
by J. C. Lagarias [37], although many original ideas are due to Y. Meyer [49, 50].
Some relatively easy statements are proved completely; other proofs are sketched,
and still others are referred to the original papers. Several examples are worked out
in detail to illustrate the results.

Section 1.5 is central for us, although it contains almost no proofs. Here we
develop the notions of substitution Delone sets and substitution tilings and discuss
the relation between them. In particular, representable substitution Delone sets (or
rather, “multi-color” Delone sets, or m-sets) are introduced. Much of the section
is based on the paper by J. C. Lagarias and Y. Wang [39], with a few important
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2 B. Solomyak

additions from [40]. We include a discussion of a theorem about pseudo-self-affine
tilings being mutually locally derivable with self-affine tilings, following [60], since
this is a nice application of the duality between substitution Delone sets and tilings.

Section 1.6 is devoted to dynamical systems arising from tilings and Delone sets.
Since this is one of the main themes of [16], we have limited ourselves to a very
brief exposition, highlighting the aspects related to the topics developed in earlier
sections, specifically, the number-theoretic issues arising from the description of
eigenvalues and the Meyer property.

The last Sect. 1.7 contains some general remarks and references on several topics
not included in the main text: infinite local complexity, pure discrete spectrum,
and Fourier quasicrystals. We conclude with a short list of open problems on the
characterization of expansion maps for tilings with inflation symmetry.

1.2 Delone Sets of Finite Type

Here we borrow much from the paper [37].

Definition 1.2.1 A discrete set X in R
d is a Delone set if it is

(a) Uniformly discrete: there exists r > 0 such that every open ball of radius r
contains at most one point of X; equivalently, the distance between distinct
points in X is at least 2r .

(b) Relatively dense: there exists R > 0 such that every closed ball of radius R
contains at least one point of X.

Delone sets are also sometimes called separated nets. The notion of Delone sets
as fundamental objects of study in crystallography was introduced by the Russian
school in the 1930s; in particular, by Boris Delone (or Delaunay). One can think
about a Delone set as an idealized model of an atomic structure of a material without
“holes”. This is obviously too general to be considered an “ordered” structure, so
we impose some conditions on the set.

For a set X ⊂ R
d denote by [X] the abelian group (equivalently, Z-module)

generated by X. Recall that [X] := {∑k
i=1 nixi : k ∈ N, ni ∈ Z

}
. The following

classes of Delone sets have been studied:

Definition 1.2.2 Let X be a Delone set in R
d .

(a) X is finitely generated if [X − X] (equivalently, [X]) is a finitely generated
abelian group.

(b) X is of finite type if X−X is a discrete closed subset of Rd ; i.e., the intersection
of X −X with any ball is a finite set.

In the next section we will add to these the notion of Meyer set.

Exercise 1.2.3 (Easy) Give an example of a finitely generated Delone set which is
not of finite type.
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We will see many such examples in Sect. 1.3.

Exercise 1.2.4 (Easy) Show that a Delone set X is of finite type if and only if it has
finite local complexity (FLC), that is, for any ρ > 0 there are finitely many “local
clusters” X ∩ B(y, ρ), up to translation.

We will prove that every Delone set of finite type is finitely generated, but first
we introduce the important notion of address map. Recall that a finitely generated
subgroup of Rd is free. We can choose a free basis, its cardinality is independent of
the choice of basis; it is called the rank of the free group.

Definition 1.2.5 Let X be a finitely generated Delone set. Choose a basis of [X],
say,

[X] = [v1, v2, . . . , vs].

The address map φ : [X] → Z
s associated to this basis is

φ
( s∑

i=1

nivi
)
= (n1, . . . , ns).

The address map for the Delone set of control points of a self-similar tiling
has been used by Thurston [64] (we describe it in Sect. 1.4). The address map
is not unique, it depends on the choice of a basis, so it is determined up to left-
multiplication by an element of GL(s,Z). Observe that s ≥ d since the linear span
of a Delone set is obviously the entire R

d . If s = d , then X is a subset of a lattice;
this is a special case—usually, s > d . Quoting J. Lagarias [37]:

The structure of a finitely generated Delone set is to some extent analyzable by studying
its image in R

s under the address map. The address map describes X using s “internal
dimensions.”

Theorem 1.2.6 (See [37]) For a Delone set X in R
d , the following properties are

equivalent:

(i) X is a Delone set of finite type.
(ii) X is finitely generated and any address map φ : [X] → Z

s is globally Lipshitz
on X:

‖φ(x)− φ(x′)‖ ≤ C0‖x− x′‖, for all x, x′ ∈ X,

for some constant C0 depending on φ.

Proof (Sketch) (ii) ⇒ (i). If x, x′ ∈ X are such that ‖x − x′‖ ≤ T , then by
hypothesis,

‖φ(x − x′)‖ = ‖φ(x)− φ(x′)‖ ≤ C0T .
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Addresses all lie in Z
s , hence there are only finitely many choices for φ(x − x′),

hence for x−x′, since φ : X→ Z
s is one-to-one. It follows that (X−X)∩B(0, T )

is finite, so X is of finite type. �
Lemma 1.2.7 (See [37]) LetX be a Delone set in Rd with parameters (r, R). Then
there exist constants k > 1 and C = C(R, r), such that given any two points
x, x′ ∈ X there is a chain of points

x = x0, x1, x2, . . . , xm = x′

in X such that

(a) ‖xi − xi−1‖ ≤ kR for all i;
(b) m ≤ C‖x − x′‖.

Lagarias [37] proved that one can take k = 2 and C(R, r) = 4R/r2. We give a
simple proof for k = 4 and C(R, r) = (2R)−1 + r−1.

Proof (Lemma 1.2.7) Let m = �‖x−x′‖2R � + 1 and consider the points x =
x′0, x′1, . . . , x′m−1, x = x′m at equal distance ‖x−x′‖

m
≤ 2R from each other. By

the (r, R)-property, we can choose xi ∈ X, for i = 1, . . . ,m − 1, such that
‖xi − x′i‖ ≤ R. Then ‖xi − xi+1‖ ≤ R+ 2R+R = 4R for all i = 0, . . . ,m− 1. It
remains to note that

m ≤ ‖x − x′‖
2R

+ 1 ≤ ‖x− x′‖
2R

+ ‖x− x′‖
r

,

and the proof is complete. �
Now we can deduce the implication (i) ⇒ (ii). By Lemma 1.2.7, [X − X] is

generated by {x− x′ : ‖x− x′‖ ≤ kR}, which is finite; thus X is finitely generated.
Let φ : [X] → Z

s be an address map. Let

C1 := max{‖φ(y)‖ : y ∈ (X −X) ∩ B(0, kR)}.

Given x, x′, by Lemma 1.2.7 we have a chain in X connecting x to x′ which satisfies
‖xi−xi+1‖ ≤ kR, and the number of points is at most C‖x−x′‖. Using Z-linearity
of φ on [X], we can write

‖φ(x)− φ(x′)‖ ≤
m∑

i=1

‖φ(xi )− φ(xi−1‖

=
m∑

i=1

‖φ(xi − xi−1‖

≤ C1m ≤ C1C‖x − x′‖,

which proves (ii). �
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1.3 Meyer Sets

Meyer sets were introduced by Meyer [49] in 1972 in the form of “relatively dense
harmonious sets,” but they remained in obscurity for a long time (see the fascinating
interview [14] with Yves Meyer on the occasion of the 2017 Abel Prize awarded
to him). The paper [50] introduced them to the quasicrystal community under the
name “quasicrystal”. Now they are generally called Meyer sets, see [36, 51].

Definition 1.3.1 Let X be a Delone set in R
d . It is called a Meyer set if the self-

difference set X −X is uniformly discrete, equivalently, a Delone set.

Actually, this was not the original definition. An interesting feature of Meyer sets
is that they can be characterized in seemingly very different terms: using discrete
geometry, almost linear mappings, and cut-and-project sets.

Definition 1.3.2 Let R
n = Ed ⊕ H , where Ed ≈ R

d (the “physical space”)
and H ≈ R

m (the “internal space”) are linear subspaces of R
n, not necessarily

orthogonal. Let π andπint be the projection ontoEd parallel toH , and the projection
to H parallel to Ed , respectively. A window Ω is a bounded open subset of H .
Let Γ be a full rank lattice in R

n (that is, Γ is a discrete subgroup of rank n;
equivalently, it is a subgroup which forms a Delone set). The cut-and-project set
X(Γ,Ω) associated to the data (Γ,Ω) is

X(Γ,Ω) = π
({w ∈ Γ : πint(w) ∈ Ω}

)
.

A cut-and-project set is called nondegenerate if π is one-to-one on Γ . It is
irreducible if πint(Γ ) is dense in H . Cut-and-project sets (sometimes with different
requirements for the window) are also called model sets.

Theorem 1.3.3 (Y. Meyer, J. Lagarias, see [37]) For a Delone set X in R
d , the

following properties are equivalent:

(i) X is a Meyer set, that is, X −X is a Delone set.
(ii) there is a finite set F such that X −X ⊆ X + F .

(iii) X is a finitely generated Delone set and the address map φ : [X] → Z
s is an

almost linear mapping, i.e., there is a linear map L : Rd → R
s and C > 0

such that

‖φ(x)− Lx‖ ≤ C for all x ∈ X.

(iv) X is a subset of a non-degenerate cut-and-project set.

The theorem is mostly due to Meyer, except that the implication (i) ⇒ (ii) was
proved by Lagarias [36]. R. V. Moody [51] did much to popularize the concept;
his article [51] contains other interesting characterizations of Meyer sets, e.g., in
terms of Harmonic Analysis and a certain kind of “duals". For a more complete
characterization of Meyer sets, see [63] by N. Strungaru.
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Proof (Partial Sketch) (ii) ⇒ (iii) First note that X is of finite type. Indeed, (X −
X) ∩ B(0, N) ⊂ (X + F) ∩ B(0, N) is finite for any N > 0. Thus it is finitely
generated, and we can consider the address map φ. We construct L : Rd → R

s as
an “ideal address map,” as follows. For each y ∈ R

d define

L(y) := lim
k→∞

φ(xk)
2k

,

where xk ∈ X satisfies ‖xk − 2ky‖ ≤ R. Using (ii) one proves that this limit
exists and is unique (independent of the choice of xk), and is linear, roughly
along these lines: By the definition of xk, xk+1 and the triangle inequality we have
‖2xk − xk+1‖ ≤ 3R. But

2xk − xk+1 = xk − (xk+1 − xk) = xk − (z+ w),

for some z ∈ X and w ∈ F (the finite set from (ii)). Thus,

‖xk − z‖ ≤ 3R + C1, where C1 = max
u∈F ‖u‖.

Since φ is Z-linear on X, we have

2φ(xk)− φ(xk+1) = [φ(xk)− φ(z)] − φ(w),

hence

‖2φ(xk)− φ(xk+1)‖ ≤ ‖φ(xk)− φ(z)‖ + ‖φ(w)‖

≤ C0(3R + C1)+ C2 =: C′.

where C2 = maxu∈F ‖φ(u)‖ and C2 is from Theorem 1.2.6. Therefore,

∥
∥
∥
φ(xk)

2k
− φ(xk+1)

2k+1

∥
∥
∥ ≤ C′/2k+1,

and convergence follows. Now it is not difficult to check linearity of L. For x = y ∈
X we can take x0 = x and, summing the geometric series, obtain

‖φ(x)− L(x)‖ ≤ C′.

This shows almost linearity of the address map.
(iii) ⇒ (i) It is clear that X − X is relatively dense, so we only need to show

that it is uniformly discrete. Equivalently, that there is a lower bound on the norm of
z ∈ (X−X)− (X−X), whenever z �= 0. Suppose that ‖z‖ ≤ R. By the hypothesis
(iii), we have ‖φ(z)− Lz‖ ≤ 4C, since φ is Z-linear on [X] and L is linear on R

d .
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Therefore,

‖φ(z)‖ ≤ 4C + ‖L‖R.

Since φ is one-to-one on [X] and φ(z) ∈ Z
s , we see that there are only finitely many

possibilities for z. The desired claim follows.
For the equivalence of (iv) and (i)–(iii), see [37] or [51]. The direction (iv) ⇒

(i) is simple: one needs to verify that a relatively dense subset of a cut-and-project
set is Delone, then note that for a lattice Λ and a window Ω we have X(Λ,Ω) −
X(Λ,Ω) ⊆ X(Λ,Ω −Ω).

The direction (iii)⇒ (iv) proceeds by taking the physical space Ed = L(Rd) ⊂
Z
s and a complementary subspace H as the internal subspace. We then “lift” X to

Z
s via the address map (which is, of course, a lattice in R

s), project it onto H and
note that the projection is bounded by the property (iii). We can then choose any
bounded open set containing the projection as a window. See [37] for details. �

1.4 Inflation Symmetries

This section is largely based on [37].

Definition 1.4.1 A Delone set X in R
d has an inflation symmetry by the real

number η > 1 if ηX ⊆ X.

Recall that a (complex) number η is an algebraic integer if p(η) = 0 for some
monic polynomial p ∈ Z[x], that is, p(x) = xs +∑s−1

j=0 cjx
j , with cj ∈ Z. The

degree of η is the minimal degree of p(x) ∈ Z[x] such that p(η) = 0. The algebraic
(or Galois) conjugates of η are the roots of the minimal polynomial for η, other
then η. (Although in Galois theory, η itself is sometimes included in the list of
conjugates, for us it is more convenient to exclude it.) Several classes of algebraic
integers appear:

Definition 1.4.2 Let η be a real algebraic integer greater than one.

(a) η is a Pisot number or Pisot-Vijayaraghavan (PV)-number if all algebraic
conjugates satisfy |η′| < 1.

(b) η is a Salem number if for all conjugates |η′| ≤ 1 and at least one satisfies
|η′| = 1.

(c) η is a Perron number if for all conjugates |η′| < η.
(d) η is a Lind number if for all conjugates |η′| ≤ η and at least one satisfies |η′| =

η.

“Lind numbers” were introduced by Lagarias [37], but this apparently did not
become standard terminology.

Definition 1.4.3 Let X be a Delone set in R
d . Finite subsets of X are called X-

clusters. The Delone set X in R
d is called repetitive if for any T > 0 there exists
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MX(T ) > 0 such that every ball of diameter MX(T ) contains a translated copy of
every X-cluster of diameter T .

Theorem 1.4.4 (J. Lagarias [37], Y. Meyer [49]) Let X be a Delone set in R
d

such that ηX ⊆ X for a real number η > 1.

(i) If X is finitely generated, then η is an algebraic integer.
(ii) If X is a Delone set of finite type, then η is a Perron number or a Lind number.

(ii′) If X is repetitive Delone set of finite type, then η is a Perron number.
(iii) If X is a Meyer set, then η is a Pisot number or a Salem number.

Proof (Partial Sketch)

(i) We will prove a more general statement:
�

Lemma 1.4.5 Let X be a finitely generated Delone set in R
d such that QX ⊆ X

for some expanding linear mapQ. Then all eigenvalues ofQ are algebraic integers.

Proof of Lemma Since X is finitely generated, it can be written [X] = [v1, . . . , vs]
for some free generators and the address map φ : [X] → Z

s . Since QX ⊆ X, we
also have Q([X]) ⊆ [X]. It follows that Qvj is an integer linear combination of
the vectors vj (recall that these are the free generators of [X]). Define the matrix
V = [v1, . . . , vs] of size d × s. We thus obtain an integer matrix M of size s × s

such that

QV = VM. (1.1)

It is clear that {vj }j≤s spans Rd , becauseX does, hence rank(V ) = d . Let e be a left
eigenvector of Q corresponding to an eigenvalue λ. Then λeV = eQV = eVM .
Notice that eV is not zero, because the rows of V are linearly independent. Thus eV
is an eigenvector for M corresponding to λ. But M is an integer matrix, so all its
eigenvalues are algebraic integers. �
(ii) Let γ be a conjugate of η. We continue the argument of the lemma. Since η

is an eigenvalue of the integer matrix M , so is γ . Thus there is an eigenvector
eγ ∈ R

s corresponding to γ . We want to prove that |γ | ≤ η. Let φ be the
address map as in the proof of the lemma. Then {φ(vj )}j≤s is the canonical
basis of Rs , by definition. Since vj ’s are the generators of [X], we must have
that φ(X) spans Rs . It follows that we can find x0, x ∈ X such that φ(x−x0) =
φ(x) − φ(x0) has a non-zero coefficient corresponding to eγ in the canonical
eigen(root)vector expansion corresponding to M . We have ηnx ∈ X for all
n ∈ N, and

φ(ηnx) = Mnφ(x), (1.2)
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by the definition of M . Now, by Theorem 1.2.6, we have,

‖φ(ηnx)− φ(ηnx0)‖ ≤ C0‖ηnx− ηnx0‖ = C0η
n‖x − x0‖.

On the other hand, by (1.2) and the choice of x, x0,

‖φ(ηnx)− φ(ηnx0)‖ = ‖Mn(φ(x− x0))‖ ≥ c|γ |n,

for some c > 0, and we can conclude that |γ | ≤ |η|. �
(ii′) This can derived be similarly to [64, §10], see also [61]; we omit the proof.
(iii) Consider the address map φ and the matrixM as above. Recall that for a Meyer

set the address map is almost linear, that is, there exists a linear map L : Rd →
R
s such that ‖φ(x)−Lx‖ ≤ C for all x ∈ X. Consider the range H := L(Rd ),

a d-dimensional subspace of Rs .

Claim The subspace H is invariant under M; in fact, H is contained in the
eigenspace ofM corresponding to η.

Proof of Claim Choose any unit vector w ∈ H , then w = Lz for some z ∈ R
d . For

any k > 1 we can find x ∈ X such that ‖kz − x‖ ≤ R. Then ‖kw− Lx‖ ≤ ‖L‖R,
hence

‖kw− φ(x)‖ ≤ C + ‖L‖R. (1.3)

Since ηx ∈ X, we also have ‖φ(ηx)− L(ηx)‖ ≤ C, therefore,

‖φ(ηx)− ηφ(x)‖ ≤ ‖φ(ηx)− L(ηx)‖ + η‖φ(x)− Lx‖ ≤ C(1+ η).

Recall from (1.2) that φ(ηx) = Mφ(x), thus ‖(M − ηI)φ(x)‖ ≤ C(1 + η).
Combining this with (1.3) yields

‖(M − ηI)kw‖ ≤ C(1+ η)+ ‖M − ηI‖ · (C + ‖L‖R) =: C̃.

Therefore, ‖(M − ηI)w‖ ≤ C̃/k for all k > 1, and the claim follows.
Now we repeat part of the argument from (ii): given a conjugate γ of η and the

corresponding eigenvector eγ forM , choose x with φ(x) having non-zero coefficient
corresponding to eγ . By the Claim, eγ �∈ H . As above, we have φ(ηnx) = Mnφ(x),
hence

c|γ |n ≤ ‖Mnφ(x)− ηnLx‖ = ‖φ(ηnx)− L(ηnx)‖ ≤ C,

for some c > 0, since Lx has a zero coefficient corresponding to eγ . It follows that
|γ | ≤ 1, as desired. �
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Example 1.4.6

(i) Let η > 1 be an irrational algebraic integer. One can construct a finitely
generated Delone set X ⊆ R, with ηX ⊆ X as follows. We will haveX ⊆ Z[η]
(the ring generated by Z and η) and X = −X. Start with X ⊂ [0, η) = {0, 1}
and proceed by induction, adding points to X from [ηk, ηk+1), once we did this
in [ηk−1, ηk). First make sure thatX∩[ηk, ηk+1) ⊇ η(X∩[ηk−1, ηk)), and then
add more points from Z[η], if necessary, to maintain the relative denseness,
but also preserve uniform discreteness. The latter is easy, since Z[η] is dense
in R. Finally, observe that Z[η] = [1, η, . . . , ηs−1] is finitely generated as a
Z-module, where s is the degree of η.

(ii) Let η > 1 be a Perron number. One can construct a Delone set X ⊆ R

with inflation symmetry η. In fact, it will even be a substitution Delone set,
discussed in the next section. It is obtained as a set of endpoints of a self-
similar tiling of R corresponding to a primitive substitution. By a theorem of
D. Lind [47], for any Perron number η there exists a primitive integer matrix
M with η as a dominant eigenvalue. Moreover, by a minor modification of the
construction, one can make sure that the entry (1, 1) of the matrix is positive
and the first column sum is at least three, see [61]. Then simply choose any
substitution with substitution matrix M .

It is known that such an X is Meyer if and only if η is a Pisot number.
(iii) β-integers. Fix β > 1, with β �∈ N. Let Xβ = X+β

⋃
(−X+β ), where

X+β =
{ N∑

j=0

ajβ
j , aj ∈ {0, 1, . . . , �β�}, “greedy” expansion

}
.

Then Xβ is relatively dense in R and βX ⊂ X.

• Xβ is Delone if and only if the orbit of 1 under Tβ(x) = βx (mod 1) does
not accumulate to 0.

• Delone Xβ is finitely generated iff β is an algebraic integer.
• Delone Xβ is of finite type iff β is a Parry β-number (see [53]), i.e., the

orbit {T n
β (1)}n≥0 is finite.

• If β is Pisot (or Salem of degree four [12]), then Xβ is Meyer.

We will now explain the last claim, that Pisot β implies the Meyer property,
at the same time illustrating some of the concepts in the proofs of the theorem
above.

Fix β > 1 algebraic integer, such that {T n
β 1}n≥0 does not accumulate to

zero. Then Xβ ⊂ R is Delone and [Xβ] = Z[β]. Free generators for [Xβ ] can
be chosen vj = βj−1, j ≤ s, where s is the degree of β. Let c0 + c1x + · · · +
cs−1x

s−1 + xs be the minimal integer polynomial for β.
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We have Qx = βx on R, and QXβ ⊂ Xβ . Then QV = VM , where
V = [v1, . . . , vs ] is a row and

M =

⎛

⎜
⎜
⎜⎜
⎜
⎜
⎜
⎝

0 . . . . . . 0 −c0

1 0 . . . 0 −c1

0 1 . . . 0 −c2

. . . . . . . . . . . . . . .

. . . . . . . . . 0 −cs−2

0 0 . . . 1 −cs−1

⎞

⎟
⎟
⎟⎟
⎟
⎟
⎟
⎠

(1.4)

Let φ be the associated address map, φ : [Xβ ] = Z[β] → R
s . We have

φ(βn) = Mnφ(1) = Mn

⎛

⎜
⎜⎜
⎝

1
0
...

0

⎞

⎟
⎟⎟
⎠
.

Now suppose that β is Pisot. Then we have

φ(βn) = βneβ +O(�n), (1.5)

where eβ is the eigenvector of M corresponding to β and � ∈ (0, 1) is the
maximal absolute value of the Galois conjugates of β. Define L : R → R

s

by L(x) = xeβ , a linear map. We want to show that ‖φ(x) − Lx‖ ≤ C on
Xβ , whence Xβ is a Meyer set by Theorem 1.3.3. In view of (1.5), we have for
x =∑N

j=0 ajβ
j ∈ X+β :

‖φ(x)− Lx‖ =
∥
∥∥
∥
∥
∥
φ
( N∑

j=0

ajβ
j
)
− L

( N∑

j=0

ajβ
j
)
∥
∥∥
∥
∥
∥

= O
(

max
j
|aj | ·

N∑

j=0

�j
)
= O(1),

as desired.
The same proof works, e.g., for the set of endpoints of a self-similar tiling

on R with a Pisot inflation factor.
(iv) Salem inflation factors. For every Salem number β there exists a Meyer set in

R with inflation β; see [49] for Meyer’s original construction. I am grateful to
Shigeki Akiyama who showed me the following example, which is, apparently,
“folklore”.

Let β be a Salem number of degree s ≥ 4, and let p(x) = c0 + c1x +
· · · + cs−1x

s−1 + xs be the minimal polynomial for β. Let β2, . . . , βs be the
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Galois conjugates of β. It is well-known that p(x) is a reciprocal polynomial,
i.e., c0 = 1 and cs−j = cj for j = 1, . . . , s − 1, and the conjugates satisfy
|β2| = . . . = |βs−1| = 1 and |βs | < 1, see [56]. Consider

Xβ :=
{
x =

N∑

n=0

anβ
n : an ∈ Z, max

2≤j≤s
∣
∣
N∑

n=0

anβ
n
j

∣
∣ < 1

}
.

It is immediate that βXβ ⊂ Xβ . Moreover, Xβ is a non-degenerate model set,
hence it is Meyer.

In order to prove the last claim, we consider the matrix M from (1.4)
above and identify Xβ with Xβeβ , where eβ is the right eigenvector of M
corresponding to β. The subspace spanned by eβ is our “physical space”.
The “internal space” H is the linear span of the other eigenvectors. One
can check that (with appropriate normalization) the coordinate ak of a vector
y = (yj )

s
1 ∈ R

s with respect to the eigenvector of M corresponding to βk is

given by
∑s−1

j=0 yjβ
j
k . Thus, taking Z

s as a lattice and the window in H given
by the condition

‖y‖ := max
2≤k≤s |ak| < 1 for y =

s∑

k=2

akeβk ,

we get the desired representation as a cut-and-project set. The details are left to
the reader. (Instead of the unit ball in the ∞ norm as a window we can choose
a different radius and a different norm to get other examples of Meyer sets with
the same inflation symmetry.)

1.5 Substitution Delone Sets and Substitution Tilings

This section is based on [39] and [41]; see also [10].
If we think about Delone sets as being models of atomic structures, it is natural

to add the feature of “color” or “type” of a point/atom. Thus we are going to talk
about “m-sets”. (Sometimes, the term “multiset” is used, but it usually refers to a
set with multiplicities, and we want to avoid this.)

1.5.1 Substitution Delone m-Sets

Definition 1.5.1 An m-multiset in R
d is a subset Λ = Λ1×· · ·×Λm ⊂ R

d×· · ·×
R
d (m copies) where Λi ⊂ R

d . We also write Λ = (Λ1, . . . ,Λm) = (Λi)i≤m. We
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say that Λ = (Λi)i≤m is a Delonem-set in R
d if each Λi is Delone and supp(Λ) :=⋃m

i=1 Λi ⊂ R
d is Delone.

Although Λ is a product of sets, it is convenient to think of it as a set with types
or colors, i being the color of points in Λi . (However, we do not assume that Λi

are pairwise disjoint!) A cluster of Λ is, by definition, a family P = (Pi)i≤m where
Pi ⊂ Λi is finite for all i ≤ m. For a bounded setA ⊂ R

d , letA∩Λ := (A∩Λi)i≤m.
There is a natural translation R

d -action on the set of Delonem-sets and their clusters
in R

d . The translate of a cluster P by x ∈ R
d is x + P = (x + Pi)i≤m. We say that

two clusters P and P′ are translationally equivalent if P = x + P′, i.e. Pi = x + P ′i
for all i ≤ m, for some x ∈ R

d .
Recall that a linear map Q : Rd → R

d is expanding if its every eigenvalue lies
outside the unit circle.

Definition 1.5.2 Λ = (Λi)i≤m is called a substitution Delone m-set if Λ is a
Delone m-set and there exist an expanding map Q : R

d → R
d and finite sets

Dij for i, j ≤ m (possibly empty) such that

Λi =
m⊎

j=1

(QΛj +Dij ), i ≤ m, (1.6)

where
⊎

denotes disjoint union. The substitution matrix S is defined by Sij =
�(Dij ). The substitution m-set is primitive if S is primitive, i.e., some power of S
has only strictly positive entries.

With an abuse of terminology, we say that supp(Λ), or sometimes even Λ, is
simply a substitution Delone set.

There is a connection between substitution Delone sets and Delone sets with
inflation symmetries, discussed in Sect. 1.3. Of course, here Q is more general,
whereas in Sect. 1.3 it was a homothety x �→ ηx. It is not always true that
supp(Λ) ⊃ Q(supp(Λ)); a sufficient condition is that for every j ≤ m there exists
i ≤ m such that Dij � 0. This may be achieved by passing from Λi to Λi + xi ,
which satisfy a system of equations as in (1.6), with modified Dij ; the only issue is
whether the new m-set is still a Delone m-set. In any case, the following holds:

Lemma 1.5.3 Suppose that Λ is a substitution Delone m-set with expansion map
Q. If supp(Λ) is finitely generated, then all eigenvalues ofQ are algebraic integers.

For the proof, it is convenient to consider the set of “inter-atomic vectors” (more
precisely, translation vectors between points of the same color):

Ξ(Λ) :=
m⋃

i=1

(Λi −Λi). (1.7)
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It is immediate from (1.6) that Q(Ξ(Λ)) ⊂ Ξ(Λ). Even though it need not be a
Delone set (it is Delone when supp(Λ) is a Meyer set), the proof proceeds similarly
to the proof of Lemma 1.4.5.

There is another important necessary condition for Q to be an expansion map.

Theorem 1.5.4 ([39, Thm. 2.3]) If Λ is a primitive substitution Delone m-set
with expansion map Q, then the Perron-Frobenius (PF) eigenvalue λ(S) of the
substitution matrix S equals | det(Q)|.

In fact, it is not difficult to see that

supp(Λ) is relatively dense ⇒ λ(S) ≥ | det(Q)|;

supp(Λ) is uniformly discrete ⇒ λ(S) ≤ | det(Q)|.

For each primitive substitution Delone m-set Λ (1.6) one can set up an adjoint
system of equations

QAj =
m⋃

i=1

(Dij + Ai), j ≤ m. (1.8)

From the theory of graph-directed iterated function systems, it follows that (1.8)
always has a unique solution for which A = {A1, . . . , Am} is a family of non-
empty compact sets of Rd . It is proved in [39, Thm. 2.4 and Thm. 5.5] that if Λ is a
primitive substitution Delone m-set, then all the sets Ai from (1.8) have non-empty
interiors and, moreover, each Ai is the closure of its interior. From Theorem 1.5.4 it
follows that the interiors of the sets in the right-hand side of (1.8) are disjoint, hence
we have a natural candidate for a tiling. We next review briefly the relevant tiling
definitions.

1.5.2 Tilings and Substitution Tilings

This section has a significant overlap with [16].
We begin with a set of types (or colors) {1, . . . ,m}, which we fix once and for all.

A tile in R
d is defined as a pair T = (A, i)whereA = supp(T ) (the support of T ) is

a compact set in R
d which is the closure of its interior, and i = (T ) ∈ {1, . . . ,m}

is the type of T . We let g + T = (g + A, i) for g ∈ R
d . Given a tile T and a set

X ⊆ R
d we use the notation:

T +X = {T + x : x ∈ X}.

A finite set P of tiles is called a patch if the tiles ofP have mutually disjoint interiors
(strictly speaking, we have to say “supports of tiles,” but this abuse of language
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should not lead to confusion). A tiling of Rd is a set T of tiles such that Rd =⋃{supp(T ) : T ∈ T } and distinct tiles have disjoint interiors. Given a tiling T ,
finite sets of tiles of T are called T -patches.

We always assume that any two T -tiles with the same color are translationally
equivalent. (Hence there are finitely many T -tiles up to translation.)

Definition 1.5.5 Let A = {T1, . . . , Tm} be a finite set of tiles in R
d such that Ti =

(Ai, i); we will call them prototiles. Denote by PA the set of patches made of tiles
each of which is a translate of one of Ti’s. We say that ω : A → PA is a tile-
substitution (or simply substitution) with expanding map Q if there exist finite sets
Dij ⊂ R

d for i, j ≤ m, such that

ω(Tj ) =
m⋃

i=1

(Ti +Dij ). (1.9)

Since ω(Tj ) is a patch, it follows that for all j ≤ m,

QAj =
m⋃

i=1

(Ai +Dij ),

and the sets in the right-hand side have disjoint interiors.

The substitution (1.9) is extended to all translates of prototiles by ω(x + Tj ) =
Qx + ω(Tj ), and to patches and tilings by ω(P) = ⋃{ω(T ) : T ∈ P }. The
substitution ω can be iterated, producing larger and larger patches ωk(Tj ). As for a
substitution Delone m-set, we associate to ω its m × m substitution matrix S, with
Sij := �(Dij ). The substitution ω is said to be primitive if S is primitive. The tiling
T is called a fixed point of a substitution if ω(T ) = T .

Definition 1.5.6 A tiling is called self-affine if it is a fixed point of a primitive tile-
substitution. Usually it is also assumed that the tiling has finite local complexity
(FLC). If the expansion map Q is a similitude, that is, Q = ηO for some η > 1 and
an orthogonal linear transformation O, then we say that the tiling is self-similar. For
a self-similar tiling in R

2 one also considers the complex expansion factor λ ∈ C,
|λ| > 1, by identifying the plane with C and the map Q with z �→ λz.

Example 1.5.7 Figures 1.1 and 1.2 show a self-affine tiling found by G. Gelbrich:
the tile substitution is

ω(T ) = T ∪ (−T ) ∪ (−T + (1, 0)) ∪ (−T + (0, 1)),
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Fig. 1.1 Tile substitution

Fig. 1.2 Patch of the
self-affine tiling

where supp(ω(T )) = Q(supp(T ))+ (1/2,−1/2), with

Q =
(−2 1

2 1

)
.

It is actually a p2 crytallographic tiling, and therefore periodic, see [25].
Below, in Example 1.5.18, one can see a figure showing a self-similar tiling.
I am grateful to S. Akiyama and to an anonymous volunteer who helped with the

examples and the figures.

Notice that a fixed point of a substitution naturally defines a substitution Delone
m-set, as follows: By definition, we can write T =⋃m

j=1(Tj+Λj) for some Delone
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sets Λj . Then we have

m⋃

i=1

(Ti +Λi) = T = ω(T ) =
m⋃

j=1

(
ω(Tj )+QΛj

)

=
m⋃

j=1

( m⋃

i=1

(Ti +Dij )+QΛj

)

=
m⋃

i=1

(
Ti +

m⋃

j=1

(QΛj + Dij )
)
.

It follows that Λ = (Λi)
m
i=1 satisfies the system of equations (1.6). In general, it

is not necessarily true that Λi are disjoint, but we can ensure this, e.g., by taking
Tj := T̃j − c(T̃j ), where T̃j is a T -tile of type j and c(T̃j ) is a point chosen in its
interior. Then we obtain that Λ is a substitution Delone m-set.

A natural question is when this procedure can be reversed.

1.5.3 Representable Delone m-Sets

Definition 1.5.8 A Delonem-set Λ = (Λi)i≤m is called representable (by tiles) for
a tiling if there exists a set of prototiles A = {Ti : i ≤ m} so that

Λ+A := {x + Ti : x ∈ Λi, i ≤ m} is a tiling of R
d, (1.10)

that is, Rd = ⋃
i≤m

⋃
x∈Λi

(x + Ai) where Ti = (Ai, i) for i ≤ m, and the sets
in this union have disjoint interiors. In the case that Λ is a primitive substitution
Delone m-set we will understand the term representable to mean relative to the tiles
Ti = (Ai, i), for i ≤ m, arising from the solution to the adjoint system (1.8). We
call Λ+A the associated tiling of Λ.

Definition 1.5.9 For a substitution Delone m-set Λ = (Λi)i≤m satisfying (1.6),
define a matrix Φ = (Φij )

m
i,j=1 whose entries are finite (possibly empty) families

of linear affine transformations on R
d given by

Φij = {f : x �→ Qx + a : a ∈ Dij } .
We define Φij (Ξ) :=⋃

f∈Φij
f (Ξ) for a set Ξ ⊂ R

d . For an m-set (Ξi)i≤m let

Φ
(
(Ξi)i≤m

) =
( m⋃

j=1

Φij (Ξj )
)

i≤m .

Thus Φ(Λ) = Λ by definition. We say that Φ is an m-set substitution.
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Let Λ be a substitution Delone m-set and Φ the associated m-set substitution.

Definition 1.5.10 Let Λ be a primitive substitution Delone m-set and let P be a
cluster of Λ. The cluster P will be called legal if it is a translate of a subcluster of
Φk({xj }) for some xj ∈ Λj , j ≤ m and k ∈ N. (Here {xj } is an m-set which is
empty in all coordinates other than j , for which it is a singleton.)

Lemma 1.5.11 ([41]) Let Λ be a primitive substitution Delone m-set such that
every Λ-cluster is legal. Then Λ is repetitive.

Not every substitution Delone m-set is representable (see [41, Ex. 3.12]), but the
following theorem provides the sufficient condition for it.

Theorem 1.5.12 ([41]) Let Λ be a repetitive primitive substitution Delone m-set.
Then every Λ-cluster is legal if and only if Λ is representable.

Remark 1.5.13 In [39, Lemma 3.2] it is shown that if Λ is a substitution Delone
m-set, then there is a finite m-set (cluster) P ⊂ Λ for which Φn−1(P) ⊂ Φn(P) for
n ≥ 1 and Λ = limn→∞Φn(P). We call such a m-set P a generating m-set. Note
that, in order to check that every Λ-cluster is legal, we only need to see if some
cluster that contains a finite generating m-set for Λ is legal.

1.5.4 Characterization of Expansion Maps

An important question, first raised by Thurston [64], is to characterize which
expanding linear maps may occur as expansion maps for self-affine (self-similar)
tilings. It is pointed out in [64] that in one dimension, η > 1 is an expansion factor
if and only if it is a Perron number (necessity follows from the Perron-Frobenius
theorem and sufficiency follows from a result of Lind [47] as in Example 1.4.6(ii)).
In two dimensions, Thurston [64] proved that if λ is a complex expansion factor of
a self-similar tiling, then λ is a complex Perron number, that is, an algebraic integer
whose Galois conjugates, other than λ, are all less than |λ| in modulus.

The following theorem was stated in [30], but complete proof was not available
until much later.

Theorem 1.5.14 ( [30, 33]) Let φ be a diagonalizable (over C) expansion map on
R
d , and let T be a self-affine tiling of Rd with expansion φ. Then

(i) every eigenvalue of φ is an algebraic integer;
(ii) if λ is an eigenvalue of φ of multiplicity k and γ is an algebraic conjugate of λ,

then either |γ | < |λ|, or γ is also an eigenvalue of φ of multiplicity greater or
equal to k.
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Here part (i) is included for completeness; it is a folklore result, proved similarly
to Lemma 1.4.5. Recently Theorem 1.5.14 was finally extended to the general,
not necessarily diagonalizable, case by J. Kwapisz [35]; we don’t state precise
“generalized Perron” conditions here, but refer the reader to his paper. Basically, one
has to take into account the multiplicity of Jordan blocks as well. It is conjectured
that the necessary condition is also sufficient, at least, in the weaker form: one
should be able to construct a self-affine tiling with expansion map Qn for some
n ∈ N. Sufficiency (in the stronger form) in dimension one follows from [47], as
discussed in Sect. 1.3, Example (ii), and the construction in the two-dimensional
self-similar case is found in [32]. A natural approach to the conjecture would be to
construct first a substitution Delone m-set with the desired inflation symmetry, and
then apply Theorem 1.5.12. This way, the geometric shape of tiles comes from the
adjoint equation, and one has more freedom.

The starting point in the proofs of necessity of the Perron condition is defining
the control points for the tiles [64].

Definition 1.5.15 Let T be a fixed point of a primitive tile-substitution with
expanding map Q. For each T -tile T , fix a tile γ T in the patch ω(T ); choose γ T
with the same relative position for all tiles of the same type. This defines a map
γ : T → T called the tile map. Then define the control point for a tile T ∈ T by

{c(T )} =
∞⋂

n=0

Q−n(γ nT ).

The control points have the following properties:

(a) T ′ = T + c(T ′)− c(T ), for any tiles T , T ′ of the same type;
(b) Q(c(T )) = c(γ T ), for T ∈ T .

It immediately follows from these properties that Λ = (Λi)i≤m, where Λi =
{c(T ) : T ∈ T of type i}, is a substitution Delone m-set. Moreover, X :=
supp(Λ) = {c(T ) : T ∈ T } is a Delone set satisfying QX ⊂ X. Thurston [64]
defined the address map φ : [X] → Z

s , as in Sect. 1.1, and considered the induced
action of the linear expanding map Q. See the references for the rest.

1.5.5 Pseudo-Self-Affine Tilings

We mention briefly another instance where the duality between substitution Delone
m-sets and substitution tilings was useful. The reader is referred to [16, 4.4.2] and
the original papers for more details.
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Definition 1.5.16 ([5]) To a subset F ⊂ R
d and a tiling T of Rd we associate a

T -patch by [F ]T = {T ∈ T : supp(T )∩F �= ∅}. Let T and T2 be two tilings. Say
that T2 is locally derivable (LD) from T1 with radius R > 0 if for all x, y ∈ R

d ,

[BR(x)]T1 = [BR(y)]T2 + (x − y) ⇒ [{x}]T2 = [{y}]T2 + (x − y).

If T2 is LD from T1 and T1 is LD from T2, the tilings are mutually locally derivable
(MLD).

Definition 1.5.17 LetQ : Rd → R
d be an expanding linear map. A repetitive FLC

tiling of Rd is called a pseudo-self-affine tiling with expansion Q if T is LD from
QT . If Q is a similitude, the pseudo-self-affine tiling is called pseudo-self-similar.

E. A. Robinson, Jr. [55] conjectured that every pseudo-self-affine tiling is MLD
with a self-affine tiling. This was settled in the affirmative: for pseudo-self-similar
tilings in R

2 in [21], and in [60] in full generality. A few comments:

• In [21] the method of “redrawing the boundary” was used (following [32] to
some extent); as a result we obtained an MLD self-similar tiling where each tile
is a topological disk bounded by a Jordan curve.

• In contrast, in [60] we first constructed an MLD substitution Delone m-set in
R
d , and then applied Theorem 1.5.12. This way we only know that each tile

is a compact set, which is a closure of its interior; the tiles need not even be
connected.

• In both papers [21, 60] we needed to pass from the expansion Q for the original
tiling to the expansionQk for k sufficiently large for the resulting self-similar (or
self-affine) tiling, in order for the construction to work, similarly to the weaker
form of the conjecture, discussed after Theorem 1.5.14.

Example 1.5.18 Here is an example of a pseudo-self-similar tiling, due to J. Socolar
(the help of S. Akiyama and an anonymous volunteer is gratefully acknowledged).
See the online Tiling Encyclopedia:
https://tilings.math.uni-bielefeld.de/substitution/limhex/

Note that there is one prototile T̃ , up to translation and rotation, which appears
in 6 orientations, so that up to translation there are 6 prototiles. It is pseudo-self-
similar, with the expansion map given by z �→ e2πi/3z in the complex plane. The
subdivision rule leads to an iterated function system and the set equation

2T = T ∪ (T − 1) ∪ (w5T + w2) ∪ (w2T + w), where w = e2πi/3.

The solution looks rather complicated: see T and the subdvision of 2T in Fig. 1.3
and the patch of the resulting self-similar tiling in Figs. 1.4, 1.5, and 1.6.

https://tilings.math.uni-bielefeld.de/substitution/limhex/
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Fig. 1.3 Subdivision rule 2T̃ �→ T̃ ∪ (T̃ − 1) ∪ (w5T̃ + w2) ∪ (w2T̃ + w) where w = e2πi/3

Fig. 1.4 Patch of the pseudo-self-similar tiling

Fig. 1.5 The self-similar tile and the tile-substitution
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Fig. 1.6 Patch of the
self-similar tiling

1.6 Dynamical Systems from Delone Sets in R
d

This section is not intended to be a comprehensive survey (even in the “local” sense);
we only touch on some aspects of this topic. For more on the background and other
topics see [16] and references therein.

Let Λ be an FLC Delone m-set and let XΛ be the collection of all Delone m-sets
each of whose clusters is a translate of a Λ-cluster. We introduce a “big ball” metric
on XΛ in the standard way: two Delone m-sets are close if they agree exactly in a
large neighborhood of the origin, possibly after a small translation. Precisely:

ρ(Λ1,Λ2) := min{ρ̃(Λ1,Λ2), 2−1/2} , (1.11)

where

ρ̃(Λ1,Λ2) = inf{ε > 0 : ∃ x, y ∈ Bε(0),
B1/ε(0) ∩ (−x +Λ1) = B1/ε(0) ∩ (−y +Λ2)} .
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For the proof that ρ is a metric, see [40]. It is well-known that (XΛ, ρ) is compact
(here the FLC assumption is crucial). Here we restrict ourselves to the FLC case;
the general case is discussed briefly in Sect. 1.7.

Observe that XΛ = {−h+Λ : h ∈ Rd } where the closure is taken in the
topology induced by the metric ρ. The group R

d acts on XΛ by translations which
are homeomorphisms, and we get a topological dynamical system (XΛ,R

d). We
should point out that most of the definitions and statements in this section have a
parallel version in the tiling setting. It is usually not a problem to pass from the tiling
framework to the Delone set framework and back, and we will do so freely.

Certain discrete-geometric and statistical properties of the Delone m-set Λ

correspond to properties of the associated dynamical system. For instance, Λ is
repetitive if and only if (XΛ,R

d ) is minimal (i.e., every orbit is dense), see [55].
We next discuss cluster (patch) frequencies and invariant measures. For a cluster

P and a bounded set A ⊂ R
d denote

LP(A) = �{x ∈ R
d : x + P ⊂ A ∩Λ},

where � denotes the cardinality. In plain language,LP(A) is the number of translates
of P contained in A, which is clearly finite. For a bounded set F ⊂ R

d and r > 0,
let (F )+r := {x ∈ R

d : dist(x, F ) ≤ r} denote the r-neighborhood of F . A van
Hove sequence for Rd is a sequence F = {Fn}n≥1 of bounded measurable subsets
of Rd satisfying

lim
n→∞Vol((∂Fn)

+r )/Vol(Fn) = 0, for all r > 0. (1.12)

Definition 1.6.1 Let {Fn}n≥1 be a van Hove sequence. The Delone m-set Λ has
uniform cluster frequencies (UCF) (relative to {Fn}n≥1) if for any non-empty cluster
P, the limit

freq(P,Λ) = lim
n→∞

LP(x + Fn)

Vol(Fn)
≥ 0

exists uniformly in x ∈ R
d .

Recall that a topological dynamical system is uniquely ergodic if there is a unique
invariant probability measure (which is then automatically ergodic). It is known
(see e.g. [40, Thm. 2.7]) that for a Delone m-set Λ with FLC, the dynamical system
(XΛ,R

d ) is uniquely ergodic if and only if Λ has UCF. A primitive FLC substitution
Delonem-set is known to have UCF (see [41]), hence we get a uniquely ergodic Rd -
action (XΛ,R

d , μ).
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1.6.1 Eigenvalues of Delone Set Dynamical Systems

Let μ be an ergodic invariant Borel probability measure for the dynamical system
(XΛ,R

d ). A point α = (α1, . . . , αd) ∈ R
d is called an eigenvalue (or dynamical

eigenvalue) for the R
d -action if there exists an eigenfunction f ∈ L2(XΛ, μ), that

is, f �≡ 0 and

f (−g + S) = e2πi〈g,α〉f (S), for all g ∈ R
d . (1.13)

Here 〈g, α〉 is the usual scalar product in R
d and the equality is understood in L2,

that is, for μ-a.e. S.
An eigenvalue α is a continuous or topological eigenvalue if (1.13) has a

continuous solution. A characterization of topological eigenvalues was obtained in
[59].

Definition 1.6.2 Let Λ be a Delone m-set of finite type. We say that y ∈ R
d is a

topological ε-almost-period for Λ if

Λ ∩ B1/ε(0) = (Λ− y) ∩ B1/ε(0).

Denote by Ψε(Λ) the set of topological ε-almost-periods.

Theorem 1.6.3 ([59]) Let Λ be a repetitive Delonem-set of finite type. Then α is a
topological eigenvalue for (XΛ,R

d ) if and only if

lim
ε→0

sup
y∈Ψε(Λ)

|e2πi〈y,α〉 − 1| = 0. (1.14)

In [59] the theorem is proved for a single Delone set dynamical system, but the
proof transfers to the case of Delone m-sets without any changes.

There is a connection between the diffraction spectrum of a Delonem-set and the
dynamical spectrum, going back to Dworkin [15], but this topic is beyond the scope
of these Notes. On this matter, the reader should consult e.g., [3, 7] and references
therein.

N. Strungaru [62] proved that any Meyer set has a relatively dense set of Bragg
peaks, which implies, via the link with the dynamical spectrum, that the set of
eigenvalues for the associated dynamical system is relatively dense as well. More
recently, J. Kellendonk and L. Sadun [28] proved that the latter property holds for
topological eigenvalues too. In fact, they established the following

Theorem 1.6.4 ([28, Thm. 1.1]) A repetitive FLC Delone set dynamical system
in R

d has d linearly independent topological eigenvalues if and only if it is
topologically conjugate to a Meyer set dynamical system.
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In the case of substitution systems, we obtained the following result earlier,
jointly with J.-Y. Lee:

Theorem 1.6.5 ([42, Thm. 4.14]) Let Λ = (Λj )
m
j=1 be a representable prim-

itive FLC substitution Delone m-set. The set of eigenvalues for the R
d -action

(XΛ,R
d , μ) is relatively dense in Rd if and only if supp(Λ) =⋃m

j=1 Λj is a Meyer
set.

As a corollary, we showed in [42] that if the R
d -action (XΛ,R

d, μ) has purely
discrete spectrum, then supp(Λ) is a Meyer set. This was an answer to a question of
J. Lagarias from [38].

For the proof of sufficiency of the Meyer property we relied on the result of
Strungaru [62] quoted above. The proof of necessity in Theorem 1.6.4 proceeds via
the notion of Pisot families. Let Q be the expansion map for the substitution Delone
set. By Lemma 1.5.3, the set of eigenvalues of Q consists of algebraic integers.
Following Mauduit [48], we say that a set P of algebraic integers forms a Pisot
family if for every λ ∈ P and every Galois conjugate λ′ of λ, if λ′ �∈ P, then
|λ′| < 1.

The link from eigenvalues to Number Theory comes from the following, which
we restate here in different terms:

Theorem 1.6.6 ([58, Thm. 4.3]) Let Λ be a repetitive substitution Delone m-set
with expansion map Q, which has FLC. Let Ξ(Λ) be the set of “inter-atomic”
vectors defined in (1.7). If α ∈ R

d is an eigenvalue for (XΛ,R
d , μ), then for any

x ∈ Ξ(Λ) we have ‖〈Qnx, α〉‖ → 0 as n→∞.

Here ‖t‖ denotes the distance from t to the nearest integer. Then we apply the
following result, a generalization of the classical Pisot theorem, which we only
partially state:

Theorem 1.6.7 ([34, 48]) Let λ1, . . . , λr be distinct algebraic numbers such that
|λi | ≥ 1, i = 1, . . . , r , and let P1, . . . , Pr be nonzero polynomials with complex
coefficients. If

∑r
i=1 Pi(n)λ

n
i is real for all n and

lim
n→∞

∥
∥∥

r∑

i=1

Pi(n)λ
n
i

∥
∥∥ = 0,

Then {λ1, . . . , λr } is a Pisot family.

1.7 Concluding Remarks and Open Problems

This material was not presented in the talk; we hope it provides a useful supplement
to the Notes, without any claims of being comprehensive.
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1.7.1 Infinite Local Complexity

The FLC—finite type assumption—is often too restrictive. In the general case the
metric (1.11) is replaced by

�(Λ1,Λ2) := min{̃�(Λ1,Λ2), 2−1/2} ,

where we define �̃(Λ1,Λ2) as

inf{ε > 0 : B1/ε(0) ∩Λ1 ⊂ Λ2 + Bε(0), B1/ε(0) ∩Λ2 ⊂ Λ1 + Bε(0)}.

The induced topology is called the local rubber topology in [6], see also [11]; it
agrees with the topology induced by the vague topology on measures, if we identify
a Delone set Λ with the measure δΛ =∑

λ∈Λ, called the “Dirac comb”. The “hull”
XΛ of Λ is then defined as the closure of the translation orbit of Λ in this metric.
The space XΛ is compact, and we get a topological dynamical system (XΛ,R

d ),
where the action is by translations. A similar construction works for tilings as well.
Dynamical properties of general non-FLC Delone dynamical systems have been
studied in [23, 52], in particular, questions of minimality and unique ergodicity.

There is a large literature on non-FLC tiling substitutions. In particular, two large
classes have been considered:

(I) The tiling has finite local complexity with respect to the larger group of
Euclidean isometries, but the prototiles appear in infinitely many (dense)
orientations. This is caused by a presence of irrational rotation in the expansive
linear map associated with the tile substitution. The best known example in this
class is the pinwheel tiling of Conway and Radin [54]; see also the recent [24]
and references therein.

(II) There are finitely many prototiles up to translation, but the FLC breaks down.
Substitution tilings of this kind were constructed by Danzer [13] and Kenyon
[31], and investigated more systematically by Frank and Robinson [17]. This
phenomenon is usually associated with a non-Pisot expansion factor. In this
setting we have also recently studied the question of unique ergodicity and
spectral properties, in a joint work with J.-Y. Lee [43].

A very general class of hierarchical tilings, which includes all of the above
and much more (“fusion tilings”) was considered by Frank and Sadun [18–20];
see [16] in this volume for details and additional references. See also [22] by
D. Frettlöh for a comprehensive review of classes of hierarchical tilings.

1.7.2 Pure Discrete Spectrum

We would be amiss without any mention of the problem: when is the dynamical
system (XΛ,R

d, μ) pure discrete? There is a huge literature devoted to it, so we only
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make a few remarks, referring the reader to [7] and references there for additional
information. Here we do not give precise definitions, and also do not necessarily
distinguish between Delone sets, m-sets, and multisets.

First of all, pure discrete dynamical spectrum is equivalent to pure discrete
diffraction spectrum, under very general conditions: [6, 26, 40, 44] are some of the
papers devoted to this question.

Lagarias [38] calls a Delone set Λ purely diffractive, or Patterson set, if it has a
unique autocorrelation measure γΛ, for which the associated diffraction measure γ̂Λ
is pure point. Lagarias [38, Problem 4.10] asked whether for a repetitive Delone set
of finite type, being purely diffractive implies being a Meyer set. In this generality
the answer is “no”, a counter-example, called the scrambled Fibonacci tiling, was
given in [19] (see also [28]). As already mentioned, if we additionally assume that
Λ is a primitive substitution Delone m-set, then the answer is “yes”. This was [38,
Problem 4.11].

Pure discrete spectrum has been linked with various notions of almost peri-
odicity. Let us say that y ∈ R

d is a statistical ε-period of a Delone set Λ if
dens(Λ� (Λ− y)) ≤ ε, where dens is the upper density of a set defined by

dens = lim sup
R→∞

1

Vol(BR)
�(Λ ∩ BR(0)).

From our result in [59] it follows that if the set of statistical ε-periods is relatively
dense in R

d for all ε > 0, then the dynamical spectrum is pure discrete (for any
ergodic invariant measure). Baake and Moody [9] proved, in particular, that if Λ is
Meyer, then this condition is also necessary (their result is much more general; this
is just one of the consequences of the theory developed in [9]). Gouéré extended
this further and proved that a Delone set is a Patterson set if and only if it is almost
periodic in the Besicovitch pseudo-metric defined by

�(Λ,Λ′) = lim sup
R→∞

1

Vol(BR)

∫

BR(0)
�(Λ− t,Λ′ − t) dt.

For the most up-to-date results on this topic see the chapter by N. Strungaru [63] in
[4].

Given a Delone set Λ, the corresponding Dirac comb δΛ is called strongly almost
periodic if δΛ ∗ φ is a Bohr almost periodic function, for any continuous compactly
supported function φ. Lagarias [38, Problem 4.4] asked with this property implies
that Λ is completely periodic. Kellendonk and Lenz [29] demonstrate that the
answer is “yes” in the FLC case, but “no” in the general case. They also show that
the strong almost periodicity is equivalent to the dynamical system (XΛ,R

d ) being
equicontinuous.

Regular model sets form an important class of pure diffractive Delone sets. We
defined cut-and-project sets in Definition 1.3.2, with a Euclidean internal space H .
More generally, the internal space may be taken to be a locally compact Abelian
group G, and the cut-and-project set corresponding to a window Ω ⊂ H and a
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lattice Γ < R
d × G is defined similarly. It is called a regular model set if the

boundary ∂Ω has zero Haar measure in G. Repetitive regular modular sets are
known to be pure point diffractive, and they have only topological eigenvalues
[27, 57]. Baake et al. [8] characterized the dynamical systems associated to repetitive
regular model sets as those which satisfy the following four conditions: (a) all
elements of the space X = XΛ are Meyer sets; (b) the translation R

d -action is
minimal and uniquely ergodic; (c) the measure-preservingRd -action has pure point
dynamical spectrum and all eigenvalues are topological, and (d) the continuous
eigenfunctions separate almost all points of the space X.

Many papers are devoted to the question of pure point spectrum for substitutions,
in the symbolic, tiling, and Delone m-set frameworks, but we only mention a few.
On the Pisot discrete spectrum conjecture, the reader should see [1]. For self-
affine tilings and substitution Delone m-sets criteria for pure pointedness based on
“coincidence conditions” were obtained in [41, 58], and an efficient algorithm for
checking them was developed in [2].

1.7.3 Fourier Quasicrystals

Following Lagarias [38], say that a uniformly discrete set Λ ⊂ R
d is a Fourier

quasicrystal, if there exists a translation bounded measure μ supported on Λ,
such that the Fourier transform μ̂ (in the distribution sense) is a discrete measure.
(Sometimes the measure μ is called a Fourier quasicrystal.) The set of point masses
of μ̂ is called the spectrum of μ. A Dirac comb δΛ for a lattice Λ is a classical
example.

A Fourier quasicrystal is necessarily a Patterson set (see [38]), but the converse
does not hold. Meyer’s model sets are Fourier quasicrystals [49], with a dense
spectrum of the corresponding measure.

Roughly speaking, in building a Fourier quasicrystal on a Patterson set, the
problem is how to choose the “weights” ψ(y) for the measure μ =∑

y∈Λ ψ(y)δy ,
in order for the Fourier transform μ̂ to be a discrete measure. This requires careful
“accounting” of the “phase information” coming from μ̂, which is lost when
considering the diffraction measure (see [38] for details).

[38, Problem 4.1(a) ] asked whether a Fourier quasicrystal Λ, such that the
spectrum of the corresponding measure μ = ∑

y∈Λ ψ(y)δy is also a uniformly

discrete set, is necessarily contained in L + F , where L is a lattice in R
d and F

is a finite set. Lev and Olevskii [45] proved that the answer is “yes” in R
d for any

d ≥ 1, if the weights ψ(y) are positive, and also for d = 1 for arbitrary weights.
The case of Rd , d ≥ 2, and arbitrary weights is apparently still open. [38, Problem
4.1(b) ] asked whether the conclusion still holds if the support of μ and its spectrum
are only assumed to be closed discrete sets. Here the answer is “no,” as shown by
the same authors in [46].
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1.7.4 Open Problems (Expansion Maps)

In Sect. 1.5.4 we discussed results on the characterization of expansion maps for
self-similar and self-affine tilings, assuming FLC. Even there, not everything is
understood:

Problem 1 Suppose that Q is a “generalized Perron expansion map” in R
d (as

described in Sect. 1.5.4). Does there exists a self-affine tiling with expansion Q?
Perhaps, with expansionQn for n sufficiently large?

The problem seems to be completely open without the FLC assumption.

Problem 2 Which expansive linear mapsQ can arise as expansions for a substitu-
tion tiling in Rd , without FLC? Assume that there are finitely many prototiles, either
up to translation, or up to Euclidean isometries. Maybe assume that Q is a pure
dilation by λ > 1 for the beginning.

The only thing we know about this is that det(Q) must be a Perron number
(assuming the substitution is primitive), and of course, the examples.
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Chapter 2
Introduction to Hierarchical Tiling
Dynamical Systems

Natalie Priebe Frank

Abstract This chapter is about the tiling dynamical systems approach to the study
of aperiodic order. We compare and contrast four related types of systems: ordinary
(one-dimensional) symbolic systems, one-dimensional tiling systems, multidimen-
sional Z

d -systems, and multidimensional tiling systems. Aperiodically ordered
structures are often hierarchical in nature, and there are a number of different
yet related ways to define them. We will focus on what we are calling “supertile
construction methods”: symbolic substitution in one and many dimensions, S-
adic sequences, self-similar and pseudo-self-similar tilings, and fusion rules. The
techniques of dynamical analysis of these systems are discussed and a number
of results are surveyed. We conclude with a discussion of the spectral theory of
supertile systems from both the dynamical and diffraction perspectives.

2.1 Introduction

The central objects in these lecture notes are tilings constructed via a variety of
methods that together we call supertile methods. These tilings display hierarchical
structure that is highly ordered yet not periodic. Their study is truly multidisci-
plinary, having originated in fields as disparate as logic, chemistry and geometry.
To motivate the topic we offer three examples from the history of the field that are
relevant to these lectures.

First, imagine square tiles whose edges come in given combinations of colors,
and you are only allowed to put two tiles next to each other if the edge colors match.
Can you make an infinite tiling of the plane with these tiles? This is the question
logician Hao Wang was considering in 1961 [105]. In particular he was thinking
about the decidability of what is now known as the domino problem: “Given a finite
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set of tiles in the plane, can it be made to form an infinite tiling?” The answer
depended on whether an aperiodic prototile set exists, i.e. a set of tiles that are able
to form an infinite tiling of the plane, but every tiling they make must be nonperiodic.
The question was proved to be undecidable by Robert Berger [22] with the discovery
of an aperiodic set of prototiles. That prototile set had over 20,000 tiles in it, but
in 1971 Raphael Robinson published an aperiodic set with only 6 tiles [94]. In
Robinson’s version the hierarchical structure is clearly evident and in fact drives the
proof of aperiodicity. In this volume in [63] we find four proofs of undecidability,
including how to construct the aperiodic tile set(s).

A second development, which entered the public consciousness through a
Scientific American article by Martin Gardner [54], was Penrose’s 1974 discovery of
an aperiodic set of two tiles. In the middle of the twentieth century, Roger Penrose
began to develop an interest in tiling questions in part because of Hilbert’s Problem
18. The interest intensified as Penrose and his father developed a collaboration with
M. C. Esher (see the foreword to [11]). Penrose was trying to create a hierarchical
tiling and found his original tiling (which in that foreword he tells us is [82, Fig. 4])
by experimentation.

There are a number of versions of Penrose tilings, all of which can be generated
by a supertile method. In Figs. 2.1 and 2.2 we show a pseudo-self-similar version
(see Sect. 2.4.4.2), for which the tiles also form an aperiodic tile set. Figure 2.1
shows the rule for inflating and replacing the tiles, and Fig. 2.2 shows the result of
inflating and replacing a central patch twice.

The third and possibly most invigorating development we mention here is the
discovery of quasicrystals in 1982 [97]. This earned Dan Shechtman the Wolf
Prize in Physics in 1999 and the Nobel Prize in Chemistry in 2011 [73]. In his
laboratory in what is now the U. S. National Institute of Standards and Technology,
Shechtman analyzed an aluminum-magnesium alloy and found that its diffraction
image revealed contradictory properties: it had bright spots indicative of a periodic
atomic structure, but had symmetries impossible for such a structure. The discovery
went against all conventional wisdom at the time, but eventually the scientific
community accepted that there was no mistake, this alloy did indeed display ‘quasi’-
crystalline structure. In some of the images in Fig. 2.3 one can see the ‘forbidden’
tenfold rotational symmetries.

Fig. 2.1 The Penrose rhombuses and their inflate-and-subdivide rules
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Fig. 2.2 1-, 2-, and 3-supertiles for the Penrose rhombus tiling

63.43°

31.72°

79.2° 58.29° 37.38°

36°

Fig. 2.3 The quasicrystal diffraction images as they appear in the original paper [97]

Coincidentally, in 1982 Alan Mackay [77] published the diffraction pattern of a
Penrose tiling, shown in its original form in Fig. 2.4. Once Shechtman’s diffraction
pattern was published, it did not take long for similarities between it and Mackay’s
to be noticed. This established Penrose tilings and highly structured tilings like
them (including some generated by supertile methods), as mathematical models
of quasicrystals. It is apparent that spectral methods, then, are an interesting way
to study aperiodic tilings. Spectral analysis, including mathematical diffraction, has
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Fig. 2.4 The Penrose
diffraction image as it appears
in the original paper [77]

proved to be an effective tool for the study of tilings generated by supertile methods.
The last three sections of these notes discuss spectral theory from dynamical and
diffraction perspectives.

2.1.1 Outline of the Paper

In Sect. 2.2 we begin by giving general definitions of the four types of structures
of interest and the basic relationships between them. Specifics of why and how the
dynamical systems viewpoint is used appears in Sect. 2.3. In this section we compare
and contrast how the metrics are related, show how standard dynamical properties
like minimality can be interepreted, and talk about invariant measures and their
connection to the idea of frequency. In Sect. 2.4 we learn about the various supertile
construction methods and give examples of many of them. In Sect. 2.5 we introduce
the idea of transition matrices and how their properties allow us to extend dynamical
results to supertile systems. Section 2.6 is devoted to the dynamical spectrum of
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supertile systems, while Sect. 2.7 is devoted to their diffraction spectra. Section 2.8
presents results on the connection between the two types of spectrum. We conclude
in Sect. 2.9 with a selection of references.

2.1.2 Not Covered

The field of aperiodic order and tiling dynamical systems spans a broad range of
topics and we have not attempted to give a complete survey. Topics we do not
discuss include tiling cohomology, matching rules, the projection method, tilings
with infinite local complexity, K-theory of C∗-algebras for tilings, spectral triples,
decidability and tiling problem questions. Moreover we do not consider tilings of
hyperbolic space or other spaces, or anything about the spectrum of Schrodinger
operators modeled on tilings.

2.2 The Fundamental Objects

2.2.1 Motivation: Shift Spaces

The way that we study tiling spaces is a generalization of symbolic dynamics, a
large branch of dynamical systems theory. Thus we begin by describing the basic
setup in this situation.

Let A be a finite set we will call our alphabet. A sequence is a function x :
Z → A and we denote the set of all sequences to be AZ. We equip the space with
a metric that defines the product topology, as follows. Let N(x, y) = min{n ≥
0 such that x(j) �= y(j) for some |j | = n}, and define d(x, y) to be exp(−N(x, y)).
That is, x and y are very close if they agree on a large ball centered at the origin.

For each j ∈ Z, we can shift a sequence x by j , yielding the sequence x − j

defined by (x− j)(k) = x(k + j). This is known as the shift map, and is a Z-action
on sequences. (Notice that (x − j)(0) = x(j), meaning that x has been shifted so
that what was at j is now at the origin.) The space AZ along with the shift map is
known as the full shift on |A| symbols.1 The shift map allows us to investigate the
long-range structure of sequences by moving distant parts ‘into view’ of the origin.
This perspective is consistent with our choice of metric topology.

There is already some dynamics to study for the full shift, but things get much
more interesting when we restrict our attention to closed, nonempty, shift-invariant
subsets Ω ⊂ AZ. We call such an Ω a shift space or subshift of AZ and use
the terminology shift dynamical system for (Ω,Z). Subshifts are handy tools for

1Ordinarily in the literature the shift map is given with notation like σ(x), so that x − j = σ j (x).
We use the notation “x − j” instead to be consistent with the more general case.
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encoding the dynamics of many types of systems, and they also arise in natural
processes. Readers interested in diving into the vast literature on this subject might
find [6, 42, 67, 74, 76] in their libraries.

Example 1 Let Ω consist of the periodic sequences . . . 0101.0101 . . . and its shift
. . . 1010.1010 . . ., where the decimal point is there to denote where the origin is.
Shifting by j ∈ Z just moves the decimal point j units to the right (or left, if j is
negative). One sees quickly that Ω is shift-invariant and that the dynamical system
is periodic with period 2.

Because periodic systems like these are completely understood we will tend to
assume that the sequences in our sequence spaces are not periodic. Instead, supertile
construction methods generate sequences with just the right amount of long-range
order to be tractable for analysis.

2.2.2 Straightforward Generalization: Sequences in Z
d

Let A be a finite alphabet and consider AZ
d

to be the set of all sequences in
Z
d , that is, functions from Z

d to A. Given x, y ∈ AZ
d
, let N(x, y) = min{n ≥

0 such that x(j) �= y(j) for some |j | = n}, where |j | is the largest absolute value
of the components of j . Then d(x, y) = exp(−N(x, y)) provides an origin-centric
metric as before.

Translation by elements of Z
d is defined as before and provides a way to

analyze the structure of multidimensional sequences. There are complications and
considerations due to the extra dimensions that we will discuss as we encounter
them.

2.2.3 Straightforward Generalization: Tilings of R

We choose a closed interval for each symbol in A. For any element x ∈ AZ make
a tiling by placing the interval corresponding to x(0) with its left endpoint at 0, and
placing copies of all the other symbols of x in the corresponding order, with overlap
at the interval endpoints. In this perspective a tile is a closed interval labelled by an
element of A. Tiles and tilings can be translated by elements of R and there is an
origin-centric tiling metric that we will describe in the general situation in the next
section.

Figure 2.5 depicts a tiling of R with two tile types, a longer interval pic-
tured in dark blue and a shorter interval pictured in light blue. (The colors
represent the labels). The patch shown corresponds to the symbolic sequence
. . . abbbaaaabbbabbbabbba . . .
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Fig. 2.5 A patch of a one-dimensional tiling with two tile lengths

2.2.4 Geometric Generalization: Tilings of Rd

The finite alphabet A is replaced by a finite prototile set P . A prototile p ∈ P is a
closed topological disk in R

d carrying a label (for instance, a color). The closed set
is known as the support of p (denoted supp(p)) and the label is there to distinguish
any tiles that may have congruent shapes. We can apply any self-map of Rd to a
prototile by applying it to the support and carrying the label along. Although it is
common to use some or all elements of the Euclidean group to move tiles around,
we restrict our attention to translations only. A P-tile or just tile is any translate of
a prototile from P . Two tiles are equivalent if their supports are translates of each
other and they carry the same label.

Consider some fixed set of prototiles P . A P-patch (or patch when the prototile
set is understood) is a set of tiles that intersect at most on their boundaries that is
supported on a connected set in R

d . For technical reasons it is often assumed that
the supports form a topological disk. A P-tiling or just tiling of Rd is a collection
of tiles that ‘cover’ Rd in the sense that the union of the tile supports is Rd , but also
‘pack’ Rd in the sense that any two supports intersect only on their boundaries. Let
ΩP denote the space of all P-tilings. As with the full shift AZ, in which an element
is an infinite sequence, elements of ΩP are infinite tilings of Rd .

Like tiles, patches and tilings can be translated by elements of R
d . We write

T − v to denote the tiling obtained by translating the support of every tile of T by
v. Note that the origin in T − v corresponds to v in T , so this translation brings the
neighborhood of v into view of the origin.

Analogous to the simpler cases, we say a tiling T is nonperiodic if there is no v
for which T − v = T . In higher dimensions it is possible to be periodic in some
directions but not fully periodic: the directions of periodicity must form a basis for
R
d for full periodicity.
Now geometry plays a fundamental role, and there is the possibility that tiles in a

tiling can be adjacent in many different ways. Consider the tiling in Fig. 2.6, which
is constructed from a set of four rectangular tiles, with side lengths given by 1 and
1+√17

2 . There are many offsets where vertices meet edges, and the number of those
offsets will go to infinity as we consider larger and larger patches.

Definition 2.2.1 We say a tiling T ∈ ΩP has finite local complexity (FLC) if it
contains only finitely many two-tile patches up to translation. A subset of tilings
Ω ⊂ ΩP is said to have finite local complexity if there are only finitely many
two-tile patches up to translation in Ω .
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Fig. 2.6 A patch of a tiling with four prototiles and infinite local complexity

For the purposes of this work we assume finite local complexity in all tilings and
tiling spaces unless otherwise stated.2

It is convenient to have notation for the patch of a tiling that intersects a subset of
R
d . Let T be a tiling of Rd and let B ⊂ R

d . The patch of tiles in T whose supports
intersect B is denoted T ∩B. One could say that T has finite local complexity if the
set of patches

{
T ∩ {x} such that x ∈ R

d
}

is finite up to translation.

2FLC is a common restriction, but if you want to learn about the infinite local complexity case see
[47] and references within.
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2.3 The Dynamical Systems Viewpoint

2.3.1 Tiling Spaces

A tiling space is a translation-invariant subset Ω of the full tiling space ΩP that is
closed in the metric we describe next. We form a dynamical system by letting an
additive subgroupG of Rd act on it by translation. OrdinarilyG is just Rd itself, but
occasionally it might be Z

d or some other full rank subgroup. We use the notation
(Ω,G) to denote the tiling dynamical system.

2.3.1.1 The “big ball” Metric

The metric used in dynamical systems theory for tilings is modeled on the metric
for shift spaces, and therefore is also origin-centric. The definition of the metric
becomes technical because translation is a continuous action and because the
prototiles can have interesting geometry. Still the basic idea is that two tilings are
close if they very nearly agree on a ball around the origin.

We give the definition of metric for tilings of finite local complexity. Let T and
T ′ be tilings of Rd from a prototile set P . Informally, we say T and T ′ are within
ε of one another if they agree on a ball of radius 1/ε, except for a small translation.
Here is a formal definition.

Definition 2.3.1 Let R(T ,T ′) be the supremum of all r ≥ 0 such that there exists
x, y ∈ R

d with

1. |x| < 1/2r and |y| < 1/2r , and
2. On the ball of radius r around the origin, (T − x) ∩ Br(0) = (T ′ − y) ∩ Br(0).

We define

d(T ,T ′) := min

{
1

R(T ,T ′) , 1

}
.

There are various versions in the literature; this version parallels [100].

2.3.1.2 Two CommonWays to Construct Tiling Spaces

There are two main ways that tiling spaces are constructed. One is to make a closed,
translation-invariant space around a given tiling; in this situation the space is called
the ‘hull’ of the tiling. The other is to specify an ‘atlas’ of allowed patches and
include tilings that contain these patches only.
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For the first method, suppose there is some tiling T ∈ ΩP that is of particular
interest. We can construct the hull of the tiling T as the orbit closure of T :

ΩT = {T − v for all v}.

By definition it is closed and it is not difficult to show that it is translation-invariant.
The second method is akin to making a shift space from a language of allowed

words. Let R be a set of P-patches. We say that T ∈ ΩP is allowed by R if every
patch in T is translation-equivalent to a subpatch of an element of R. The tiling
space ΩR is the set of all allowed tilings.

We will ignore all questions of which types of rules R admit non-trivial tiling
spaces, referring them to theoretical computer scientists and/or logicians. But it
should be clear that if nontrivial, ΩR should be translation-invariant and closed
in the big ball metric.

2.3.1.3 Cylinder Sets and the Metric Topology

Because both are important to our further analysis we discuss these topics for both
the motivating symbolic case and for the tiling situation.

In symbolic dynamics the fundamental sets are cylinder sets. Consider a shift
space Ω and suppose w is a finite word in A∗, where A∗ is the set of non-
empty words on A. The cylinder set Ωw generated by w is given by Cw = {x ∈
Ω such that x(U) = w}; it is the set of all sequences that contain the word w in the
location given by U , with no other restrictions. One can check that cylinder sets are
both closed and open in the metric topology. One can also check that for any ε > 0
and any x ∈ Ω , the ball of radius ε around x is a cylinder set for a word around the
origin in x. Thus cylinder sets form a basis for the topology in shift spaces. When
we are considering sequences in Z

d the cylinder sets are completely analogous.
The situation becomes somewhat more complicated for tilings of Rd when the

translation group G is uncountable. Let P be a P-patch, let U ⊂ R
d , and let Ω ⊂

ΩP be a tiling space. The cylinder set ΩP,U is the set of all tilings in Ω that contain
a copy of P translated by an element of U . That is,

ΩP,U = {T ∈ Ω such that P − u is aT − patch for some u ∈ U}.

The reader can check that if ε is sufficiently small and U = Bε(0) (the open ball
of radius ε around the origin), the cylinder set is open. In [93, p. 13] we see how to
get a countable basis for the topology by discretizing εn → 0, since there are only a
countable number of patches of any size up to translation.

The basic fact of compactness is proved in several works, see for example [92].
We include a short argument here for the tiling situation.

Lemma 2.3.2 If Ω ⊂ ΩP is closed and of finite local complexity, then Ω is
complete and compact.
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Proof Let {Tn} be a Cauchy sequence in Ω and fix some K ∈ Z. Consider ε > 0
for which 1/ε > K . There is some M such that for n,m ≥ M , d(Tn,Tm) < ε.
This means that the patches Tn ∩ B1/ε(0) and Tm ∩ B1/ε(0) agree up to translation
by at most ε. Thus the patches Tn ∩ BK(0) and Tm ∩ BK(0) agree up to translation
< ε. As ε → 0 there is a patch PK covering BK(0) that is the limit of the patches
Tn ∩ BK(0). We obtain a nested sequence of patches PK and therefore there is a
tiling T such that PK ⊂ T for all K ∈ Z, and this tiling must be the limit of the
Cauchy sequence. All of the tiles in T belong in a PK for someK and so are P-tiles,
thus T ∈ ΩP . Since Ω is closed we know T ∈ Ω , proving sequential compactness.

Under many conditions, for instance topological transitivity, Ω is connected.
Each tiling in Ω defines a path component that is a continuous embedding of Rd . In
general there are uncountably many distinctP-tilings up to translation, and therefore
there are uncountably many path components.

2.3.2 Notions of Equivalence for Symbolic and Tiling
Dynamical Systems

Suppose we have a sequence in A = {0, 1}. In what way does it change if we
make every 0 into an a and every 1 into a b? What about if we had a checkerboard
tiling with black and white squares, and split each black square horizontally into two
rectangles? In the symbolic case there are local maps called “sliding block codes”
which determine factor maps and topological conjugacies between shift spaces. The
tiling equivalent is local derivability through local mappings.

2.3.2.1 Sliding Block Codes

We follow [74]. Let A and A′ be finite alphabets and suppose Ω is a shift space in
AZ. Choose nonnegative integers m and n and let Bm,n denote the set of all words
of length m + n + 1 that appear in Ω . Let Φ : Bm,n → A′ be any map. Then the
sliding block code φ : Ω → (A′)Z is defined by this map via

yi = Φ(xi−mxi−m+1 · · · xi+n−1xi+n) = (φ(x))i .

Thus we see that a sliding block code will convert every sequence x to a sequence
y entry by entry, examining the block in x around xi and using it to determine the
value of yi . It is not difficult to check that sliding block codes are continuous. This
powerful theorem tells us that sliding block codes are the only maps on shift spaces
that are both continuous and shift-commuting:
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Theorem 2.3.1 (Curtis-Lyndon-Hedlund, See [74]) Suppose Ω and Ω ′ are shift
spaces, not necessarily on the same alphabet, and let θ : Ω → Ω ′. Then θ is a
sliding block code if and only if it is shift-commuting and continuous.

In particular this means that topological conjugacies between shift dynamical
systems are invertible sliding block codes and vice versa.

2.3.2.2 Local Derivability

Local mappings are the analogue to sliding block codes for tilings of Rd . We give a
brief definition here; a full exposition appears in section 5.2 of [11].

Definition 2.3.3 A continuous surjective mapping between tiling spaces Q : Ω →
Ω ′ is a local mapping if there is an r > 0 such that for any x ∈ R

d and T1,T2 ∈ Ω ,
if T1 ∩ Br(x) = T2 ∩ Br(x), then Q(T1) ∩ {x} = Q(T2) ∩ {x}.
That is to say, the patch in T containing the ball Br(x) completely determines the
tile at the center of the ball in Q(T ). If such a local mapping exists we say Q(T ) is
locally derivable from T . IfQ is invertible we say T and Q(T ) are mutually locally
derivable, and we also use this terminology for their tiling spaces. It is not difficult
to show that any local mapping is continuous in the big ball topology.

Lemma 2.3.4 If Ω and Ω ′ are mutually locally derivable tiling spaces, then their
dynamical systems are topologically conjugate.

If there were to be a tiling analogue of the Curtis-Lyndon-Hedlund theorem, it
would mean that the only continuous translation-commuting maps between tiling
spaces are local mappings. That is, the above lemma would be an “if and only if”.
The fact that it is not was first shown in [85] and [91].

Nonlocal homeomorphisms for tilings tend to require information from far
distances in T to settle the precise location of the origin in Q(T ). In Example 13 of
Sect. 2.4.7 we describe how to make a nonlocal homeomorphism between two tiling
spaces generated by a related pair of supertile methods.

2.3.3 Repetitivity and Minimality

Recall that a dynamical system is called transitive if there is a dense orbit and
minimal if every orbit is dense.

Definition 2.3.5 A tiling T is said to be repetitive3 iff for every finite patch P in T
there is an R = R(P) > 0 such that T ∩ BR(x) contains a translate of P for every

3Also known in the literature as T being uniformly recurrent, almost periodic, and having the local
isomorphism property.
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x ∈ R
d . It is linearly repetitive iff there is a C > 0 such that for any T -patch P

there is a translate of P in any ball of radius C diam(P) in T .

In other words, a tiling is repetitive if for every patch P there is some radius R
such that every ball of that radius contains a copy of P . Moreover, it is linearly
repetitive if R can be taken to be C diam(P), that is, the radius depends only
linearly on the size of P . In [35, 36] it is shown that a symbolic system is linearly
repetitive if and only if it is “primitive and proper” S-adic (a supertile method
discussed in Sect. 2.4.5.2).

Standard arguments show the following, stated here using tiling terminology but
applicable to symbolic spaces as well.

Lemma 2.3.6 (See E.g. [92, 93, 100]) Let T ∈ ΩP and letΩT denote its hull. The
tiling dynamical system (ΩT ,Rd) is minimal if and only if T is repetitive.

Large classes of supertile methods produce sequences or tilings that are repeti-
tive, and therefore their dynamical systems are minimal.

2.3.4 Invariant and Ergodic Measures

Let Ω be a shift or tiling space with topology given by the appropriate metric, and
let G be the group of translations defining its dynamical system. A Borel probability
measure μ on Ω is said to be invariant with respect to translation if μ(A − g) =
μ(A) for all Borel measurable sets A and all g ∈ G. We say μ is ergodic with
respect to translation if whenever A is a translation-invariant set, then μ(A) equals
0 or 1. The set of invariant Borel probability measures is convex and its extremal
elements are ergodic (see for example [84] or [104] for the general theory of ergodic
measures).

A dynamical system is said to be uniquely ergodic if it possesses only one
ergodic measure. Because the set of all invariant measures is convex and the ergodic
measures are the extremal measures from that set, this implies that the ergodic
measure is also the only invariant measure.

Let P be a P-patch and let U be a fixed and very small ball so that if T ∈ ΩP,U ,
then P − g ∈ T for at most one g ∈ U . Denote by IP,U the indicator function for
ΩP,U and supposeμ is some ergodic measure for translation. Then from elementary
measure theory along with the ergodic theorem4 we know that for μ-almost every
T0 ∈ Ω ,

μ(ΩP,U) =
∫

Ω

IP,U(T )dμ(T ) = lim
r→∞

1

V ol(Br(0))

∫

Br(0)
IP,U(T0 − x)dx.

4For a more indepth discussion of the meaning of the word ‘frequency’ and the appropriate ergodic
theorem for this setting, see [50, Section 3.3].
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Consider the integral on the right. For every copy of P in T0 ∩ Br(0) that isn’t too
close to the boundary of Br(0) the indicator function will be 1 over a set of size
V ol(U). Any copy of P that is too close to the boundary will only yield a portion of
that, but as r →∞ this effect is negligible. Letting the notation #(P ∈ T0 ∩ Br(0))
mean the number of copies of P in T0 ∩Br(0), it is straightforward to show that the
term on the right therefore becomes limr→∞ #(P∈T0∩Br (0))

V ol(Br(0))
V ol(U). For μ-almost

every T0 we get the same answer and so we can say that μ defines a frequency
measure on the set of P-patches as:

μ(ΩP,U) = V ol(U)f reqμ(P ).

2.4 Supertile Construction Techniques

When we consider a sequence or tiling space Ω under the action of translation it
is not particularly interesting if the elements of Ω are periodic. Considering the
dynamics on the full shift AZ

d
or full tiling space ΩP is more interesting, since the

spaces have many properties including carrying many different measures, having
many possible letter/tile frequencies, and having nontrivial positive topological
and measure-theoretic entropies, for instance. But in this study we wish to apply
the theory to spaces whose elements all have common properties that arise from
given construction techniques. In particular we look at sequences and tilings
constructed via substitution or fusion, which we are generically terming “supertile
constructions”.

2.4.1 Motivation: Symbolic Substitutions

Introduced as examples of symbolic dynamical systems by Gottschalk in [57], these
are the fundamental (and simplest) objects on which our other supertile methods
are based. Much is known about substitution sequences and the books [42, 89] are
devoted to results on the subject. We will expose many of these results and see when
they have generalizations or fail to generalize to higher-dimensional structures.

Given a finite alphabet A, a substitution is a map σ : A → A∗, where A∗
is the set of non-empty words on A. The substitution can be applied to words by
concatenating the substitution of the letters in the word. We use the terminology
n-superword to mean a word of the form σn(a) for some a ∈ A.

A sequence x ∈ AZ is said to be admitted by σ if every subword of x is a
subword of a superword of some size. We define Ωσ ⊂ AZ to be the set of all
sequences admitted by σ . It is clear that Ωσ is a shift-invariant subset of AZ and the
reader can check that it is also closed in the metric topology defined in Sect. 2.2.1.
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Example 2 (A Constant-Length Substitution) Let A = {a, b} and let σ(a) = abb

and σ(b) = aaa. The first few level-n blocks of type a are:

a→ abb→ abb aaa aaa→ abb aaa aaa abb abb abb abb abb abb→ · · · ,

where the spaces are there to help the reader see the level-n subblocks within. In
this example each letter is substituted by a block of the same length (in this case 3),
which is why the substitution is known as having constant length.

Clearly one could construct a substitution of constant length on any size of
alphabet and any given integer length. The family in the next example contains the
most famous and well-studied example of a substitution of non-constant length.

Example 3 (‘Noble Means’ Substitutions and the Fibonacci Substitution) Let A =
{a, b} and choose a positive integer k. Define σ(a) = akb and σ(b) = a, where by
‘ak’ we mean the word composed of k consecutive ‘a’s. For example, let k = 1. In
this case the first several level-n blocks of type a are:

a→ ab→ ab a → ab a ab→ ab a ab ab a→ ab a ab ab a ab a ab→ · · · ,

where again we’ve included spaces to help the reader distinguish the level-n
subblocks. Note that the superword lengths are Fibonacci numbers, and in fact all
of the superwords for k = 1 share this property. That is why this case is called the
Fibonacci substitution.

Of course Fibonacci numbers are closely related to the golden mean, and in fact it
is the larger eigenvalue of a matrix associated with the substitution (see Sect. 2.5.1).
When k is changed we obtain other ‘noble means’ (silver if k = 2) from this matrix.
All noble means substitutions have dynamical, spectral, and geometric properties in
common with one another and therefore with the Fibonacci tiling, which is well-
studied (see [11, 42, 89] and references therein).

The next family also contains the Fibonacci substitution, but in this class
Fibonacci is the outlier, having few properties in common with the other elements.

Example 4 Let A = {a, b}, choose a positive integer k, and let σ(a) = abk and
σ(b) = a. The first few supertiles in the case where k = 3 are

a → abbb→ abbb a a a→ abbb a a a abbb abbb abbb → · · · .

A corresponding tiling of the line that yields well to spectral and dynamical analysis
is discussed next.
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2.4.2 Generalization: One-dimensional Self-Similar Tilings

We know from Sect. 2.2.3 that we can take any sequence in AZ and convert it into
a tiling of R by choosing interval lengths for each element of A. We certainly can
do this for substitution sequences, and if we do it artfully we get tilings with some
geometry to exploit. The process of doing it artfully leads naturally to the idea of
inflation rules and self-similar tilings. It is worth doing in the context of an example
first.

Example 5 Consider tiles ta and tb that are intervals of length |ta| and |tb| labelled
by a and b. For a positive integer k, we can use the symbolic substitution σ(a) =
abk and σ(b) = a to define a tile substitution S so that the patch S(ta) is the tile
ta followed by k tb’s and the patch S(tb) is just ta . In that case the lengths of the
supertiles are |S(ta)| = |ta | + k|tb| and |S(tb)| = |ta|.

The ideal situation, geometrically, would be if there was an “inflation factor”
λ > 1 such that |S(ta)| = λ|ta | and |S(tb)| = λ|tb|. A quick calculation yields that
this λ would have to satisfy the equation k = λ2 − λ. As expected, in the Fibonacci
case when k = 1, we obtain that λ is the golden mean. For larger values of k we
find that λ is either ‘strongly non-Pisot’ or, occasionally, an integer. Later we will
discuss how the algebraic properties of λ affect the dynamics of the system. The

case where k = 3 yields λ = 1+√13
2 and the rule S is depicted in Fig. 2.7.

The k = 3 case is fully analyzed from a diffraction standpoint in [9] and as
the basis for a two-dimensional tiling with infinite local complexity in [48]. The
diffraction spectrum for all values of k is given a preliminary analysis in [13] and
thorough treatment in [14].

Suppose now that σ is a symbolic substitution on a general finite alphabet A.
As before it is possible to find the expansion factor and natural tile lengths (more
on that later). Suppose te is the tile corresponding to the symbol e ∈ A. Then we
define S(te) to be the patch of tiles corresponding to σ(e), supported on the interval
λ supp(te). Often, S is referred to as an ‘inflation rule’ or an ‘inflate-and-subdivide
rule’.

We can extend S to be a map on the space of all tilings ΩP as follows. Let
T ∈ ΩP be a tiling and let t ∈ T be any tile. We define S(t) to be the patch given
by the substitution of the prototile of t , translated so that it occupies the set λ supp(t).
Then S(T ) is the tiling obtained by applying S to all tiles in T simultaneously. For
most T ∈ ΩP , S(T ) is not equal to T . However there will be fixed or periodic
points for S. A fixed point for S is known as a self-similar tiling.

Inflate Subdivide

Inflate Subdivide

Fig. 2.7 Inflation and subdivision for the case k = 3
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2.4.3 More Tricky Generalization: Multidimensional
Constant-Length Substitutions in Z

d

Symbolic substitutions of constant length generalize directly to substitutions of
constant size in Z

d . We choose a ‘rectangular’ shape in d dimensions, and every
letter of the alphabet is substituted with a block of letters in that shape. There is no
problem with iteration of the substitution because all of the blocks fit together along
every dimension so concatenation of the blocks happens naturally. To generalize
symbolic substitutions of non-constant length to Z

d we will use the fusion paradigm.
Fix lengths l1, l2, . . . ld , positive integers with each li > 1, and define the location

set Id to be the ‘rectangle’ given by

Id = {j = (j1, . . . jd) such that ji ∈ 0, 1, . . . , li − 1 for all i = 1, ..d}. (2.1)

A block substitution S is defined to be a map from A × Id into A. Then for any
e ∈ A we denote by S(e) a block of letters; we call it a 1-superblock or 1-supertile.

In any particular example it is not hard to build an n-superblock through
concatenation, but notation describing it precisely obscures this fact. Since the
notation is not needed elsewhere in these notes we omit it. Instead we define
n-superblocks inductively, using the relative positions of the letters in S(e) to
determine the relative positions of their Sn−1 blocks in Sn(e). Because all of the
substituted blocks have the same dimensions, if two letters were adjacent it is clear
that their substitutions will fit next to one another properly.

Any position k ∈ Id represents a location in a 1-superblock and we can think of
S restricted to k as a map from A to itself. Indeed it can be useful to think of S as
a block of maps (pk)k∈Id . The nature of these maps is key to the dynamics of the
system and they are used to compute the cocycle for the skew product representation
of the system [45, 89]. An important subclass is defined as follows.

Definition 2.4.1 Let the substitution S as defined in this section be written as S =
(pk)k∈Id . We say S is bijective if and only if each pk is a bijection from A to itself.

Example 6 A two-dimensional version of the Thue-Morse substitution uses A =
{0, 1} with d = 2 and l1 = l2 = 2.

S(0) = 1 0
0 1

, S(1) = 0 1
1 0

, (2.2)

where both blocks are located in Z
2 with their lower left corners at the origin. If

instead we wish to see S as a matrix (pk)k∈I2 of maps on A, denote by g0 the
identity map and g1 the map switching 0 and 1, we obtain:

S(∗,I2) = (pk)k∈I2 = g1 g0

g0 g1
. (2.3)
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Fig. 2.8 The first three
superblocks of type 0. The
lines emphasize
(n− 1)-superblocks inside
the n-superblocks

For example we see that p(0,0) = g0 and p(0,1) = g1. Also we note that this example
is bijective. The first few superblocks of type 0 are shown in Fig. 2.8.

2.4.4 Geometric Generalization: Self-Affine, Self-Similar,
and Pseudo-Self-Similar Tilings

The geometric structure evident in the tilings in this section is governed by
expanding linear maps. This makes it particularly amenable to study from a number
of viewpoints, and therefore these are the most widely studied of the tilings
considered in these notes. There are many examples in Chapter 6 of [11] and we try
not to repeat too many of those here. Sometimes tilings created using other supertile
methods can be transformed into self-similar tilings and the results that exist for
them can be used. Sometimes they can’t.

The earliest definition of self-similar tilings that seems to appear in print is
in [102], which is a set of AMS colloquium lecture notes by William Thurston.
However, the author tells us the ideas in the lectures are not all his own and refers
in an informal way to a number of places where the subject was beginning to be
studied.

2.4.4.1 Self-Affine and Self-Similar Tilings

We first follow the definitions laid out in [100], and use terminology from there,
[46], and [11]. We also give a simpler but more restrictive version of the definition
that the reader will find in [11] and lots of other places.

Definition 2.4.2 Let φ : R
d → R

d be a linear transformation all of whose
eigenvalues are greater than one in modulus. A tiling T is called self-affine with
expansion map φ if

1. for each tile t ∈ T , φ(supp(t)) is the support of a union of T -tiles, and
2. t and t ′ are equivalent up to translation if and only if φ(supp(t)) and φ(supp(t ′))

support equivalent patches of tiles in T .
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If φ is a similarity, the tiling is called self-similar. For self-similar tilings of R or
R

2 ∼= C there is an inflation constant λ for which φ(z) = λz.5

There are a few differences between our definition and the one in [100] upon
which it is based. One is that φ is not required to be diagonalizable, and the other is
that a self-affine tiling is not required to be repetitive. Proofs on the algebraic nature
of the expansion constant originally required diagonalizability [66] but the condition
was recently removed in [68]. A nonrepetitive tiling satisfying our definition of self-
affine would be called “φ-subdividing” in [100]. Although we have taken finite local
complexity to be a blanket assumption throughout this paper, note that our definition
can be used in the infinite local complexity case as well.

What is inconvenient about this definition is the fact that one must begin by
already having the self-affine tiling at hand. To be more consistent with the way we
think about symbolic substitutions we can define an inflation rule on prototiles first.

Definition 2.4.3 Let P be a finite prototile set in R
d and let φ : Rd → R

d be a
diagonalizable linear transformation all of whose eigenvalues are greater than one
in modulus. A function S : P → P∗ is called a tiling inflation rule6 with inflation
map φ if for every p ∈ P ,

φ(supp(p)) = supp(S(p)).

The linear map φ makes it easy to extend S to tiles, patches, and tilings. The
substitution of a tile t = p + x, for p ∈ P and x ∈ R

d , is the patch S(t) :=
S(p)+ φ(x). The substitution of a patch or tiling is the substitution applied to each
of its tiles. This means that we can consider S as a self-map on the full tiling space
ΩP . If a tiling T is invariant under S we call it a self-affine tiling. We use the term
n-supertile to mean a patch of the form Sn(t).

We can use either of the methods in Sect. 2.3.1.2 to construct a tiling space for
S. If there is a self-similar tiling T , we can make its hull by taking the orbit closure
under translation. Or, we could consider the set R of all n-supertiles, for all n and
all prototile types, and use that as our set of admissible patches. Often the resulting
spaces are identical, though not in the following example.

Example 7 (Danzer’s T2000 Tiling) Figure 2.9 gives an example from the tilings
encyclopedia [1] attributed to Ludwig Danzer. It uses a total of 24 tiles, two sizes of
triangles in twelve orientations. We show the inflation rule on the two sizes only; the
inflation rule of the rotations are the corresponding rotations of these. The expansion
map is φ(x, y) = (

√
3x,
√

3y).

5In the literature (notably [100, 102]) it is taken as given that φ is orientation preserving, which
can be assumed by squaring any substitution that is not.
6These are also known as inflate-and-subdivide rules and tiling substitution rules.
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Fig. 2.9 The T2000 inflate-and-subdivide rule

Fig. 2.10 2- and 3-supertiles

Fig. 2.11 A patch from a T2000 tiling

Figure 2.10 shows the second and third iteration of the larger triangle, and
Fig. 2.11 shows a large patch of an infinite tiling. The sharp-eyed viewer will notice
that the tiling appears to use only 6 rotations each of the small and large triangles,
not 12. This is because the substitution is not ‘primitive’ in the sense of Sect. 2.5.2:
there is no numberN such that each N-supertile contains all 24 tile types. They will
always have exactly 12 when N is sufficiently large. A side effect is that the two
methods for producing tiling spaces are different in that the hull of any self-similar
tiling is a connected space, while the space of admissible tilings has two connected
components, one a rotation of the other by 60◦. In this example we could “fix” this
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problem by restricting our attention to an appropriate 12-prototile set and using two
iterations of the substitution.7

For the same reason there will be no self-similar tilings for the substitution as it
is shown in Fig. 2.9, but there are period-two tilings. By replacing the substitution as
shown with its square, we obtain self-similar tilings with expansion factor 3 instead
of
√

3.

2.4.4.2 Pseudo-Self-Similar Tilings

In this situation we still have an expanding linear map φ acting on our tilings,
but we no longer have that φ(supp(p)) is exactly the support of a patch of tiles.
Instead it may only approximate the shape of supp(p). Well-known examples of
such substitutions are the Penrose tilings using rhombuses and/or ‘kites and darts’
[54, 83] (or also [46, 58, 90]) and the “binary” tilings [55] (or see [46, p. 307] or [11,
p. 217]). In these examples there is a substitution rule that still ‘fits’ to ultimately
form a tiling, but not exactly on top of the expanded tiles. Examples of this nature
appear in abundance in the Tilings Encyclopedia [1] as they occur in projection
tilings constructed in a similar way to Penrose tilings.

For the definition we must make precise what we mean by expanding a tiling T
to obtain the tiling φ(T ). For every tile t in T , φ(t) is defined to be a tile supported
on φ(supp(t)) that carries the label of t . We define φ(T ) :=⋃

t∈T φ(t).

Definition 2.4.4 (See [88, 99]) Let P be a finite prototile set in R
d and let φ :

R
d → R

d be a diagonalizable linear transformation all of whose eigenvalues are
greater than one in modulus. We say a tiling T ∈ ΩP is pseudo-self-similar with
expansion φ if T is locally derivable from φ(T ).

Example 8 (Variation on Thurston’s Hexagonal Example) In [102] a fractal “rep-
tile” is constructed that makes a periodic tiling on the hexagonal lattice. The example
is based on the observation that a regular hexagon is approximated by a patch of
seven hexagons. To make a nonperiodic version we use two colors of hexagons in
our inflation rule.

The inflation map φ is given by the matrix
(

5/2
√

3/2
−√3/2 5/2

)
. Pictured in Fig. 2.12 is

what happens to the hexagonal prototiles when inflated by this map and ‘subdivided’
into a patch of tiles at the original scale. The location of the origin is marked with
a point in each tile and patch. To see how each supertile is spatially related to the
inflated prototile we have shown their overlap in Fig. 2.13. Figure 2.14 shows the
1-, 2-, and 3-supertiles for the blue hexagon.

7In general, non-primitive substitutions can have more complicated structure.
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Fig. 2.12 The
inflate-and-subdivide rule for
a hexagonal
pseudo-self-similar tiling

Fig. 2.13 The inflated blue
tile and its patch, left; the
inflated green tile and its
patch, right

First in [88] forR2 and later [99] forRd it is proved that every pseudo-self-similar
tiling is mutually locally derivable from a self-similar tiling. In R

2 the argument
ends up using ideas from iterated function systems, but in R

d other methods are
required.

2.4.5 Fusion: A General Viewpoint

Symbolic substitutions and tiling inflation rules can be seen as a sort of ‘cellular’
model: the supertiles grow, level by level, because each symbol or tile within them
has expanded to become a word or patch. Fusion takes an ‘atomic’ model: symbols
or tiles are like atoms that come together to form ‘molecules’ (our 1-supertiles) that
then assemble themselves into larger structures (2-supertiles) that continue to merge
into larger supertiles level by level.

The sets of n-supertiles obtained by symbolic or tiling substitutions can be seen
as fusion rules since it is possible (and natural) to see an n-supertile as being a
union of (n− 1)-supertiles just as easily as seeing it as the union of lots and lots of
1-supertiles. In this viewpoint the (n − 1)-supertiles in Sn(a) are concatenated as
prescribed by the original substitution rule on a. One could also imagine creating
supertiles by applying different substitutions or tile inflations at each stage (if
geometry permits); this is a more general situation captured in the symbolic case
by S-adic systems and in the tiling case by fusion rules.
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Fig. 2.14 2- and 3-supertiles for the blue prototile

Fusion does not require an underlying linear map φ but instead takes a combi-
natorial approach. There have been other combinatorial approaches to generalizing
symbolic substitutions. An early attempt to understand substitutions on graphs and
in particular the dual graph for the Penrose inflation appears in [86]. A definition of
substitution for the dual graphs of planar tilings is discussed in [46]. Combinatorial
substitutions are defined a little bit differently in [40], and a related notion
called “local rule” substitutions are defined in [39]. A definition of “topological
substitutions” is given in [20]. Separately, an extremely successful program on
“generalized” or “dual” substitutions began with [8]; see [7] for results tying
substitutions to Markov partitions of hyperbolic toral automorphisms, complex
numeration systems and β-expansions. We follow [50] for the fusion definition we
give here and note that although we use the context of tilings in R

d the definitions
are appropriate for (multidimensional) sequences as well.

Suppose that we have a finite prototile set P in R
d . Given two P-patches P1

and P2 and two translations x1 and x2, if the patches (P1 − x1) and (P2 − x2)

intersect only on their boundaries to form a patch with connected support we call
(P1 − x1)∪ (P2 − x2) a fusion of P1 to P2. Of course there could be many different
ways two given patches can be fused, and we could make the fusion of any finite
number of patches inductively. Patch fusion is our tiling analogue to concatenation
for symbols.

We form our fusion rule by defining the sets of supertiles as follows. The set P0
is just the prototile set P . The set P1 is our set of 1-supertiles and is defined to be a
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finite set of finite P-patches. We use the notation P1 = {P1(1), P1(2), . . . , P1(j1)}.
The set P2 is defined to be some finite set of finite patches that are fusions of
patches from P1. The elements of P2 are our 2-supertiles and we use the notation
P2 = {P2(1), P2(2), . . . , P2(j2)}. One could think of the patches in P2 as either
P-patches, or as P1-patches (i.e., as patches made from 1-supertiles).

We continue inductively, forming P3 as a finite set of patches that are fusions of
2-supertiles, and in general letting Pn be a finite set of patches that are fusions of
(n− 1)-supertiles. We use the notation Pn = {Pn(1), . . . , Pn(jn)} and think of our
n-supertiles both as patches of ordinary tiles and also as patches of k-supertiles for
any k < n. We collect all of our supertiles together into an atlas of patches called
our fusion ruleR, that is

R =
⋃

n∈N
Pn = {Pn(j) | n ∈ N and 1 ≤ j ≤ jn} .

The fusion rule can be used as a pre-language for our tiling space as defined in
Sect. 2.3.1.2. That means that tilings are fusion tilings by this rule if and only if all
of their patches are seen somewhere in a patch in R.

Remarks

1. In general we will assume that some sequence of n-supertiles grows to cover Rd

so that there are tilings of Rd that are allowed by the fusion rule. That is, we take
as a standing assumption that our fusion tiling spaces are nonempty.

2. The number jn of supertiles can vary from level to level.
3. When d = 1, if we consider translations by elements of Z with all tiles having

unit length, fusion tilings correspond to Bratteli-Vershik systems (except for edge
sequences that have no predecessors or no successors). See [21] for more about
the relationship between tilings and Bratteli-Vershik systems.

4. As stated currently, the definition of fusion rule allows for every P-tiling to
be seen as a fusion tiling. Construct the fusion rule R by letting the set of n-
supertiles contain every possible patch of P-tiles containing n or fewer tiles. All
of ΩP is contained in this fusion tiling space.

Example 9 (The Chacon transformation [29]) This example was the first to show
that there exist transformations with weakly but not strongly mixing dynamical
systems. It was originally constructed using the “cut-and-stack” method8 and can
be seen as a substitution as well as a fusion tiling.

To see the Chacon transformation as a fusion rule for tilings of the line, let la and
lb to be two positive numbers, let a denote a prototile with support [0, la], and let b
denote a prototile with support [0, lb]. We let the symbols a and b also serve as the
labels of the tiles if those are needed.

8Actually, it is possible to see the process of fusion as a cutting and stacking process.
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For each n there are two n-supertiles, which we consider being of types a and b.
We define P1(a) = a ∪ (a + la) ∪ (b + 2la) ∪ (a + 2la + lb) and P1(b) = b. We
think of P1(a) as “aaba”, and it has length 3la + lb. The length of P1(b) is just lb,
and we will let Pn(b) = b for all n.

To make P2(a) we fuse three copies of P1(a) and one copy of P1(b) together in
the same order as we did for P1(a), and we let P2(b) = b. The length of the new a

supertile is three times that of the previous a supertile plus the length of b.
In general, we have:

Pn+1 = {Pn+1(a), Pn+1(b)}
= {Pn(a)Pn(a)Pn(b)Pn(a) , Pn(b)}
= {Pn(a)Pn(a) b Pn(a) , b}.

This is an example where not all supertiles expand. In the original formulation b is
seen as a ‘spacer’, and the offsets between a’s it provides are the cause of the weak
but not strong mixing.

Example 10 (A Direct Product Substitution) Let A = {a, b} and define σ(a) =
abb, σ (b) = aa. We take the direct product of this substitution with itself, with
alphabet (a, a), (a, b), (b, a), (b, b). We use the convention that the substitution
on the first letter runs horizontally and the substitution on the second letter goes
upwards. With that we obtain

S((a, a)) =
(a, b) (b, b) (b, b)

(a, b) (b, b) (b, b)

(a, a) (b, a) (b, a)

, S((a, b)) = (a, a) (b, a) (b, a)

(a, a) (b, a) (b, a)
,

S((b, a)) =
(a, b) (a, b)

(a, b) (a, b)

(a, a) (a, a)

, S((b, b)) = (a, a) (a, a)

(a, a) (a, a)
.

It is better to visualize the substitution as a tiling, so we show the prototiles and
1-supertiles in Fig. 2.15. The first row is P0 = {(a, a), (a, b), (b, a), (b, b)} and the
second is

P1 = {P1 ((a, a)) , P1 ((a, b)) , P1 ((b, a)) , P1 ((b, b))}.

It is possible to iterate this as a substitution, concatenating in two dimensions
in much the same way as we would do in one dimension. We choose instead to
think of it as a fusion, where the n + 1-supertiles are constructed using the same
concatenation of n-supertiles at every level.This concatenation is diagrammed in
Fig. 2.16 and the 2-supertiles are shown in Fig. 2.17.
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Fig. 2.15 The prototiles and 1-supertiles for the direct product substitution

Fig. 2.16 Direct product fusion rule making (n+ 1)-supertiles from n-supertiles

Fig. 2.17 The 2-supertiles for the direct product fusion

Fig. 2.18 The 1-supertiles for the DPV

The Z2 dynamical system associated with the direct product acts the same as the
direct product of the one-dimensional systems. To get something new we rearrange
the substitution on some of the letters to break the direct product structure, obtaining
“Direct Product Variation” (DPV) tilings. Varying the structure is easily done but
care must be taken so that the DPV substitution can be iterated to form legitimate
patches and tilings.

Example 11 (A Variation on the Direct Product) In this example we have chosen
to rearrange only the tiles in the first supertile (compare Figs. 2.15 and 2.18). The
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requisite care was taken to ensure that the 1-supertiles fit together to form 2-
supertiles supported on topological disks, and that this nice situation will continue
in perpetuity.

Unlike the DP case, if we try to iterate it as a substitution it becomes problematic:
it is not clear how to concatenate the substituted tiles. Each supertile may be
in a different relationship to its neighbors than the original tile was. In some
examples it is possible to determine how to fit the supertiles together by looking at
bounded patches around the original tiles. Those are the kinds of examples that have
prompted definitions ‘combinatorial’ or ‘local rules’ substitutions [39, 40, 43, 86].
For this example, however, concatenation of individual 1-supertiles inside large
patches cannot be determined by local information and so the fusion paradigm is
necessary. (See [46] for a discussion of the origin of these nonlocal problems and
their consequences.)

Figure 2.19 gives the general template for concatenating the n-supertiles to make
the (n+1)-supertiles, and Fig. 2.20 shows us the set of 2-supertiles. Already we can
see that the direct product structure has been disrupted.

For your entertainment we include a comparison of the 3-supertiles of type (a, a)
for the DP and DPV substitution in Fig. 2.21. Direct product tilings have a distinct
appearance with horizontal and vertical bands clearly visible. The DPV can be
compared to the introductory Fig. 2.6, which is a version of the DPV with ‘natural’
tile sizes.

The topology, and in particular the cohomology, of a DPV based on a strongly
non-Pisot substitution in product with the substitution 1 → 11 (which gives a

Fig. 2.19 DPV fusion rule making (n + 1)-supertiles from n-supertiles

Fig. 2.20 The 2-supertiles for the DPV fusion
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Fig. 2.21 The 3-supertiles of type (a, a) for the DP (left) and DPV (right)

“solenoid” system) is analyzed in [49]. In that example the DPV uses natural tile
sizes and has infinite local complexity.

2.4.5.1 Special Classes of Fusion Tilings

A fusion rule R is called prototile-regular if each Pn has the same number of
elements. A prototile-regular fusion rule is called transition-regular if the number
of each tile type in each supertile type doesn’t change from level to level. The DP
and DPV examples shown were both prototile- and transition-regular, and they are
also ‘algorithmic’ in the sense of the next example.

Example 12 (A “Uniform Shape Substitution”) This is an example of the type of
substitution found in [39]. We call it algorithmic because a simple computer algo-
rithm can be written to describe the formation of the n-supertiles. The algorithm is
iterative, accepting n-supertiles and fundamental level-n translations and returning
(n + 1) versions of these. Interesting for these examples is that there may be more
than one possible input (prototile set and fundamental translations) that leads to a
tiling of R2.

Because it isn’t obvious how to make a simplified figure like we did for DPVs
that describe the combinatorics of how to put the n-supertiles together to make the
(n+1)-supertiles, we give the algorithm instead. Let An and Bn denote n-supertiles
and let kn and ln represent fundamental translation vectors at the nth level, and let

L =
(

2 1
−1 1

)
. Then

An+1 = An ∪ (Bn + kn) ∪ (Bn + ln) and Bn+1 = Bn ∪ (An + kn) ∪ (An + ln).

The level-(n+ 1) translations are kn+1 = Lkn and ln+1 = Lln.
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Fig. 2.22 Level-n tiles of type A for n = 1, . . . 6, beginning with square tiles. Each square tile is
the same size despite the image rescaling, which is there solely for display purposes

To run the algorithm, put in a prototile set and some initial vectors and see what
happens when the algorithm is iterated. There are at least three distinctly-shaped
prototile sets and corresponding initial vectors that lead to tilings of R2; we include
only one here.

One possible prototile set is colored unit squares with their lower left endpoints
at the origin. With this input set it is necessary to set k0 = (1, 0) and l0 = (0, 1).
Figure 2.22 shows the first six supertiles of the blue (A) prototile. It is essential to
note that each successive supertile is shown at a scale smaller than it actually is: all
the tiles should be the same size as the first one. The rescaling is just there to display
the supertiles together. Also note the dot in each image: it represents the location of
the origin and allows us to see the rotational aspect of this fusion rule.

It is the ‘shape’ of the substitution that matters: it is ‘uniform’ in the sense that
the shapes of the n-supertiles of either type are the same and it is only the coloring
that differs. In our example we have chosen a bijective coloring, using the word
‘bijective’ in the same way as we used it for substitutions in Z

d .
Another prototile set that works is a pair of colored hexagons with vertex set

{(1, 0), (0, 1), (−1, 1), (−1, 0), (0,−1), (1,−1)},

in which case it is necessary to set k0 = (2,−1) and l0 = (1, 1).
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These tilings turn out to be pseudo-self-similar with expansion mapL. Moreover,
Fig. 2.22 provides convincing evidence of the existence of a fractal-shaped tile that
could be used as the ‘uniform shape’ and which makes a self-similar tiling.

2.4.5.2 S-adic Systems

S-adic systems are both generalizations of symbolic substitutions and specializa-
tions of fusion rules. There are substitutions, but they can change from level to
level and thus have to be applied in reverse order, effectively turning them into
a fusion rule. The term “S-adic” and basic definitions are proposed in [38], as
part of a larger study of symbolic systems of low complexity. There are many
reasons why this generalization is useful, as it intersects with continued fractions
and interval exchange transformations, and has been very interesting in the study
of combinatorics on words. The topic and its connections to numerous areas is
surveyed in [103]. Recently, a few generalizations of S-adic systems to higher
dimensions have been made that do not use the fusion paradigm [51, 53].

We follow the notation of [24] first and then explain how this well-studied family
of systems fits into the fusion paradigm and can be seen as a supertile construction
method. Let A0,A1,A2, . . . be a family of finite alphabets, and, for each n, let
σn : An+1 → A∗n be a map taking an element from An+1 to a nonempty word in the
alphabet An.9 Let {an}∞n=0 represent a sequence for which an ∈ An for all n ∈ N.
An infinite word x ∈ AN

0 admits the S-adic expansion {(σn,An)}∞n=0 if

x = lim
n→∞ σ0σ1 · · · σn−1(an).

We have the usual two options to make a sequence space, either as the hull of x or
as the set of all sequences admitted by the set of n-superwords.

(The theoretical computer science community has established terminology for
the set of all allowed words: a ‘language’. In this terminology the directive sequence
{σn} has a language associated with it given by

L =
⋂

n∈N
σ0σ1 · · · σn−1(A∗n),

where the notation M denotes the smallest language containing the set M . The S-
adic system given by {σn} can then be studied through the shift space admitted by
this language.)

9There is a separate lexicon in which what are known to some as “substitutions” are known to
others as “non-erasing morphisms” and the set A∗ is called the “free monoid” instead of the set of
all finite words from A [6, 76].
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Let us see how this fits into the fusion paradigm. The prototile set is A0, which
could be seen as labelled unit intervals if we prefer a tiling to a sequence. The 1-
supertiles are constructed using the map σ0 : A1 → A0. For each a ∈ A1, σ0(a)

is a word in A0 which by abuse of notation we might think of as a patch instead. In
either case we call it a 1 supertile. The 1-supertiles are given by

P1 = {σ0(a) such that a ∈ A1}

The 2-supertiles are given by σ0(σ1(a)), where a is now an element of A2, and
we need to see why those are fusions of 1-supertiles. Notice that σ1(a) is a word in
A∗1, and so we can apply σ0 to each of its letters. Thus one can see σ0(σ1(a)) as the
fusion of blocks of the form σ0(a

′) in the order prescribed by σ1(a). Thus the set of
2-supertiles is

P2 = {σ0σ1(a) such that a ∈ A2}

Now the 3-supertiles are given by σ0σ1σ2(a), where now a ∈ A3. To see these
are fusions of 2-supertiles, suppose σ2(a) = b1b2 · · · bk , which is in A∗2. Then
σ0σ1(σ2(a)) = σ0σ1(b1)σ0σ1(b2) · · · σ0σ1(bk), which is a fusion of 2-supertiles.
Clearly, then, the n-supertiles take the form

Pn = {σ0σ1 · · · σn−1(a) such that a ∈ An},

and can be seen as fusions of (n − 1)-supertiles as desired. So in this work we
consider S-adic constructions to be supertile constructions as well.

2.4.6 Tiling Spaces from Supertile Methods

As we discussed in Sect. 2.3.1.2, tiling spaces are often given as either the hull of a
specific tiling or as the tilings admitted by a specific language. It is reasonable to try
both approaches for supertile methods.

In the case of general symbolic substitutions in Z, constant-length substitutions
in Z

d , and self-affine or -similar tilings of Rd , we have noted that we can consider
the substitution as an action on the sequence or tiling space. Thus if T is a fixed
point of the substitution we can study the supertile rule by studying the hull of T .
This doesn’t work for arbitrary fusion rules, since they don’t define actions on the
full tiling space.

For fusion rules (and therefore all supertile methods) one can consider the set of
all n-supertiles to be the set R. Thinking of R as a pre-language (which may be an
abuse of terminology), we see that if there are infinite tilings inΩP that are admitted
by R, then the space ΩR is nontrivial. We do not attempt to determine precise
conditions that enforce nontriviality, but that is easy to check in examples. In [50]
a blanket assumption is that the boundaries of the n-supertiles become arbitrarily
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small compared to their interiors as n → ∞. (Such a sequence of sets is called
a “van Hove sequence”, and we call fusions of this sort van Hove.) We clearly
need some sort of growth condition for supertiles in order for the tiling space to be
nontrivial.

Often the Ωs you get by either method are identical, but there are exceptions.
One notable exception is if the invariant T contains a ‘defective’ patch that is not
allowed by the substitution but is stable under the substitution rule. The Danzer
T2000 example was another exception arising from not having primitivity.

2.4.7 Recognizability or the Unique Composition Property

Suppose you are given an element of a tiling (or sequence) space given by some
supertiling method. All you see are the tiles in the tiling. Can you determine
uniquely how the tiles group into supertiles? If so, the tiling (or sequence) is
recognizable.

To make this definition it is convenient to introduce the notion of “supertiling
spaces”. Let Ω be a (nonempty) tiling space defined for some supertile method.
Fix an n and choose some T ∈ Ω . For any x ∈ R

d the patch T ∩ {x} must be
contained in some n-supertile, either from the generating tiling or from R. The
n-supertile might not be unique, but there are only finitely many possibilities. A
diagonalization argument can be made to extrapolate that all tiles in T itself can be
composed into n-supertiles that overlap only on their boundary. A tiling Tn obtained
by this composition, i.e. where the prototile set is considered at Pn rather than P , is
called an n-supertiling of T . The space of all n-supertilings of Ω is denoted Ωn and
is a translation-invariant subspace of the tiling space ΩPn

.
Since each n-supertile is constructed from (n− 1)-supertiles by definition, there

is a unique decomposition map fn taking Ωn to Ωn−1. It is possible that the tiling T
can be composed in more than one way into a tiling in Ωn. In this case the supertile
rule is “not recognizable” or does not have the “unique composition property”.

Definition 2.4.5 (See [50]) A supertile rule is said to be recognizable if the
decomposition map from Ωn to Ωn−1 is invertible for all n.

This definition looks at recognizability as a sort of global property determined
by the connection between supertiling spaces. It can, however, be convenient to
think of it locally as converting patches of n-supertiles into (n + 1)-supertiles.
If a supertile rule is recognizable then every tiling in Ω can be unambiguously
expressed as a tiling with n-supertiles for every n. It is not difficult to show that
the decomposition maps are uniformly continuous, and if they are invertible the
inverse is also uniformly continuous. Thus there exists a family of recognizability
radii rn (n = 1, 2, . . .), such that, whenever two tilings in Ω have the same patch
of radius rn around a point v ∈ R

d , then the n-supertiles intersecting v in those two
tilings are identical.
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The terminology original to the symbolic substitutions case is ‘recognizability’,
and it is shown in [81] that recognizability and nonperiodicity are equivalent in that
case. Solomyak [100] gave the concept the name ‘unique composition property’ for
self-affine tilings. He proved in [98] that unique composition and nonperiodicity are
equivalent. In [50] the notion is defined for fusions, where it is shown by example
that there are no general results connecting nonperiodicity to recognizability.

Recognizability turns out to be essential for many arguments and is almost
always assumed. It is central in the following construction.

Example 13 (How to Make a Nonlocal Homeomorphism) We use two tiling spaces
associated with the Fibonacci substitution of Example 3. Let Ω be the space with
labelled unit-length tiles and Ω ′ to be the space with natural tile lengths, normalized
so that the n-supertiles in both spaces asymptotically converge in length. These
spaces are easily shown to be recognizable.

We can make an invertible local map Q by requiring that T and Q(T ) have the
same underlying sequence of a’s and b’s and then determining the precise location
of 0 in Q(T ). This location is determined from the location of 0 in T using the
supertile structure: one considers the sequence of n-supertiles in T containing 0,
and translates Q(T ) a little bit for each n so that, say, the left endpoints of the n-
supertiles line up. Since the lengths converge asymptotically the adjustments at each
stage will go to 0 and the precise location of Q(T ) can be determined.

2.5 Ergodic-Theoretic and Dynamical Analysis of Supertile
Methods

2.5.1 Transition (a.k.a. Incidence, Substitution, Abelianization,
or Subdivision) Matrices

We can obtain basic geometric and statistical information by associating a matrix or
matrices to a supertile rule. Transition matrices keep track of how many n-supertiles
of each type there are in each (n + 1)-supertile. They go by many names in the
literature but we will use ‘transition’ as our terminology.

These matrices are fundamental to their supertile rules, among other things
helping to compute frequencies and ergodic measures. Since we can count how
many times pi appears in Sn(pj ), and we can count the total number of tiles in
Sn(pj ), we can estimate the relative frequency of pi . The Perron-Frobenius theory
of matrices allows us to draw conclusions about the frequency statistics in our hulls
accordingly. In particular we will see how to use transition matrices to construct
ergodic measures.

The matrices for self-similar tilings of R
d , substitutions in Z, constant-length

substitutions of Zd , and stationary (or even transition-regular) fusion rules in R
d or

Z
d are all obtained the same way, so we use tiling terminology to refer to all cases.

We assume the prototile set has been given some arbitrary order P = {p1, . . . p|P |},
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which we shall keep fixed. Then the transition matrix for S is the |P | × |P | matrix
M whose (i, j) entry Mij is the number of tiles of type pi in S(pj ). It is not hard to
check that the tile population information for Sn is given by Mn.

Fusion rules have a somewhat more complicated transition matrix situation. This
is due to two facts: first, that the fusion rules used to construct the n-supertiles may
be completely unrelated to the rules used to construct the m-supertiles when m �= n,
and second, that the number of supertiles can vary from level to level. Thus we need
an infinite family of (possibly non-square) transition matrices in order to give us the
population information we seek.

Recall that Pn is the set of n-supertiles. We define the transition matrixMn−1,n to
be the |Pn−1|×|Pn|matrix whose (k, l) entry is the number of supertiles equivalent
to Pn−1(k) (i.e. the number of (n − 1) supertiles of type k) in the supertile Pn(l).
Notice that the matrix product Mn,N = Mn,n+1Mn+1,n+2 · · ·MN−1,N is well-
defined when N > n. The entries of Mn,N reveal the number of n-supertiles of
every type of N-supertile. If there is more than one fusion of Pn−1-supertiles that
can make Pn(l), we fix a preferred one to be used in all computations.

2.5.2 Primitivity

Generally speaking, a supertile method is primitive if one finds every type of
n-supertile in every type of N-supertile, provided N is sufficiently large. This
assumption is useful in obtaining minimality, repetitivity, and unique ergodicity
results and ensures that our hulls have a certain level of homogeneity.

For this definition, suppose M or Mn,n+N are the transition matrices for the
supertile rules.

Definition 2.5.1 A symbolic or tiling substitution rule is defined to be primitive if
and only if there is an N such that all of the entries of MN are strictly positive. A
fusion rule is defined to be primitive if and only if for every n ∈ N there exists an N
such that the entries of Mn,n+N are strictly positive.

In this latter situation it is possible that N varies depending on n.

2.5.2.1 General Result: Primitivity Implies Minimality

Recall that a topological dynamical system (Ω,G) is said to be minimal if and only
if Ω is the orbit closure of any of its elements.
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Proposition 2.5.1 10 Let Ω be the space of tilings allowed by a supertile construc-
tion and let G be its group of translations. If the supertile construction is primitive,
then (Ω,G) is minimal.

Note that this proposition is not an if and only if: the Chacon substitution is an
example of a supertile construction that is minimal even though it is not primitive.
Although the most study has been done on primitive systems, progress has been
made in the non-primitive case as well [25, 26, 78]. We should note, however,
that primitivity and minimality are ‘morally’ the same in the sense that minimal
nonprimitive systems in one dimension can be transformed into primitive ones using
a return word procedure [78]. A way to do it for a Chacon DPV in two dimensions
is shown in [46].

2.5.2.2 Result for Substitution Systems: Primitivity Implies Unique
Ergodicity

Because it is easy to write down the transition matrix for a substitution rule, it can
often easily be determined that a substitution dynamical system is uniquely ergodic.
The general theorem that makes this possible in all cases is the Perron-Frobenius
theorem. The situation for fusions is more subtle and will be discussed later.

Part of the Perron-Frobenius theorem requires matrices that are irreducible in the
sense that for each index (i, j) there is an n ∈ N such that Mn

ij > 0. This condition
is weaker than primitivity because the entries are not required to be simultaneously
positive for any n. Clearly, a primitive matrix is irreducible. We cite the portions
of the Perron-Frobenius theorem that are relevant to our study as a combination of
statements from [74, p. 109], [67, p. 16], and [100, p. 704].

Theorem 2.5.2 (Perron-Frobenius Theorem) Let M be an irreducible matrix.
Then M has positive left and right eigenvectors l and r with corresponding
eigenvalue θ > 0 that is both geometrically and algebraically simple. If θ ′ is another
eigenvalue for M then |θ ′| ≤ θ . Any positive left or right eigenvector for M is a
multiple of l or r.

Moreover, ifM is primitive and l and r are normalized so that l · r = 1, it is true
that

lim
n→∞

Mn

θn
= rl.

The eigenvector l and r are ordinarily called the Perron eigenvectors and θ is
always called the Perron eigenvalue for M .

10See [64, 89] for symbolic substitutions, [87] for self-affine tilings, and [50] for fusions.
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In order to find the result that primitivity implies unique ergodicity for symbolic
substitutions, a good reference is [89, Ch. V.4]. There we find this stronger result:

Theorem 2.5.3 ([89], Theorem V.13) If a symbolic substitution system is minimal,
then it is uniquely ergodic.

It is stronger because primitivity is not the only way for a symbolic substitution
system to be minimal. For example, the Chacon system is minimal and therefore
uniquely ergodic despite it not being primitive.

The situation for self-affine tilings is as follows.

Corollary 2.5.4 (Folklore; Corollary 2.4 of [100]) Suppose T is a self-affine
tiling with expansion map φ for which the transition matrix M is primitive.
Then the Perron eigenvalue of M is |detφ|. Writing the prototile set as P =
{p1, p2, . . . , pm}, the left eigenvector can be obtained by l = (V ol(pj ))

m
j=1.

Moreover,

lim
n→∞ |detφ|

−nMn
ij = riV ol(pj ).

The last equation proves particularly useful in computing frequencies and ergodic
measures as we will show in the case study, next. Moreover, one can show that the
n-supertile frequencies are given by 1

|det (φ)|n r and we can get the frequencies of
everything else from that information.

The adaptation of the previous result to multidimensional constant-length sym-
bolic substitutions is carried out in [45].

2.5.2.3 Case Study: Ergodic Measures for Constant-Length Z
d

Substitutions

By results in [45], we can use Corollary 2.5.4 to make an instructive example. We
consider a tiling model of sequences in Ω where each tile is a unit ‘cube’ in R

d

labeled by the appropriate element of A.
If S is a primitive, nonperiodic substitution with size l1 · l2 · · · ld = K and φ is

its natural expanding map, Corollary 2.5.4 implies that the largest eigenvalue of M
must be equal to | detφ| = K . The left Perron eigenvector l must the tile volumes,
which are all 1. This implies that

∑|A|
i=1 ri = 1 and that

lim
n→∞K−nMn =

⎛

⎜⎜
⎜
⎝

r1 r1 · · · r1

r2 r2 · · · r2
.
.
.

.

.

.
.
.
.

r|A| r|A| · · · r|A|

⎞

⎟⎟
⎟
⎠
.

We know that the dynamical system (Ω,Zd ) is uniquely ergodic, and by
our discussion of the connection between ergodic measures and frequencies in
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Sect. 2.3.4 we know that frequencies exist and must be equal for almost every
element of Ω . One can show that it suffices to compute frequencies in larger
and larger supertiles, rather than in arbitrary balls of expanding radius. In fact, by
primitivity it doesn’t matter which type of supertiles we look at, so we will just look
at Sn(a1) as n → ∞. We will use the notation Nai (B) to denote the number of
occurrences of the letter ai in a block B. Then

f req(ai) = lim
n→∞

Nai (Sn(a1))

Kn
, (2.4)

since Kn is the volume of the substituted block Sn(a1). The numerator is
easily computed since it is simply Mn

i1. Thus we have that f req(ai) =
limn→∞K−nMn

i1 = ri , and so computation of f req(ai) reduces to computation of
the right eigenvector for M .

Sometimes the computation comes out particularly nice. For instance, we have
the following proposition:

Proposition 2.5.5 Let S be a primitive and nonperiodic substitution of constant
length l1 · l2 · · · ld = K in Zd . ThenM has the property that

∑|A|
j=1 Mij = K for all

i ∈ 1, 2, . . . |A| if and only if the frequency of any letter ai ∈ A is 1/|A|.
Proof If

∑|A|
j=1 Mij = K , then a right eigenvector for M is given by r =

(1/|A|, . . . , 1/|A|). Since l · r = 1 it must be the (unique) right Perron eigenvector
for M . Since f req(ai) = ri the result follows.

Conversely, the vector r defined as above again is a right eigenvector and we have
that

(Mr)i =
|A|∑

j=1

Mij /|A| = (Kr)i = K/|A|,

and the result follows.

Bijective substitutions (defined in Sect. 2.4.3) automatically satisfy the former
condition, and so do the Rudin-Shapiro-like substitutions seen in [44].

Corollary 2.5.6 If S is a primitive, nonperiodic, bijective substitution of constant
length in Zd , then the frequency of any letter ai ∈ A is 1/|A|.
Proof (Sketch) The row sum for row i is the number of times we see ai in the
substitution of any tile. Because the substitution is bijective, for any given location
in the substitution we know that ai appears exactly once. That means that the number
of times ai appears is the number of spots in the substitution, which is K .
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2.5.3 Ergodic Measures for Fusions

Let us suppose that R is a primitive, recognizable, van Hove fusion rule in R
d that

admits a nontrivial tiling spaceΩ . What are the possibilities for translation-invariant
measures? We suppose for convenience11 that the group action for dynamics is G =
R
d and follow [50], section 3.4.
We cannot use the Perron-Frobenius theorem in this situation because our

transition matrices change from level to level, so we adapt it to work here. Because
of the relationship between S-adic systems, Bratteli diagrams, and fusion tilings,
our analysis is closely related to that in [27, 41] and others. (Our work takes the
analysis into the continuous dynamics situation.)

By recognizability we know that every tiling T ∈ Ω has a unique n-supertiling
Tn ∈ Ωn. Consider a particular n-supertile Pn(j) ∈ Pn. We denote its frequency in
T as an n-supertile as f̃Pn(j), if it exists. We know that Pn(j) as a patch of ordinary
tiles may have a larger frequency f̄Pn(j) in T . In fact, recognizability gives us a finite
list of patches S1, S2, . . . Sq that appear if and only if Pn(j) appears as a supertile.
That means that we can compute f̄Pn(j) =

∑q

i=1 f̄Si if the latter frequencies exist
in T .

In the symbolic or tiling substitution case we found a right eigenvector r that
represented the prototile frequencies and satisfied r · l = 1, where l is the vector
of tile volumes. We might say that r is ‘volume-normalized’, and the useful thing
about that is that it makes the ergodic measure a probability measure. We need to
extend this concept to fusion tilings.

In the substitution case, the n-supertile frequencies are all given by the vector
1

|detφ|n r. For fusion rules the supertile frequencies are not as simple. We let a

nonnegative vector ρn = (ρn(1), . . . , ρn(jn)) ∈ R
jn represent the n-supertile

frequencies.

Definition 2.5.2 Let ρ be a sequence of vectors {ρn} described above. We say that
ρ is volume-normalized if for all n we have

∑jn
i=1 ρn(i)V ol(Pn(i)) = 1. We say

that it has transition consistency if ρn = Mn,NρN whenever n < N . A transition-
consistent sequence ρ that is normalized by volume is called a sequence of well-
defined supertile frequencies.

As before, volume-normalization is there to ensure that the measure is a prob-
ability measure. The transition-consistency requirement ensures that the measure
is additive: it is necessary that the frequency of N-supertiles be related to the fre-
quencies of the n-supertiles they are composed of. This property was automatically
satisfied before because r was an eigenvector. For fusion rules, it turns out that
the invariant measures are completely determined by sequences of well-defined
supertile frequencies:

11How to adapt the analysis appears in [50, section 3.7].
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Theorem 2.5.7 ([50]) Let R be a recognizable, primitive, van Hove fusion rule
with tiling dynamical system (Ω,Rd). There is a one-to-one correspondence
between the set of all invariant Borel probability measures on (Ω,Rd) and the set
of all sequences of well-defined supertile frequencies with the correspondence that,
for all patches P ,

f reqμ(P ) = lim
n→∞

jn∑

i=1

# (P in Pn(i)) ρn(i). (2.5)

Thus one could, given a sequence of well-defined supertile frequencies, construct
a translation-invariant ergodic measure μ as follows. Given any patch P , get the
frequency f reqμ(P ) as in Eq. (2.5). Then, the measure of a cylinder set ΩP,U will
be f reqμ(P )V ol(U), provided U is not too large. Since the cylinder sets form a
basis for the topology, we can now measure any Borel measurable set.

2.5.4 General Result: Substitution Systems are Not Strongly
Mixing

Recall that a measure-preserving system is strongly mixing if for all measurable sets
A,B and for any sequence of vectors vn whose lengths increase without bound it
is true that limn→∞ μ (A ∩ (B − vn)) = μ(A)μ(B). There is a standard argument
proving that a substitution system isn’t strongly mixing, appearing for substitution
sequences in [34] and for self-similar tilings in [100]. Here is a general result.

Theorem 2.5.8 ([50]) The dynamical system of a strongly primitive van Hove
fusion rule with a constant number of supertiles at each level and bounded transition
matrices, and with group G = Z

d or Rd , cannot be strongly mixing.

For tiling or symbolic substitutions neither the transition matrix nor the number
of supertiles changes from level to level, so these are never strongly mixing. Indeed,
we see that constructing a strongly mixing supertile method requires a certain degree
of unboundedness, either in the number of supertiles at each level or in the entries
of the transition matrices between consecutive levels.

2.5.5 Fusion Rules with Various Properties

The fusion paradigm can be used to construct interesting examples where the
standard results from substitution systems need not apply. Here are some that appear
in [50].
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1. Example 3.7 provides us with an example of a one-dimensional, prototile- but
not transition-regular fusion rule that has a minimal but not uniquely ergodic
dynamical system.

2. Again prototile-regular, example 3.8 shows how a measure arising from a
sequence of supertiles can fail to be ergodic.

3. Example 4.4, the “scrambled Fibonacci”, is based on the Fibonacci substitu-
tion/fusion, but is systematically altered at occasional levels. The alterations
are enough to eliminate topological point spectrum, but the system still has
measurable eigenvalues. Thus we have a system that is topologically weakly
mixing but measure-theoretically pure point. It appears in [65], along with a
related example where the measurable and topological eigenvalues differ.

4. Example 4.8 gives us an example of a uniquely ergodic symbolic fusion system
that has ‘coincidence with finite waiting’ but is not pure point spectrum. This
contrasts with Dekking’s classical result on coincidence for constant-length
symbolic substitutions [33], where coincidence implies pure pointedness.

5. Example 4.9 provides a one-dimensional symbolic fusion that is not prototile-
regular, where not only is the system not uniquely ergodic, but also the ergodic
measures can have different spectral types.

6. Example 4.11 is an example of a symbolic fusion rule that is strictly ergodic and
yet has positive entropy.

2.6 Spectral Analysis of Supertile Methods: Dynamical
Spectrum

For the remainder of these lectures we discuss the two main spectral methods for
analyzing tiling spaces: dynamical and diffraction. Spectral theory of dynamical
systems is widely used and provides a measure-theoretic tool that standardizes
spaces acted on by a group G ⊆ R

d by comparing them to Lebesgue measure
on the dual group of G. This is achieved using what is now called the Koopman
representation, which represents G as unitary operators on L2(Ω,μ), and applying
the spectral theorem for unitary operators. A nice development of the subject for
G = Z or Z+ can be found in [84, 104]; also for G = Z [56] provides a well-
contextualized historic overview and survey of results up to 1999. The book [89] is
entirely devoted to analyzing symbolic substitutions in one dimension using spectral
theory, as is Chapter 7 of [42]. The paper [19] extends many of these results to the
multidimensional constant-length Z

d substitution case. The dynamical spectrum
framework for self-similar tilings of R

d is laid out in [100]. One can see [11,
Appendix B] for a brief discussion of how the theory for Z actions can be extended
to the higher-dimensional and/or continuous case, but the author is not aware of any
survey of the spectral theory of tiling dynamical systems.

Strong motivation for studying the diffraction spectrum of tilings comes from
the quasicrystal model. Indeed, Shechtman’s Nobel prize-winning discovery of
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quasicrystals arose from a diffraction experiment [97]. A lovely and somewhat
underappreciated early book on crystals, quasicrystals, tilings, diffraction, and
the history of the subject is [96], which bridges the gap between physics and
mathematics for those looking for perspective. Fourier analysis is used to define
virtual diffraction experiments on tilings, and [11] is an excellent source to learn
about how it works. The method was originally proposed in [60], and there is a
fundamental argument in [37] that allows us to see that the diffraction spectrum
is related to the dynamical spectrum. There has been special emphasis on the
discrete (a.k.a. point or atomic) part of the diffraction spectrum of tilings because
it represents the bright spots appearing on a diffraction image known as “Bragg
peaks”. In particular, extensive work has been done to determine conditions under
which there exists such point spectrum, and when the spectrum is composed solely
of it. We will discuss a selection of results in this direction as well as what is known
about the connection between the two types of spectral analysis.

2.6.1 The Koopman Representation

Let (Ω,G) be a dynamical system with G representing a group of translations.
Suppose μ is a translation-invariant ergodic Borel probability measure for the
system. The function space L2(Ω,μ) is a Hilbert space and one often looks at it
when trying to analyze a system. From a physics perspective one could consider a
function as taking measurements or running experiments on the tilings in the tiling
space.

For each j ∈ G there is a unitary operator U j : L2(Ω,μ)→ L2(Ω,μ) defined
by

U j (f )(T ) = f (T − j).

This family of operators is sometimes called the Koopman operator and it is a
representation of G. Since L2(Ω,μ) is a separable Hilbert space the tools of
operator theory are available. The spectrum of the Koopman operator is called the
dynamical spectrum of Ω (or of the supertile method that generated it).

Every f ∈ L2(Ω,μ) has a spectral measure associated with it. No matter which
construction method was used, all of the cases look like this: for j ∈ G we define
f̂ (j ) = ∫

Ω f (T − j)f (T )dμ(T ). One can think of comparing the values of f at
two spots in T , separated by j , and averaging the result over all of Ω . In each of
our situations this satisfies the appropriate notion of positive definiteness so that the
appropriate version of Bochner’s theorem12 guarantees us the existence of a positive

12The general results on spectral theory of dynamical systems in this section can be found in many
places, for instance [56, 71]; specialization to the tiling case first appears in [100].
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real-valued measure σf on T
d with these same Fourier coefficients. That is,

f̂ (j) =
∫

Ω

f (T − j )f (T )dμ(T ) =
∫

Ĝ

zjdσf (z), (2.6)

where zj := z
j1
1 · · · zjdd and the dual group to G is denoted Ĝ.

The spectral type of a function f , then, is determined by how σf decomposes
with respect to Lebesgue measure. Is it discrete, singular continuous, or absolutely
continuous? Or perhaps a mix? The supertile rule that determines Ω ultimately
determines what is possible for these spectral types and is our primary interest in
this topic.

Each f ∈ L2(Ω,μ) generates a cyclic subspace of L2 given by its closed linear
span:

Z(f ) = span {U jf such that j ∈ G}.

Part of the spectral analysis of operators involves finding generating functions
fi, i = 1, 2, . . . for which

L2(Ω,μ) =
⊕

Z(fi).

This decomposition is not exactly unique but the number and spectral types of the
functions are. It is possible to find functions f1, f2, f3, . . . such that L2(Ω,μ) =⊕

Z(fi) and for which σf1 % σf2 % σf3 % . . .. Again the functions are not
unique, but their spectral types are and the spectral type of f1 is known as the
maximal spectral type of the system. This decomposition determines the Koopman
operator up to unitary equivalence.

2.6.2 Eigenfunctions

To begin thinking more about the spectrum of U j we can investigate its eigenvalues
and eigenvectors. The easiest case is whenG = Z. In that case we are looking at any
functions f ∈ L2(Ω,μ) for which there is some λ such that Uf = λf . In general
f is known as a measurable eigenfunction, and if it happens to be continuous then
it is called a topological eigenfunction. Notice that since U is unitary it must be
that |λ| = 1 and we write λ = e2πiα for some α ∈ R. Obviously once we have
an eigenvalue/eigenfunction pair then for any n ∈ Z we have that Unf = λnf =
e2πiαnf .

Now let’s generalize to a continuous one-dimensional action, i.e. when G = R.
An eigenfunction is a function for which there exists an α ∈ R such that for all x ∈ R

it is true that Uxf = e2πiαxf . That is, for all T ∈ Ω it is true that f (T − x) =
e2πiαxf (T ).
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When G is Z
d or R

d with d > 1, the eigenvalues themselves live in higher
dimensions and the inner product becomes necessary. In this situation we say f

is an eigenfunction if there exists an α ∈ R
d for which U jf = exp (2πiα · j)f

for all j ∈ G. That is, for all T ∈ Ω and all j ∈ G we find f (T − j) =
exp (2πiα · j)f (T ).

An important technical point, which seems to be a point of contention, is whether
it is λ or α that is considered the eigenvalue for f . Both perspectives have merit.
The argument for using λ is that it is standard usage in functional analysis for
the spectrum of the unitary operator. The argument for α is that it resides in the
dual group of G and therefore is more directly relevant to diffraction analysis and
abstract harmonic analysis. We will allow either to count as the eigenvalue, being
more precise when necessary.

There is a difference between the situation where G = Z
d and G = R

d that
also manifests itself when we allow G = R

d but the tiling is a suspension of a Z
d

action. When G = Z
d or the tiling space is a suspension of a Z

d action, then every
α ∈ Z

d is an eigenvalue of the system; that is, in these cases there is always some
discrete spectrum. In fact when G = Z

d , the dual group is Td and we have that if
α is any eigenvalue, then α + j is also an eigenvalue for the same eigenfunction, so
the spectrum is only considered on T

d .
When G = R

d but the system is a suspension of a Z
d -action, all elements of Zd

continue to be eigenvalues but we get that α and α+j have different eigenfunctions
for j ∈ Z

d . However, the eigenfunctions are closely related: if we let f denote the
eigenfunction for α and fj that of α + j , then fj (T ) = exp(2πij · x(T ))f (T ),
where x(T ) is the location in R

d of any vertex13 of T . Put another way, the
eigenfunction for α + j is the product of the eigenfunction for α with a function
that keeps track of where the tiling is relative to the suspension.

When G = R
d and the space cannot be seen as the suspension over a lattice we

must consider all possible values of the dual group of Rd , which is still Rd . Thus
spectral images in this case are not restricted to a torus.

Example 14 Let’s compute the spectral measure of an eigenfunction f of (Ω,μ)

with eigenvalue α. For j ∈ G we have

f̂ (j) =
∫

Ω

exp(2πiα · j)f (T )f (T )dμ(T ) = exp(2πiα · j),

since eigenfunctions are of almost everywhere constant modulus that can be taken
to be 1. Thus the spectral measure of f is a measure σf on T

d with these Fourier
coefficients. One can check that the measure on T

d with these coefficients is the
atomic measure supported on α, and so σf = δα .

13One can show that this term is independent of the choice of vertex.
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2.6.2.1 Conditions for Presence of Discrete Spectrum

It is not surprising that spectral properties were investigated soon after the dynamical
systems approach to substitution sequences was introduced. Coven and Keane [32]
investigated a class of examples and their approach was generalized by Martin [80].
Dekking [33] generalized these results using different methods, completely deter-
mining the point part of the dynamical spectrum of constant-length substitutions in
one dimension.

Theorem 2.6.1 ([33], Quoted from Section 7.3 of [42]) Let σ be a non-periodic
(symbolic) substitution of constant length n. Let u be a periodic point for σ . We call
the height of the substitution the greatest integer m which is coprime with n and
divides all the strictly positive ranks of occurrence of the letter u0 in u. The height
is less than the cardinality of the alphabet. The maximal equicontinuous factor14 of
the substitutive dynamical system associated with σ is the addition of (1, 1) on the
abelian group Zn × Z/mZ.

One would expect the discrete spectrum of a symbolic substitution of non-
constant length to have a connection to the expansion factor of the system, and
Host’s result [62] gives a criterion that we quote here, following [42, Chapter 7]. We
leave undefined the term “coboundary”, which we will not be using again.

Theorem 2.6.2 ([62], Quoted from Section 7.3 of [42]) Let σ be a not shift-
periodic and primitive substitution over the alphabet A. A complex number λ of
modulus one is an eigenvalue of (Ω,Z) if and only if there exists p > 0 such that
for every a ∈ A, the limit h(a) = limn→∞ λ|σpn(a)| is well defined, and h is a
coboundary of σ .

The constant function 1 is always a coboundary, making it simpler to check:

Theorem 2.6.3 (Corollary 7.3.17 of [42]) Let σ be a not shift-periodic and
primitive substitution over the alphabetA. If there exists p such that λ ∈ C satisfies
limn→∞ λ|σpn(a)| = 1 for every a ∈ A, then λ is an eigenvalue of the substitutive
dynamical system associated with σ .

One of the main results in [100] is the characterization of eigenvalues and
eigenfunctions for self-similar tiling systems. The method of proof is constructive
in that given the eigenvalue condition, an eigenfunction is constructed whose value
for a tiling T depends on special points derived from the supertile structure of T .

In [100], general results on the presence or absence of eigenfunctions and
therefore on weak mixing are determined. There are results for self-affine tilings
of Rd that are made stronger in the d = 1 and 2 cases. The statement presented
here is essentially quoted from that paper, except that the result of [98] is taken into
account. Note that the set of translations between tiles in T is given by Ξ(T ), where

14Recall that this is the largest topological factor of the dynamical system that is a rotation of a
compact group.
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x ∈ Ξ(T ) if and only if x is a translation taking a tile t ∈ T to an equivalent tile in
T , i.e. t − x ∈ T .

Theorem 2.6.4 (Theorem 5.1 of [100])

(i) Let T be a nonperiodic self-affine tiling of Rd with expansion map φ. Then
α ∈ R

d is an eigenvalue of the measure-preserving system (Ω,μ) if and only
if

lim
n→∞ e2πi(φn(x)·α) = 1 for all x ∈ Ξ(T ). (2.7)

Moreover, if Eq. (2.7) holds, the eigenfunction can be chosen continuous.15

(ii) Let T be a self-similar tiling of R with expansion constant λ. The tiling
dynamical system is not weakly mixing if and only if |λ| is a real Pisot number.
If λ is real Pisot and T is nonperiodic, there exists nonzero a ∈ R such that
the set of eigenvalues contains aZ[λ−1].

(iii) Let T be a nonperiodic self-similar tiling of R2 ≡ C with expansion constant
λ ∈ C. Then the tiling dynamical system is not weakly mixing if and only if λ is
a complex Pisot number. Moreover, if λ is a non-real Pisot number there exists
nonzero a ∈ C such that the set of eigenvalues contains {(α1, α2) : α1+ iα2 ∈
aZ[λ−1]}.

2.6.3 Pure Discrete Dynamical Spectrum

Dekking’s work in [33] was the first to define a notion now known as the
“coincidence condition” for a symbolic substitution σ . It is that there are numbers
k and l such that the image of any letter of the alphabet under σk has the same
lth letter. This combinatorial condition is easy to check in any given example and
eliminates any spectrum that is not discrete. The idea has been generalized to non-
constant length symbolic substitutions and to self-similar tiling systems with the
goal of characterizing purely discrete spectrum in those cases. Algorithms have been
developed such as the “balanced pair algorithm” for substitution sequences (see [79]
and references therein or the original source [75], stated for adic transformations on
Markov compacta). For the multidimensional case there is a series of papers [3–5]
on the “overlap algorithm” making checkable conditions; the original version of this
for tilings appears in [100]. In terms of spectral analysis of supertile systems, spaces
with a purely discrete dynamical spectrum are the most well understood.

15This is also true for substitution sequences [62], but not for general fusions.
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2.6.3.1 Symbolic Substitutions and the Pisot Substitution Conjecture

Let us begin with Dekking’s original result.

Theorem 2.6.5 ([33], Quoted from Section 7.3 of [42]) Let σ be a substitution
of constant length and of height 1. The substitutive dynamical system associated
with σ has a purely discrete spectrum if and only if the substitution σ satisfies the
condition of coincidence.

The situation is not settled in the non-constant length substitution case. A
substitution σ satisfies the strong coincidence condition if there are integers k and
l such that for every a, b ∈ A, the substitutions σk(a) and σk(b) not only have the
same lth letter, but the prefixes of length l − 1 in each have the same number of
letters of each type. The latter part of this condition ensures that σ (k+j)(e) will have
coinciding j -supertiles at the corresponding location for all j ≥ 1.

It is thought, but not known, that algebraic properties of the transition matrix can
determine coincidences. In particular, a substitution is said to be of Pisot type if all
of the eigenvalues of its transition matrix except for the Perron-Frobenius eigenvalue
have modulus strictly between 0 and 1. It is said to be irreducible if the characteristic
polynomial is irreducible.

There are a family of conjectures collectively known as “Pisot substitution
conjectures”, that all more or less say, “the substitution dynamical system has pure
discrete spectrum if it is of irreducible Pisot type”. These conjectures are in place
not only for one-dimensional symbolic substitutions, but also for one-dimensional
tiling substitutions and a few other sorts of substitutions; the situation is nicely
summarized in [2]. Immediately relevant to our work following two conjectures
cited there that are equivalent by Clark and Sadun [31].

Conjecture 2.6.1 (Pisot Substitution Conjecture: Symbolic Substitutive Case) If σ
is an irreducible Pisot substitution then the substitutive system (Ω,Z) has pure
discrete spectrum.

Conjecture 2.6.2 (Pisot Substitution Conjecture: One-dimensional Tiling Case) If
S is an irreducible Pisot substitution for one-dimensional tilings, then its tiling
dynamical system (Ω,R) has pure discrete spectrum.

Progress has recently been made to settle the second conjecture: in [17] the
conjecture is confirmed for substitutions that are injective on initial letters and
constant on final letters. Closely related is the question of whether the substitution
satisfies the strong coincidence condition. Again from [2]:

Conjecture 2.6.3 (Strong Coincidence Conjecture) Every irreducible Pisot substi-
tution satisfies the strong coincidence condition.
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The following two theorems together settle the Pisot substitution conjecture for
two-letter substitutions:

Theorem 2.6.6 ([61]) Let σ be a substitution of Pisot type over a two-letter
alphabet which satisfies the coincidence condition. Then the substitution dynamical
system associated with σ has a purely discrete spectrum.

Theorem 2.6.7 ([18]) Any substitution of Pisot type over a two-letter alphabet
satisfies the coincidence condition.

The question of whether a substitution sequence has purely discrete dynamical
system if and only if its expansion factor is Pisot remains open for alphabets of size
3 or higher and has proved remarkably difficult to resolve. The methods used in the
two-letter case don’t apply in these cases. A survey of the state of results as of 2015
(not including [17]) appears in [2].

2.6.3.2 Purely Discrete Spectrum for Supertile Methods in R
d

There is a sufficient condition given in [100] that works in all dimensions, and then
a specialized version for R2 we will talk about.

Theorem 2.6.8 ([100, Theorem 6.1]) Let T be a self-affine tiling of Rd with
expansion map φ. If there exists a basis B for Rd such that for all x ∈ B,

∑
(1− dens(Dφn(x)) <∞, (2.8)

then the tiling dynamical system (ΩT ,Rd, μ) has pure discrete spectrum.

The strongest result is obtained for R and R
2.

Theorem 2.6.9 ([100, Theorem 6.2]) Let T be a self-similar tiling of Rd , d ≤
2, with expansion constant λ. The tiling dynamical system (ΩT ,Rd , μ) has pure
discrete spectrum if and only if λ is Pisot (real or non-real) and

lim
n→∞ dens(Dλnx) = 1, x ∈ Ξ [T ]. (2.9)

An overlap algorithm is defined in [100, p. 721-724] that determines whether
a self-similar tiling has a pure discrete spectrum. We give only the general idea
of the algorithm here. One makes a graph GO(T , x) out of all overlaps one can
see by comparing the tile(s) in T at some z ∈ R

2, with the tile(s) in T − x at
z. Most of those overlaps will be two tiles of different types, but sometimes they
are of the same type, and on occasion x may be a return vector for the tiles at this
particular z. When that happens we are said to have a coincidence, properly defined
as T ∩ {z} = (T − x) ∩ {z}. An overlap is a vertex in the overlap graph, and edges
connect overlaps that are related via substitution.
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Theorem 2.6.10 ([100, Proposition 6.7]) Suppose that T is a self-similar tiling of
the plane with expansion constant λ a non-real Pisot number, and x ∈ Ξ [T ]. The
following are equivalent:

(i) the tiling dynamical system (ΩT ,R2, μ) has pure discrete spectrum,
(ii) from any vertex of GO(T , x) there is a path leading to a coincidence, and
(iii) dens(Dλnx)→ 1 as n→∞.

2.6.4 The Continuous Part of the Spectrum

The results given above mean that we have a pretty good understanding of the
discrete part of the spectrum for supertile systems. In particular we understand
when there is point spectrum, and where the point masses are. We also understand
when there must be a continuous component to the spectrum. What remains is to
understand the nature of the continuous part. For instance, is it singular or absolutely
continuous with respect to Lebesgue measure?

There are two classic examples of one-dimensional constant-length substitution
sequences16 with mixed spectrum: the Thue-Morse sequence and the Rudin-Shapiro
sequence. Thue-Morse is given by the bijective substitution 0 → 01, 1→ 10 which,
lacking coincidences, was long known to have some continuous spectrum. A variety
of results over the years proved that the continuous part is singular with respect to
Lebesgue measure. It has been thought that the continuous part of the spectrum of a
bijective substitution is always singular, but that question remains open. However, if
the alphabet only has two symbols then singularity has been proved in [12], in one
and several dimensions.

The original Rudin-Shapiro sequence is not bijective but it lacks coincidences
and therefore has a continuous spectral component that has been known to be
absolutely continuous for some time (see [42, 89]). Generalizations to higher
dimensions were developed in [44], where the continuous part of the dynamical
spectrum was shown to be absolutely so. Recent work [30] gives a different
generalization and shows the continuous part of the diffraction spectrum to be
absolutely continuous. The “twisted silver mean” substitution, introduced in [10],
uses a ‘bar swap’ method seen in some of the Rudin-Shapiro constructions, but on a
non-constant length substitution. The result is a mixed spectrum, which is analysed
fully in [10] and found to have a mixed but singular spectrum.

For substitutions of length q , a necessary condition for the presence of absolutely
continuous spectrum had been conjectured: The transition matrix should have an
eigenvalue of modulus

√
q. This conjecture was verified in [23] with the result that if

the transition matrix has no eigenvalue of modulus
√
q then the dynamical spectrum

is singular.

16These sequences were actually defined using number-theoretic constructions, but have simple
substitution rules also.
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The results and techniques of [89] are given an important generalization to
multidimensional constant-length substitutions in [19]. Without requirements on
primitivity or height, Bartlett is able to show that “abelian” bijective substitutions
have only singular continuous spectrum, settling the longstanding conjecture in
these cases. A general algorithm for computing the spectrum for constant-length
multidimensional substitutions in Z

d is also given.

Example 15 (Explicit Computations for the Thue-Morse Substitution) Let ΩTM be
the subshift for the Thue-Morse symbolic substitution 0 → 01, 1 → 10. We will
show how to make all of the eigenfunctions for the dynamical system, and also how
to make a function whose measure is (singular) continuous with respect to Lebesgue
measure. Together these functions generate all of L2.

To make an example of a nontrivial eigenfunction we consider the 2-supertiles
in T . Since 2-supertiles have length 4 in this example, there are four locations the
origin can occupy in either type of 2-supertile. Let us call them 0, 1, 2, 3 as we go
from left to right. Define O(T ) = i if the origin occupies the ith location of its
2-supertile. Now define f (T ) = exp (2πiO(T )/4).

Notice that if O(T ) = i and i < 3 then O(T − 1) = i + 1. If O(T ) = 3
then O(T − 1) = 0.17 Thus if O(T ) < 3 we get that U(f )(T ) = f (T − 1) =
exp (2πi(O(T )+ 1)/4) and if O(T ) = 3 then U(f )(T ) = 1. This means that
U(f ) = exp(2πi/4)f , and so f is an eigenfunction with eigenvalue α = 1/4.

We compute the Fourier coefficient f̂ (n), as defined in Eq. (2.6). We know

Un(f )(T ) = exp(2πi(O(T − n))/4)

= exp(2πi(O(T )+ n)/4) = exp(2πin/4)f (T ),

and so

f (n) = (Un(f ), f ) =
∫

ΩTM

exp(2πin/4)f (T )f (T )dμ(T )

=
∫

ΩTM

exp(2πin/4)dμ(T ) = exp(2πin/4)

for all n. These are the Fourier coefficients of a Dirac δ-function with its peak at
exp(2πin/4). Since σf is unique this makes it equal to this Dirac delta function.

Variations of the function f are easy to construct by looking at different sizes
of supertiles. If f is based on the location of the origin in an n-supertile, it will
have an eigenvalue with a 2n in the denominator. Since this substitution has height
1, this implies that the eigenvalues of the Koopman operator for the Thue-Morse
substitution are Z[1/2].

17This is indicative of the ‘odometer’-like structure of constant-length substitutions: the shift map
augments until a fixed number and then resets to 0, augmenting elsewhere. In general the supertile
structure of any constant-length substitution looks like an odometer, see for example [45].
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None of the functions we just constructed depend on the actual letter at the origin.
We can supplement these with a function that only knows what letter is at the origin

in T : Define g(T ) =
{

1 if T (0) = 1

−1 if T (0) = 0
. It is shown in [45] that together this and

the eigenfunctions span all of L2(ΩTM,μ).
Notice that g is orthogonal to the eigenfunction f since

< f, g >=
∫

ΩTM

f (T )g(T )dμ(T ) =
∫

Ω+TM
f (T )dμ(T )−

∫

Ω−TM
f (T )dμ(T ),

where Ω+TM (resp. Ω−TM ) are the set of all tilings with a 1 (resp. 0) at the origin.
Each of the two integrals on the right are equal because they depend only on the
supertile structure of T and not the letter at the origin. Thus the inner product of g
and f is 0. We have obtained:

L2(ΩTM,μ) = H0

⊕
Z(g), (2.10)

where H0 denotes the span of the eigenfunctions.

The function space L2 of general bijective substitutions in Z
d breaks into a direct

sum of pieces that are discrete or continuous analogously to this example. If the
bijections comprising the substitution commute with translation, it is possible to
explicitly define the generators of the continuous spectral pieces [45, Theorem 4.2].
The nature of the continuous part of the spectrum continues to be investigated.

2.7 Spectral Analysis of Supertile Methods: Diffraction
Spectrum

The diffraction spectrum of tilings is motivated by physics. In this viewpoint we
consider the tiling as representing the atomic structure of a solid and we wish to
mathematically simulate what happens in a diffraction experiment on the solid. That
is, one passes x-rays or electrons through the solid, where they will bounce off
atoms and interfere constructively and destructively, ultimately creating an image
that represents something about the structure they passed through. Fourier analysis
turns out to be the right mathematical analogue for this. We describe the situation
for symbolic dynamics first, then generalize to R

d .
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2.7.1 Autocorrelation for Symbolic Sequences

Consider a sequence T0 ∈ Ω ⊂ AZ, where for convenience we assume that A is
a finite subset of the complex numbers. We know that constructive and destructive
interference depends on the repetition at various distances in T0. For instance, if T0
was periodic then there would be total agreement at distances that are multiples of
the period, leading to strong constructive interference at those distances.

A reasonable way to measure the extent to which T0 agrees with itself at a
distance k ∈ Z is to consider the global average of T0(n− k)T0(n) over all n. Thus
we define a correlation function C : Z→ C to be a cluster point of the sequences

{
1

N

N−1∑

n=0

T0(n− k)T0(n)

}

.

A diagonalization argument shows that for a given C there will be some sequence
{Nj } such that

C(k) = lim
j→∞

1

Nj

Nj−1∑

n=0

T0(n− k)T0(n).

For most examples of interest from primitive supertile methods, notably the
uniquely ergodic ones, it turns out that C(k) is unique, and it is useful to assume
that. (The general situation is described in detail starting on page 74 of [89]).

Suppose μ is an ergodic measure on Ω and consider the continuous function
O : Ω → C given by O(T ) = T (0). Then for μ-almost every T ∈ Ω we have that

C(k) = lim
j→∞

1

Nj

Nj−1∑

n=0

T (n− k)T (n) =
∫

Ω

O(T − k)O(T )dμ(T ).

That means C(k) = Ô(k) from a dynamical spectrum perspective.
On the other hand, C(k) can be shown to be positive definite and so there is a

positive measure on the torus that has C(k) as its Fourier coefficients. This measure,
which we denote γ̂ , is known in [89] as the correlation measure of the sequence T ;
it is the analogue of the diffraction measure (In general the diffraction measure is
the Fourier transform of the autocorrelation, which is defined similar to C(k)). One
can see from this analysis that the diffraction spectrum should be subordinate to the
dynamical spectrum.
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2.7.2 Diffraction in R
d

2.7.2.1 Overview

A tiling T is a model for the atomic structure of matter, where the atoms or
molecules occupy locations given by the tiles. In our simulation of a diffraction
experiment, we imagine that waves of some appropriate wavelength are sent through
the tiling, where they interfere constructively and destructively as determined by
relative distances between the tiles. The diffracted waves form an image where
we see bright spots of intense constructive interference (our “Bragg peaks”) and
a greyscale spectrum were the interference ranges from constructive to destructive.

The mathematics of diffraction has a long development that is based on Fourier
analysis. Because our tilings are infinite there are technicalities that have to be
handled using tempered distributions and translation-bounded measures. It was Hof
in [60] who first advocated using this overall method to approach the diffraction
of aperiodic structures and Dworkin [37] who noticed the connection between
diffraction and dynamical spectrum; [15] provides a recent and quite accessible
survey. An early computation for self-similar tilings is [52]. A serious treatment of
the details as well as the history behind mathematical diffraction appears in Chapters
8 and 9 of [11], along with numerous references. A more condensed and self-
contained description of the diffraction spectrum appears in [69], and we loosely
follow that development here.

Before we begin, consider this intuitive description of the mathematics of
diffraction that appears in [72, Section 5]. It clearly shows why the Fourier transform
is central to the theory.

When modeling diffraction, the two basic principles are the following: Firstly, each point
x in the solid gives rise to a wave ξ �→ exp(−ixξ). The overall wave w is the sum of the
single waves. Secondly, the quantity measured in an experiment is the intensity given as the
square of the modulus of the wave function.

We start by implementing this for a finite set F ⊂ R
d . Each x ∈ F gives rise to a wave

ξ �→ exp(−ixξ) and the overall wavefunction wF induced by F is accordingly

wF (ξ) =
∑

x∈F
exp(−ixξ).

Thus, the intensity IF is

IF (ξ) =
∑

x,y∈F
exp(−i(x − y)ξ) =

∑̂

x,y∈F
δx−y .′′

2.7.2.2 Diffraction via Delone Sets

It is natural to consider diffraction theory on discrete sets in R
d called Delone sets,

so we need to convert our tiling T into a point set Λ that represents the locations
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and types of atoms in the solid T represents.18 We recall that a subset Λ ⊂ R
d is

called a Delone set if there exist 0 < r ≤ R such that every ball of radius r contains
at most one point of Λ and every ball of radius R contains at least one point of Λ.

A Delone multiset is a set Λ = Λ1×Λ2× · · · ×Λm, where each Λi is a Delone
set in R

d and the set
⋃

i≤m Λi , which by abuse of notation we also denote by Λ, is
Delone. An obvious way to turn T into a Delone multiset is to mark a special point
in the prototile of type i for each i = 1, ..,m, and let Λi be the Delone set of all
copies of that point in T .

So Λ represents our set of scatterers from T and we have kept track of the type
of each scatterer. To account for different scattering strengths choose ai ∈ C for
i ≤ m. Using the notation δx to represent the Dirac delta function at x thought of as
a probability measure with support concentrated at x, we have the weighted Dirac
comb

ω =
∑

i≤m
aiδΛi =

∑

i≤m
ai

∑

x∈Λi

δx .

This is a point measure on R
d that is not bounded, but is translation bounded in the

sense that supx∈Rd |ω|(x +K) <∞ for all compact K .
The autocorrelation is defined to be the convolution of ω with the weighted Dirac

comb ω̃ =∑
i≤m aiδ−Λi . Because convolutions are necessarily defined on measures

with bounded support we end up with a limit that yields the autocorrelation
measure19

γω = lim
R→∞

1

V ol(BR(0))

(
ω|BR(0) ∗ ω̃|BR(0)

) =
∑

i,j≤m
aiaj

∑

z∈Λi−Λj

f req(z)δz,

where the frequency is computed as the limit, if it exists, as the average number of
times z is a return vector per unit area:

f req(z) = lim
R→∞

1

V ol(BR(0))
#{x ∈ Λi ∩ BR(0) and x − z ∈ Λj }.

Since T has finite local complexity, Λi − Λj is a discrete set and that makes γω a
point measure also.

Definition 2.7.1 If the autocorrelation measure γω exists, the diffraction measure
of T is the Fourier transform γ̂ω.

18This volume contains an overview of the history and development of tilings and Delone sets in
[101].
19This is also known as the “natural” autocorrelation measure because the averaging sets used are
balls centered at the origin as opposed to an arbitrary van Hove sequence.



86 N. P. Frank

From a physical perspective where we are running a diffraction experiment on a
solid modeled by T , the measure γ̂ω tells us how much intensity is scattered into
a given volume. We decompose γ̂ω into its pure point, singular continuous, and
absolutely continuous parts with respect to Lebesgue measure on R

d :

γ̂ω = (γ̂ω)pp + (γ̂ω)sc + (γ̂ω)ac.

The pure point part tells us the location of the Bragg peaks that are so characteristic
of the diffraction images of crystals and quasicrystals. The degree of disorder in the
solid is quantified by the continuous parts. The singular continuous part is rarely
observed in physical experiments [11, Remark 9.3].

Example 16 The left column of Fig. 2.23 is a series of increasingly complex
examples of self-similar tilings with two colors of square tiles. These tilings
are examples of the sort analyzed in [44, 45]. Simulations of the corresponding
diffraction images are also shown. Each tiling is a substitution of constant length
2× 2 or 4× 4. The tiling in the last row is a two-letter factor of a substitution on 8
letters; the other three are simple two-letter substitutions. In all cases there are point
measures concentrated on Z[1/2] × Z[1/2].

The top tiling has a purely discrete spectrum because its substitution satisfies the
strong coincidence condition. The tiling in the middle of the figure is made from a
bijective substitution and thus has a continuous component to its spectral measure.
Because it is a constant-length symbolic substitution on two letters the continuous
portion of the measure is singularly continuous with respect to Lebesgue measure
[19].

The tiling on the right is a generalized Rudin-Shapiro tiling [44]. The original
substitution is on eight letters and although it has no coincidence, it is not bijective.
The tiling shown in the figure is a two-tile factor that is locally derived from the
8-letter substitution (and in fact the local derivability is mutual, so the factor makes
no difference dynamically). The continuous portion of the spectral measure for this
tiling is absolutely continuous.

It is interesting to simulate the diffraction images of these tilings in light of
these theoretical results. Anyone who produces sample images of any sort probably
knows that there are usually parameters that can be altered to enhance the images.
In our case such parameters include the weights on the dirac comb, the maximum
intensity, and scaling functions. Tinkering with the parameters on a local scale
does not change the overall qualitative appearance too much, and the apparent
difference between the absolutely continuous diffraction (on the right) and the other
two is persistent. The diffraction images for tilings with pure discrete spectrum
and those with a singular component consistently appear similar throughout a wide
range of parameters, with areas of extreme brightness and darkness. The absolutely
continuous spectral images are notable for their lack of these extremes.
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Fig. 2.23 The top tiling is substitutive with coincidence and it has a purely discrete spectrum. The
substitution for the middle tiling is bijective and the spectrum is mixed, with a singular continuous
part. The bottom tiling is not bijective but has a mixed spectrum with absolutely continuous part
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2.7.3 Intensities

How bright are the Bragg peaks? A preliminary formula was asserted in [28] and
became known after a while as the “Bombieri/Taylor conjecture” (see also [60]).
The formula, given below, is in terms of a limit. The convergence of this limit
has been studied in many different situations, surveyed in [72]. In that paper Lenz
shows that the formula is correct for a wide swath of aperiodic structures, including
tilings generated through substitution and through projection, as well as those that
are linearly repetitive. The setting in [72] is as follows.

Given a Delone set Λ, an element ξ ∈ R
n, and a subset B ⊂ R

n

c
ξ
B(Λ) =

1

V ol(B)

∑

x∈Λ∩B
exp(−2πiξ · x).

For the cases under consideration the intensity at ξ ∈ R
d is shown to exist and is

given by

γ̂ (ξ) = lim
n→∞|c

ξ
Cn
(Λ)|2,

where Cn is the cube of side length 2n centered at the origin and ξ ∈ R
d . In many

of the situations discussed in [72] it is also proved that the eigenfunctions for the
Koopman operator are continuous.

2.8 Connection Between Diffraction and Dynamical
Spectrum

A recent survey of this topic is [15], which unifies the various notions of diffraction
and dynamical spectrum, explains what was known up until 2016, and provides
numerous references. Done in the context of Delone sets with finite local com-
plexity, it applies to tilings of R

d and their dynamical systems. In particular it
explains the notions of diffraction for individual sets Λ as well as their hulls,
and explicitly shows how to map from the Schwarz space of test functions under
the diffraction measure to the Koopman representation of the dynamical system.
Through this mapping they note that “the diffraction measure completely controls
a subrepresentation of T ′′, thus making explicit the connection between dynamical
and diffraction spectrum.

The original paper connecting diffraction to dynamical spectrum is [37]. In it,
Dworkin makes an argument showing how to deduce pure point diffraction spectrum
if pure point dynamical spectrum has been established.

For a general system it may be that the diffraction spectrum does not contain as
much information as the dynamical spectrum, but in the case of pure point spectrum
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it is known that the two classes are identical as long as there is unique ergodicity.
The result, proved in [69], is in the context of Delone multisets.

Theorem 2.8.1 ([69]) Suppose that a Delone multiset Λ has finite local complexity
and uniform cluster frequencies. Then the following are equivalent:

(i) Λ has pure point dynamical spectrum;
(ii) The measure ν = ∑

i≤m aiδΛi has pure point diffraction spectrum, for any
choice of complex numbers (ai)i≤m;

(iii) The measures δΛi have pure point spectrum, for i ≤ m.

The condition of Λ having “uniform cluster frequencies” is equivalent to the
fact that its hull is uniquely ergodic, which we know is the case for many tilings
constructed using supertile methods. It would be remiss not to mention [70], the
companion work to [69]. It includes the result that for lattice substitution multiset
systems,20 being a regular model set is equivalent to having pure point spectrum.

2.8.1 When the Diffraction is Not Pure Point

Recent work in [16] attempts to understand the dynamical spectrum when it is larger
than the diffraction spectrum. An idea has been around for a while that factors of
a system can give nuance to the diffraction spectrum. That is, “the missing parts
of the dynamical spectrum could be reconstructed from the diffraction measures of
suitable factors of the original system”. In the uniquely ergodic case, the authors of
[16] are able to show (see Corollary 9 for technical details) that (1) the diffraction
measure of a factor is a spectral measure for the Koopman operator, and (2) the set
of diffraction measures of factors of a system are dense in the set of all spectral
measures for the system.

In [59] it is shown that there exist substitutions which require infinitely many
factors to reconstruct the pure point dynamical spectrum from the respective
diffraction. There it is noted that it is not true that the maximal spectral measure
of a subshift can be realized as the fundamental diffraction of a subshift factor.

As is true for the dynamical spectrum, one of the major areas of study is to
determine the nature of the continuous part of the diffraction spectrum. In [9] it is
shown that the continuous part of the spectrum of a → abbb, b→ a is singularly
continuous with respect to Lebesgue measure. The general case a → abk, b → a

is considered in [14]. The analysis is based on a ‘renormalization’ process wherein
the substitution structure of the self-similar tiling is used to find recursion relations
for the autocorrelation measure. This method was also applied to the twisted silver
mean in [10].

20Not a particularly restrictive subclass according to Section 5.1 of [70].
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2.9 For Further Reading

A good primary source for fundamental results on tiling dynamical systems is B.
Solomyak’s “The dynamics of self-similar tilings” [100]. This paper lays out the
basic definitions and takes an ergodic theoretic approach to the systems. A funda-
mental resource in elementary tiling theory is B. Grunbaum and G. C. Shephard’s
Tilings and Patterns [58], which catalogs nearly everything that is known about
periodic tilings and more. It contains an enormous number of examples, and does
include a few nonperiodic tilings such as the Penrose, Robinson, and Ammann
tilings. Good general ergodic theory references for Z-actions are K. Petersen’s
Ergodic Theory and P. Walters’ An Introduction to Ergodic Theory [84, 104].
Fundamental symbolic dynamics references are D. Lind and B. Marcus’ An Intro-
duction to Symbolic Dynamics and Coding and Bruce Kitchens’ Symbolic Dynamcs
[67, 74]. Symbolic substitutions are surveyed up to 2002 in the collectively written
Substitutions in Dynamics, Arithmetics, and Combinatorics [42]. A recent survey
of S-adic expansions appears in V. Berthé and V. Delecroix’s “Beyond substitutive
dynamical systems: S-adic expansions” [24]. The definitive volume for the study
of aperiodic order is M. Baake and U. Grimm’s Aperiodic Order [11]. It takes a
physical perspective and is full of examples of every sort, many analyzed fully.

There are a few other expositions of tilings and tiling spaces that are worth
mentioning here. For a rigorous dynamical introduction to the theory, with mul-
tidimensional actions surveyed up to 2004 see E. A. Robinson, Jr.’s “Symbolic
dynamics and tilings of Rd” [93]. Radin’s AMS Student Mathematical Library notes
Miles of Tiles [90] introduces readers to the dynamics and ergodic theory with a
strong physical motivation. At a university student level, it carries the additional
interest of treating tilings with infinitely many tile rotations such as the pinwheel
tiling. Substitutions on the graphs of tilings are considered in the author’s “A primer
on substitution tilings of Euclidean space” [46], which includes several examples
of such combinatorial substitutions and their associated self-similar tilings. The
topology of tiling spaces is the subject of L. Sadun’s Topology of Tiling Spaces [95],
which takes the reader through self-similar tiling constructions with and without
rotations, shows tiling spaces are inverse limits, and does cohomology in the tiling
context. There are many more topics we have not even mentioned, so the reader is
encouraged to find a compelling topic to pursue.

Acknowledgments The author would like to thank Michael Baake, Franz Gähler, E. A. Robinson,
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71. M. Lemańczyk, Spectral Theory of Dynamical Systems. Mathematics of Complexity and

Dynamical Systems, Vol. 1–3 (Springer, New York, 2012), pp. 1618–1638. MR 3220776
72. D. Lenz, Continuity of eigenfunctions of uniquely ergodic dynamical systems and intensity

of Bragg peaks. Comm. Math. Phys. 287(1), 225–258 (2009). MR 2480747
73. S. Lidin, The Discovery of Quasicrystals: Scientific Background on the Nobel Prize in

Chemistry 2011 (The Royal Swedish Academy of Sciences, Stockholm, 2011)
74. D. Lind, B. Marcus, An Introduction to Symbolic Dynamics and Coding (Cambridge

University Press, Cambridge, 1995). MR 1369092
75. A.N. Livshits, On the spectra of adic transformations of Markov compact sets. Uspekhi Mat.

Nauk 42(3(255)), 189–190 (1987). MR 896889



94 N. P. Frank

76. M. Lothaire, Algebraic Combinatorics on Words. Encyclopedia of Mathematics and its
Applications, vol. 90 (Cambridge University Press, Cambridge, 2002), A collective work
by J. Berstel, D. Perrin, P. Seebold, J. Cassaigne, A. De Luca, S. Varricchio, A. Lascoux,
B. Leclerc, J.-Y. Thibon, V. Bruyere, C. Frougny, F. Mignosi, A. Restivo, C. Reutenauer, D.
Foata, G.-N. Han, J. Desarmenien, V. Diekert, T. Harju, J. Karhumaki, W. Plandowski, With
a preface by Berstel and Perrin. MR 1905123

77. A.L. Mackay, Crystallography and the Penrose pattern. Phys. A 114(1–3), 609–613 (1982).
MR 678468

78. G.R. Maloney, D. Rust, Beyond primitivity for one-dimensional substitution subshifts and
tiling spaces. Ergod. Theory Dyn. Syst. 38(3), 1086–1117 (2018). MR 3784255

79. B.F. Martensen, Generalized balanced pair algorithm. Topology Proc. 28(1), 163–178 (2004).
Spring Topology and Dynamical Systems Conference. MR 2105455

80. J.C. Martin, Substitution minimal flows. Amer. J. Math. 93, 503–526 (1971). MR 0300261
81. B. Mossé, Puissances de mots et reconnaissabilité des points fixes d’une substitution. Theoret.

Comput. Sci. 99(2), 327–334 (1992). MR 1168468
82. R. Penrose, The rôle of aesthetics in pure and applied mathematical research. Bull. Inst. Math.

Appl. 10, 266–271 (1974)
83. R. Penrose, Pentaplexity: a class of nonperiodic tilings of the plane. Math. Intell. 2(1), 32–37

(1979/1980). MR 558670
84. K. Petersen, Ergodic Theory. Cambridge Studies in Advanced Mathematics, vol. 2 (Cam-

bridge University Press, Cambridge, 1989, Corrected Reprint of the 1983 Original). MR
1073173

85. K. Petersen, Factor maps between tiling dynamical systems. Forum Math. 11(4), 503–512
(1999). MR 1699171

86. J. Peyrière, Frequency of patterns in certain graphs and in Penrose tilings. J. Physique 47(7),
Suppl. Colloq. C3, C3–41–C3–62 (1986). International workshop on aperiodic crystals (Les
Houches, 1986). MR 866322

87. B. Praggastis, Numeration systems and Markov partitions from self-similar tilings. Trans.
Amer. Math. Soc. 351(8), 3315–3349 (1999). MR 1615950

88. N. Priebe, B. Solomyak, Characterization of planar pseudo-self-similar tilings. Discrete
Comput. Geom. 26(3), 289–306 (2001). MR 1854103

89. M. Queffélec, Substitution Dynamical Systems—Spectral Analysis. Lecture Notes in Mathe-
matics, vol. 1294 (Springer, Berlin, 1987). MR 924156

90. C. Radin, Miles of Tiles. Student Mathematical Library, vol. 1 (American Mathematical
Society, Providence, 1999). MR 1707270

91. C. Radin, L. Sadun, Isomorphism of hierarchical structures. Ergod. Theory Dyn. Syst. 21(4),
1239–1248 (2001). MR 1849608

92. C. Radin, M. Wolff, Space tilings and local isomorphism. Geom. Dedicata 42(3), 355–360
(1992). MR 1164542

93. E.A. Robinson, Jr., Symbolic Dynamics and Tilings of R
ds. Symbolic Dynamics and

Its Applications, Proceedings of Symposia in Applied Mathematics, vol. 60 (American
Mathematical Society, Providence, 2004), pp. 81–119. MR 2078847

94. R.M. Robinson, Undecidability and nonperiodicity for tilings of the plane. Invent. Math. 12,
177–209 (1971). MR 0297572

95. L. Sadun, Topology of Tiling Spaces. University Lecture Series, vol. 46 (American Mathemat-
ical Society, Providence, 2008). MR 2446623

96. M. Senechal, Quasicrystals and Geometry (Cambridge University Press, Cambridge, 1995).
MR 1340198

97. D. Shechtman, I. Blech, D. Gratias, J.W. Cahn, Metallic phase with long-range orientational
order and no translational symmetry. Phys. Rev. Lett. 53, 1951–1953 (1984)

98. B. Solomyak, Nonperiodicity implies unique composition for self-similar translationally finite
tilings. Discrete Comput. Geom. 20(2), 265–279 (1998). MR 1637896



2 Introduction to Hierarchical Tiling Dynamical Systems 95

99. B. Solomyak, Pseudo-self-affine tilings in R
d . Zap. Nauchn. Sem. S.-Peterburg. Otdel. Mat.

Inst. Steklov. 326 (2005), Teor. Predst. Din. Sist. Komb. i Algoritm. Metody. 13, 198–213,
282–283 (2005); Translation in J. Math. Sci. 140(3), 452–460 (2007). MR 2183221

100. B. Solomyak, Dynamics of self-similar tilings. Ergodic Theory Dynam. Syst. 17(3), 695–738
(1997). MR 1452190

101. B. Solomyak, Lecture on Delone Sets and Tilings. This Volume, Lecture Notes in Mathemat-
ics (Springer, Berlin, 2019)

102. W. Thurston, Groups, Tilings, and Finite State Automata. AMS Colloquium Lecture Notes
(American Mathematical Society, Providence, 1989)

103. J. Thuswaldner, S-adic Sequences. A Bridge Between Dynamics, Arithmetic, and Geometry.
This Volume, Lecture Notes in Mathematics (Springer, Berlin, 2019)

104. P. Walters, An Introduction to Ergodic Theory. Graduate Texts in Mathematics, vol. 79
(Springer, New York, 1982). MR 648108

105. H. Wang, Proving theorems by pattern recognition, II. Bell Syst. Tech. J. 40, 1–41 (1961).



Chapter 3
S-adic Sequences: A Bridge Between
Dynamics, Arithmetic, and Geometry

Jörg M. Thuswaldner

Abstract A Sturmian sequence is an infinite nonperiodic string over two letters
with minimal subword complexity. In two papers, the first written by Morse and
Hedlund in 1940 and the second by Coven and Hedlund in 1973, a surprising
correspondence was established between Sturmian sequences on one side and
rotations by an irrational number on the unit circle on the other. In 1991 Arnoux
and Rauzy observed that an induction process (invented by Rauzy in the late
1970s), related with the classical continued fraction algorithm, can be used to
give a very elegant proof of this correspondence. This process, known as the
Rauzy induction, extends naturally to interval exchange transformations (this is the
setting in which it was first formalized). It has been conjectured since the early
1990s that these correspondences carry over to rotations on higher dimensional
tori, generalized continued fraction algorithms, and so-called S-adic sequences
generated by substitutions. The idea of working towards such a generalization
is known as Rauzy’s program. Recently Berthé, Steiner, and Thuswaldner made
some progress on Rauzy’s program and were indeed able to set up the conjectured
generalization of the above correspondences. Using a generalization of Rauzy’s
induction process in which generalized continued fraction algorithms show up,
they proved that under certain natural conditions an S-adic sequence gives rise
to a dynamical system which is measurably conjugate to a rotation on a higher
dimensional torus. Moreover, they established a metric theory which shows that
counterexamples like the one constructed in 2000 by Cassaigne, Ferenczi, and
Zamboni are rare. It is the aim of the present chapter to survey all these ideas and
results.
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3.1 Introduction

A Sturmian sequence is an infinite string over two letters with low subword
complexity. In particular, it has exactly n + 1 different subwords of a given length
n ∈ N. Sturmian sequences have been studied extensively in the literature from
various points of view and we refer to Lothaire [101, Chapter 2] or Pytheas
Fogg [82, Chapter 6] for detailed accounts. The history of the research surveyed
in the present chapter starts with two papers written by Morse and Hedlund [107] as
well as Coven and Hedlund [67] in 1940 and 1973, respectively. In these papers the
authors established a surprising correspondence between Sturmian sequences and
rotations by an irrational number α on the torus T = R/Z. In their proof “balance
properties” of Sturmian sequences play a prominent role. Several decades later,
Arnoux and Rauzy [22] observed that an induction process in which the classical
continued fraction algorithm appears can be used to give another very elegant proof
of this correspondence (see also Rauzy’s earlier papers [112, 113] on this induction
process). Their proof also shows how arithmetic and Diophantine properties of an
irrational number α are encoded in the corresponding Sturmian sequence.

It has been conjectured since the early 1990s that these correspondences between
rotations on T, continued fractions, and Sturmian sequences carry over to rotations
on higher dimensional tori, generalized continued fraction algorithms, and so-called
S-adic sequences generated by substitutions. The idea of working towards such
a generalization is known as Rauzy’s program and starting with Rauzy [114] a
number of examples which hint at such a generalization was devised. A natural
class of S-adic sequences to study in this context are so-called Arnoux-Rauzy
sequences which go back to Arnoux and Rauzy [22]. These are sequences over three
letters that behave analogously to Sturmian sequences in many regards. However,
in 2000 Cassaigne et al. [63] could construct Arnoux-Rauzy sequences with strong
“imbalance”, a property which cannot occur for a Sturmian sequence. Cassaigne et
al. [62] even constructed Arnoux-Rauzy sequences that give rise to weakly-mixing
dynamical systems which are far from rotations in their dynamical behavior. All
this shows the limitations of Rauzy’s program and indicates that the situation in the
general setting is more complicated than it is in the classical case.

Nevertheless, recently Berthé et al. [52] made some progress on Rauzy’s
program and were indeed able to set up the conjectured generalization of the above
correspondences. Using a generalization of Rauzy’s induction process in which
generalized continued fraction algorithms show up, they proved that under certain
natural conditions an S-adic sequence gives rise to a dynamical system which
is measurably conjugate to a rotation on a higher dimensional torus. Moreover,
they established a metric theory which shows that exceptional cases like the ones
constructed in [62] and [63] are rare. A prominent role in this generalization
is played by tilings induced by generalizations of the classical Rauzy fractal
introduced by Rauzy [114].

Another idea which can be linked to the above results goes back to Artin [26],
who observed that the classical continued fraction algorithm and its natural exten-



3 S-adic Sequences 99

sion can be viewed as a Poincaré section of the geodesic flow on the space of
two-dimensional lattices SL2(Z)\SL2(R). Arnoux and Fisher [14] revisited Artin’s
idea and showed that the correspondence between continued fractions, rotations,
and Sturmian sequences can be interpreted in a very nice way in terms of an
extension of this geodesic flow to pointed lattices which is called the scenery flow.
Currently, Arnoux et al. [12] are setting up a generalization of this connection
between continued fraction algorithms and geodesic flows. In particular, they code
the Weyl Chamber Flow, a diagonal Rd−1-action on the space of d-dimensional
lattices SLd(Z)\SLd(R), arithmetically and geometrically by generalized continued
fraction algorithms. In this coding, which provides a new view of the relation
between S-adic sequences and rotations on higher dimensional tori, non-stationary
Markov partitions defined in terms of generalized Rauzy fractals are of great
importance.

It is the aim of the present chapter to survey all these ideas and results. In
Sect. 3.2 we deal with the case of Sturmian sequences and Sect. 3.3 discusses the
problems with the extension of the theory to the more general situation. From
Sect. 3.4 onwards we set up the general theory of S-adic sequences and their relation
to generalized continued fraction algorithms and rotations on higher dimensional
tori.

3.2 The Classical Case

We start our journey by giving some elements of the interaction between Sturmian
sequences, the classical continued fraction algorithm, and irrational rotations on the
circle. After that we discuss natural extensions of continued fractions and show
how all these objects turn up in the study of the geodesic flow acting on the space
SL2(Z)\SL2(R) of lattices and its extension to pointed lattices. We will prove
most of the results that we state and although our exposition is self-contained we
recommend the reader to have a look at the survey [82, Chapter 6] in order to find
more background information on the subject of this section.

3.2.1 Sturmian Sequences and Their Basic Properties

For a finite set {1, 2, . . . , d} denote by {1, 2, . . . , d}∗ the set of all finite words
v0 . . . vn−1 whose letters vi , 0 ≤ i < n, are contained in {1, 2, . . . , d}. Moreover,
let {1, 2, . . . , d}N be the space of (right-infinite) sequences w = w0w1 . . . whose
letters wi , i ∈ N, are elements of {1, 2, . . . , d}. The shift Σ : {1, 2, . . . , d}N →
{1, 2, . . . , d}N on this space of sequences is defined by Σ(w0w1 . . .) = w1w2 . . .

Let w = w0w1 . . . ∈ {1, 2, . . . , d}N be a sequence. A factor (or subword) of
w is a word v0 . . . vn−1 ∈ {1, 2, . . . , d}∗ for which there is k ≥ 0 such that
wk . . . wk+n−1 = v0 . . . vn−1. In this case we say that v occurs in w at position k.
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The complexity function pw : N→ N of w assigns to each integer n the number of
words v0 . . . vn−1 ∈ {1, 2, . . . , d}∗ that are factors of w. If w is ultimately periodic
in the sense that there exist k > 0 and N ≥ 0 with wn = wn+k for each n ≥ N then
pw is a bounded function. On the other hand, a result by Coven and Hedlund [67]
which is not hard to prove states that a sequence w ∈ {1, 2, . . . , d}N that admits the
inequality pw(n) ≤ n for a single choice of n is ultimately periodic (see also [82,
Proposition 1.1.1]). It is the class of not ultimately periodic sequences with smallest
complexity function that we are interested in.

Definition 3.2.1 (Sturmian Sequence) A sequence w ∈ {1, 2}N is called a
Sturmian sequence if its complexity function satisfies pw(n) = n+ 1 for all n ∈ N.

It is a priori not clear that Sturmian sequences exist at all. However, we will see
in Theorem 3.2.11 below that they can be characterized as so-called natural codings
of irrational rotations which are easy to construct (and will be defined in Sect. 3.2.4).

A detailed account on the early history of Sturmian sequences, which goes back
to Bernoulli [39], is given in [101, Notes to Chapter 2]. The name “Sturmian
sequence” was coined in 1940 by Morse and Hedlund [107]. Sturmian sequences
have been studied extensively. For an overview on fundamental properties of
Sturmian sequences we refer in particular to Lothaire [101, Chapter 2], Pytheas
Fogg [82, Chapter 6], or Allouche and Shallit [6, Chapters 9 and 10]. Belov et
al. [38] discuss some aspects of Sturmian sequences which are related to the present
survey.

We start with the discussion of basic properties of Sturmian sequences. The fact
that pw(n) = n + 1 holds for a Sturmian sequence entails that for each n there is
only one factor v0 . . . vn−1 of w with the property that both words v0 . . . vn−11 and
v0 . . . vn−12 are factors of w. Such a word v0 . . . vn−1 is called right special factor
of w. Left special factors are defined analogously.

Our first lemma deals with recurrence of Sturmian sequences. Recall that a
sequence w ∈ {1, 2}N is called recurrent if each factor of w occurs infinitely often,
i.e., at infinitely many positions, in w.

Lemma 3.2.2 (Cf. e.g. [82, Proposition 6.1.2]) A Sturmian sequence is recurrent.

Proof Suppose that this is wrong and let w be a nonrecurrent Sturmian sequence.
Then there exists a factor v of length n, say, that occurs only finitely many times
in w. Then there exists k ∈ N such that w′ = Σkw does not contain v as a factor.
However, as pw(n) = n+1 this implies that pw′(n) ≤ n and, hence,w′ is ultimately
periodic. However, then also w is ultimately periodic, a contradiction. �

Next we discuss balance. To give a formal definition we introduce some notation.
For a word v ∈ {1, 2}∗ we denote by |v| its length, i.e., the number of letters of v.
Moreover, for i ∈ {1, 2}, we write |v|i for the number of occurrences of the letter i
in v.

Definition 3.2.3 (Balanced Sequence) A sequencew ∈ {1, 2}N is called balanced
if each pair of factors (v, v′) of w with |v| = |v′| satisfies

∣
∣|v|1 − |v′|1

∣
∣ ≤ 1.
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As was observed already in [107], there is a tight relation between Sturmian
sequences and balance.

Proposition 3.2.4 Let w ∈ {1, 2}N be given. Then w is a Sturmian sequence if and
only if w is not ultimately periodic and balanced.

The proof of this result is combinatorial. It is based on the observation that for a
sequence w which is not balanced there is a word v ∈ {1, 2}∗ such that 1v1 and 2v2
are factors of w. Since the details are a bit tricky we do not give them here and refer
the reader to [107] or [82, Chapter 6, p. 147ff ].

The fact that Sturmian sequences are balanced will now be exploited in order to
prove that they can be coded using the Sturmian substitutions

σ1 :
{

1 �→ 1,

2 �→ 21,
σ2 :

{
1 �→ 12,

2 �→ 2.
(3.1)

The domain of these substitutions can naturally be extended from {1, 2} to {1, 2}∗
and {1, 2}N by concatenation. The next statement essentially says that balance is
maintained by “desubstitution”.

Lemma 3.2.5 (See e.g. [14, Lemma 4.2]) If a sequence w ∈ {1, 2}N is not
balanced, then for each a ∈ {1, 2} the sequence σ1(aw) is not balanced.

Proof Ifw is not balanced it is easy to see that there are words u and v with |u| = |v|
and |u|1 = |v|1 such that 1u1 and 2v2 are factors of w. Since 1u1 occurs in w there
is b ∈ {1, 2} such that b1u1 occurs in aw (we need a in case 1u1 is the initial word
of w). As σ1(b) always ends with 1 and σ1(2) begins with 2, the words 11σ1(u)1
and 21σ1(v)2 have the same length and both occur in σ1(aw). As the number of 1s
in these two words clearly differs by 2 the lemma follows. �

Let w = w0w1 . . . ∈ {1, 2}N be given. If w is a Sturmian sequence, it contains
exactly three of the four factors 11, 12, 21, 22. Since it clearly contains 12 and 21
as factors, it either doesn’t contain 22, in which case we say that w is of type 1, or
it doesn’t contain 11, in which case we say it is of type 2. Using recurrence one can
easily see that for each Sturmian sequencew ∈ {1, 2}N at least one of the sequences
1w and 2w is Sturmian as well. A Sturmian sequence w ∈ {1, 2}N is called special
if 1w as well as 2w are both Sturmian sequences. With these notions we get the
following “desubstitution” of Sturmian sequences (see also [22, Section 1] where
an analog of this was proved along somewhat different lines).

Lemma 3.2.6 (See e.g. [14, Proposition 4.3]) Let u be a Sturmian sequence of
type 1.

(i) If u is not special then either u = σ1(v) with v Sturmian, or u = Σσ1(v) with
v Sturmian starting with 2 (but not both).

(ii) If u is special then u = σ1(v1) = Σσ1(v2) where Σv1 = Σv2 is a special
Sturmian sequence.

If u is of type 2 the same statement with the symbols 1 and 2 interchanged holds.
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Proof Since u is of type 1 it is immediate that it can be written as u = σ1(v) for
some v ∈ {1, 2}N.

To prove (i) suppose that u is not special. Then either 1u or 2u is Sturmian, but
not both.

If 1u is Sturmian, 1u = σ1(v
′)with v′ starting with 1 and, hence, by Lemma 3.2.5

and Proposition 3.2.4, v = Σv′ is Sturmian, and u = σ1(v). If u starts with 2 then
u �= Σσ1(v

′) for v′ starting with 2. If u starts with 1 then also v starts with 1. If we
replace the first letter of v by 2 this yields a sequence w satisfying u = Σσ1(w).
However, if w is also Sturmian Σv = Σw is special and, hence, one easily checks
that u is special, a contradiction and we are done.

If 2u is Sturmian then 12u has to be Sturmian (since 22 is forbidden) and thus
12u = σ1(1v) with v Sturmian and beginning with 2. Thus u = Σσ1(v). As before,
we can write u = σ1(w) where w is the word obtained from v by replacing the first
letter by 1. This leads again to the contradiction of u being special.

To show (ii) assume u is special. Then, as u has to start with 1 the sequences
12u = σ1(12v) and 21u = σ1(21v) are Sturmian (11u cannot be Sturmian for
imbalance reasons, see [82, Proposition 6.1.23]). By Lemma 3.2.5 and Proposi-
tion 3.2.4 the sequences 1v and 2v are Sturmian, so v is special and u = σ1(1v) =
Σσ1(2v).

The proof of the type 2 case is analogous. �
From the proof of Lemma 3.2.6 we see that for a special sequence u of type 1

there exists a special sequence v such that 21u = σ1(21v) and 12u = σ1(12v)
are Sturmian sequences. If u is special of type 2 we get the existence of a special
sequence v with 21u = σ2(21v) and 12u = σ2(12v) Sturmian by analogous
reasoning. If u is a special Sturmian sequence then the two Sturmian sequences
12u and 21u are called limit sequences or fixed sequences. By the above arguments
they can be desubstituted to sequences that are limit sequences as well. This process
can be iterated: let w be a limit sequence. Then there is a sequence (w(n))n≥0 of
limit sequences with

w = w(0) and w(n) = σin(w
(n+1)) for n ≥ 0.

This can be rewritten as

w = σi0 ◦ · · · ◦ σin (w(n+1)). (3.2)

Asw is Sturmian, the sequence (in) ∈ {1, 2}N has to change its value infinitely often
because otherwise w would be ultimately constant. Now observe that a sequence
w(n) starting with a letter a results in a sequencew(0) also starting with a. Moreover,
since the sequence (in) changes its value infinitely often we see that the first letter of
w(n) determines a prefix ofw whose length tends to infinity with n. Thus, equipping
{1, 2}N with the product topology of the discrete topology yields

w = lim
n→∞ σi0 ◦ · · · ◦ σin (a), (3.3)
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where a is the first letter of w (note that we slightly abuse notation here: to be exact
the argument of σin should be aa . . . ∈ AN since the limit is not defined for finite
words). We could also group the blocks of the sequence (in). So if it starts with a
block of a0 times the symbol 1 followed by a block of a1 times the symbol 2 and so
on we can rewrite (3.3) as

w = lim
k→∞ σ

a0
1 ◦ σa1

2 ◦ σa2
1 ◦ · · · ◦ σa2k

1 (a). (3.4)

A sequence w that can be represented by iteratively composing substitutions as in
(3.2) is called an S-adic sequence.

Note that for arbitrary Sturmian sequences a similar coding as in (3.2) is possible,
however, in the general case shifts have to be inserted between the composed
substitutions on the appropriate places according to Lemma 3.2.6. Inserting these
shifts does not change the collection of factors (called language) of the sequence.
Thus each Sturmian sequence w is associated with a sequence (σim) which
determines its language. We call this sequence the coding sequence of w. Summing
up we proved the following proposition.

Proposition 3.2.7 (See [22, Section 1]) Let σ1, σ2 be the Sturmian substitutions.
Then for each Sturmian sequence w there exists a coding sequence σ = (σin ),
where (in) takes each symbol in {1, 2} an infinite number of times, such that w has
the same language as

u = lim
n→∞ σi0 ◦ σi1 ◦ · · · ◦ σin(a).

Here a ∈ {1, 2} can be chosen arbitrarily.
Since it will turn out that (3.3) and (3.4) are nonabelian versions of the classical

continued fraction algorithm we will now review the basics of this well-known
concept.

3.2.2 The Classical Continued Fraction Algorithm

The “S-adic” representations of a Sturmian sequence given in (3.3) and (3.4) are
related to continued fraction expansions of irrational numbers. For this reason we
provide a brief discussion of the classical continued fraction algorithm (see e.g. [76,
Chapter 3] for an introduction to continued fractions of a dynamical flavor or [41]
for a discussion of continued fractions in a context related to the present paper).
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We start with the well-known additive Euclidean algorithm. Given a pair of two
nonnegative real numbers (a, b) �= (0, 0) we define the mapping F : R2≥0 \ {0} →
R

2≥0 \ {0} by

F(a, b) =
{
(a − b, b), if a > b,

(a, b − a), if a ≤ b.

If we iterate this mapping starting with (a, b) ∈ R
2
>0 we see that we reach a pair of

the form (0, c) or (c, 0)with c > 0 if and only if the ratio a/b is rational. If a/b �∈ Q

the iterations of F on (a, b) produce an infinite sequence of pairs of strictly positive
numbers. Setting

M1 =
(

1 1
0 1

)
and M2 =

(
1 0
1 1

)
(3.5)

we see that F(a, b)t = M−1
1 (a, b)t if a > b and F(a, b)t = M−1

2 (a, b)t if a ≤
b. Thus iterating F on a pair (a, b) with a/b �∈ Q produces an infinite sequence
(Min)n∈N ∈ {M1,M2}N defined by

(a, b)t = Mi0F(a, b)
t = Mi0Mi1F

2(a, b)t = Mi0Mi1Mi2F
3(a, b)t = · · · .

(3.6)

This sequence (Min) is called the additive continued fraction expansion of (a, b).
In (3.14) we will see that, up to a scalar factor, (a, b) is determined by the sequence
(in).

Since the sequence (Min) is invariant under the multiplication of (a, b) by a
scalar, we may use projective coordinates. This motivates the following definition.
Let P be the projective line and X = {[a : b] ∈ P : a ≥ 0, b ≥ 0}. Define
M : X→ {M1,M2} by M([a : b]) = M1 if a > b and M([a : b]) = M2 if a ≤ b.
Then the mapping

F : X→ X; x �→ M(x)−1x (3.7)

is called the linear additive continued fraction mapping.
Since (a, b) �= (0, 0) we can define a projective version of (3.7). Indeed, we can

write [a : b] = [1, b/a] if a > b and [a : b] = [a/b, 1] if a ≤ b and the mapping F
can be written as (c ∈ [0, 1])

F [1 : c] =
{
[1− c : c] = [ 1−c

c
: 1], if c > 1

2 ,

[1− c : c] = [1 : c
1−c ], if c ≤ 1

2 ,

F [c : 1] =
{
[1 : 1−c

c
], if c > 1

2 ,

[ c
1−c : 1], if c ≤ 1

2 .

(3.8)
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Fig. 3.1 The Farey map
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Since the coordinate 1 contains no information in (3.8) and c ∈ [0, 1], this defines a
mapping f : [0, 1] → [0, 1] by

f (x) =
{

1−x
x
, if x > 1

2 ,

x
1−x , if x ≤ 1

2 .

The mapping f is called projective additive continued fraction mapping or Farey
map. It is visualized in Fig. 3.1.

The additive continued fraction algorithm can be “accelerated” in the following
way. Assume that a, b > 0 are given. If a > b we do not just subtract b from a.
We subtract it m times where m is chosen in a way that 0 ≤ a −mb < b. If a ≤ b

we proceed analogously. This results in the multiplicative Euclidean algorithmG :
R

2
>0 → R

2≥0 \ {0} with

G(a, b) =
{
(a − � a

b
�b, b), if a > b,

(a, b − � b
a
�a), if a ≤ b.

As in (3.6), iterating G on a pair (a, b) ∈ R
2
>0 yields a sequence of matrices

M
a0
1 ,M

a1
2 ,M

a2
1 , . . . with positive integers a0, a1, . . . satisfying (we assume a > b

here; otherwise the sequence would start with a power of M2)

(a, b)t =M
a0
1 G(a, b)t = M

a0
1 M

a1
2 G2(a, b)t =M

a0
1 M

a1
2 M

a2
1 G3(a, b)t = · · · .

(3.9)

However, contrary to (3.6) this sequence stops if the iteration runs into a vector one
of whose coordinates is 0 because G is not defined for such vectors. Indeed, as can
easily be verified, we run into such a vector if and only if a/b ∈ Q.
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Again we move to the projective line and set X = {[a : b] ∈ P : a > 0, b > 0}.
Define M : X → {Mm

1 ,M
m
2 : m ≥ 1} by M([a : b]) = Mm

1 if a > b and
0 ≤ a − mb < b and M([a : b]) = Mm

2 if a ≤ b and 0 ≤ b − ma < b. Then the
mapping

G : X→ X; x �→ M(x)−1x (3.10)

is called the linear multiplicative continued fraction mapping.
Similar to the additive case assume that a, b > 0 and choose the representatives

[a : b] = [1, b/a] if a > b and [a : b] = [a/b, 1] if a ≤ b. The mapping G can
then be written as (c ∈ (0, 1])

G[1 : c] = [1− � 1
c
�c : c] = [{ 1

c
}c : c] = [{ 1

c
} : 1], G[c : 1] = [1 : { 1

c
}].
(3.11)

As the coordinate 1 contains no information in (3.11) this defines a mapping g :
(0, 1] → [0, 1) by

g(x) =
{1

x

}
. (3.12)

The mapping g is called projective multiplicative continued fraction mapping or
Gauss map. It is visualized in Fig. 3.2.

By direct calculation (see e.g. [76, Chapter 3]) it follows from the definition
that for each irrational x ∈ (0, 1) the Gauss map g can be iterated infinitely often.
This iteration process determines a sequence (an) of positive integers defined by

Fig. 3.2 The Gauss map
x �→ { 1

x
}
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an =
⌊ 1
gn(x)

⌋
which admits to develop x in its (multiplicative) continued fraction

expansion

x = 1

a0 + 1

a1 + 1

a2 + 1

a3 + . . .

(which will be denoted by x = [a0, a1, . . .]). By definition this is the same sequence
(an) as the one we obtain in the exponents of the matrices in (3.9) when setting
(a, b) = (1, x). One can show that this sequence is ultimately periodic if and only
if x is a quadratic irrational. If x is rational one can associate a finite sequence with
x in this way.

Continued fractions play an eminent role in Diophantine approximation. It is
therefore of special interest that they will appear in our theory of Sturmian sequences
naturally without being presupposed.

3.2.3 Dynamical Properties of Sturmian Sequences

We want to have a look at the “abelianized” version of (3.3) and (3.4) in order to get
a link between Sturmian sequences and the classical continued fraction algorithm.
For a word v ∈ {1, 2}∗ define the abelianization l(v) = (|v|1, |v|2)t , and for
i ∈ {1, 2} associate to the Sturmian substitution σi from (3.1) the incidence matrix
Mi = (|σi(k)|j )1≤j,k≤2. Then M1 and M2 are the matrices defined in (3.5) which
were used to define the linear version of the classical additive continued fraction
algorithm in (3.7). Indeed, since lσi(v) = Mi l(v) we see that the vectors (here
e1, e2 are the standard basis vectors)

Mi0 · · ·Minea (3.13)

form an abelianized version of the expression in the limit of (3.3). Since (in) changes
its value infinitely often, MinMin+1 is a positive matrix for infinitely many n (in
particular, MinMin+1 = M1M2 for infinitely many n; we therefore call the whole
sequence (Min) a primitive sequence of matrices). This property entails that the
positive cone R2≥0 is shrunk to a line by these matrices, more precisely, there exists

a vector u ∈ R
2
>0 such that

⋂

n≥0

Mi0 · · ·MinR
2≥0 = R+u (3.14)
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(see [84, pp. 91–95], [125, Chapter 26], or Proposition 3.5.5 below). This says that
the additive continued fraction algorithm defined by (3.6) is weakly convergent (as
is well known, this algorithm is even strongly convergent which is related to the
balance property of Sturmian sequences). We call u, which is uniquely defined up
to scalar factors by the sequence (Min), a generalized right eigenvector of (Min).
We also see from (3.14) that the vector (a, b)t in (3.6) is defined by the sequence
(Min) up to a scalar factor.

We go back to the (nonabelian) S-adic setting. Assume that a Sturmian sequence
w = w0w1 . . . has a coding sequence (σin ) whose associated sequence of incidence
matrices (Min) satisfies (3.14). We will now prove that in this case w has uniform
letter frequencies, i.e., the limit

fi(w) = lim
→∞

|wk . . . wk+−1|i


exists uniformly in k for each i ∈ {1, 2}. We get even more, namely, the following
lemma holds. In its proof and in all the remaining part of this section we use the
abbreviations

σi[m,n) = σim ◦ · · · ◦ σin−1 and Mi[m,n) = Mim · · ·Min−1 .

Lemma 3.2.8 Let w = w0w1 . . . be a Sturmian sequence with coding sequence
(σin )whose associated sequence of incidencematrices (Min) has a generalized right
eigenvector u. Then w has uniform letter frequencies and (f1(w), f2(w))

t = u
‖u‖1

.

Proof Let u/‖u‖1 = (u1, u2)
t . By Proposition 3.2.7 for all k, , n ∈ N we can

write

wk . . . wk+−1 = pσi[0,n) (v)s

for some p, v, s ∈ {1, 2}∗, where the lengths of p, s are bounded by the number
max{|σi[0,n) (1)|, |σi[0,n) (2)|}.

Now, for each a ∈ {1, 2} we have the inequality

∣
∣
∣
∣
|wk . . . wk+−1|a


− ua

∣
∣
∣
∣ ≤

∣
∣|p|a − |p|ua

∣
∣


+

∣∣|σi[0,n) (v)|a − |σi[0,n) (v)|ua
∣∣


+

∣∣|s|a − |s|ua
∣∣


.

(3.15)

By the convergence of the positive cone to u in (3.14) we know that
|σi[0,n) (b)|a/|σi[0,n) (b)| is close to ua for all a, b ∈ {1, 2} if n is large. Thus for
each ε > 0 there is N ∈ N such that whenever  ≥ N we can choose n in a way
that |p|, |s| ≤ ε and

∣
∣|σi[0,n) (b)|a − |σi[0,n) (b)|ua

∣
∣ < ε|σi[0,n) (b)| for all letters a

and b. This proves that the right hand side of (3.15) is bounded by 3ε and thus
lim→∞ |wk . . . wk+−1|a/ = ua uniformly in k. �
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For a proof of Lemma 3.2.8 along similar lines in a more general setting we
refer to Lemma 3.5.10 (see also Berthé and Delecroix [44, Theorem 5.7]; a proof
using balance, which also gives irrationality of the frequencies, is contained in [82,
Proposition 6.1.10]).

In the same way as for letters, we can define uniform frequencies for factors of an
infinite sequence w ∈ {1, 2}N. Let w be a Sturmian sequence with coding sequence
(σin ). The sequence is the shifted image of another Sturmian sequence under an
arbitrary large block σi[0,n) of substitutions. This enables one to show that for the
words σi[0,n) (a) there exist uniform frequencies in w. Since (in) changes its value
infinitely often, the length of the words σi[0,n) (a) tends to infinity for each letter a
if n→∞. Using this fact one can prove the following result along similar lines as
Lemma 3.2.8 (for details we refer to the proof of Lemma 3.5.10 below; see also [44,
Theorem 5.7]).

Lemma 3.2.9 Let w = w0w1 . . . ∈ {1, 2}N be a Sturmian sequence with coding
sequence (σin ) whose associated sequence of incidence matrices (Min) has a gen-
eralized right eigenvector u. Let v ∈ {1, 2}∗ be given, and let |wkwk+1 . . . wk+−1|v
be the number of occurrences of the factor v in the factor wkwk+1 . . . wk+−1 of w.
Then |wkwk+1 . . . wk+−1|v/ tends to a limit fv(w) for →∞ uniformly in k.

We can associate a dynamical system with a Sturmian sequence w in a very
natural way. Let Xw = {Σkw : k ∈ N} be the closure of the shift orbit of w.
Alternatively, Xw can be viewed as the set of all sequences u whose language
L(u) (i.e., its set of factors) satisfies L(u) ⊆ L(w). Thus if σ = (σin ) is the
coding sequence of w, Proposition 3.2.7 implies that Xw contains all Sturmian
sequences with coding sequence σ . Since Xw is shift invariant the shift Σ acts on
Xw and the dynamical system (Xw,Σ) is well defined. We call (Xw,Σ) a Sturmian
system. From what we know about Sturmian sequences we can derive a number
of properties for these dynamical systems. The notions of minimality and unique
ergodicity of a dynamical system used in the following lemma are defined precisely
in Definitions 3.5.2 and 3.5.7, respectively.

Proposition 3.2.10 A Sturmian system (Xw,Σ) has the following properties.

(i) The system (Xw,Σ) is minimal.
(ii) The set Xw is the set of all Sturmian sequences having the same language.
(iii) The set Xw is the set of all Sturmian sequences having the same coding

sequence σ .
(iv) The system (Xw,Σ) is uniquely ergodic.
(v) We have Xw = Xw′ for any w′ ∈ Xw .

Proof Let (σin ) be the coding sequence of w with (Min) being the associated
sequence of matrices.

We start with (i). By Proposition 3.2.7 we may assume w.l.o.g. that w =
limn→∞ σi[0,n) (1). Let v ∈ Xw be given. To prove minimality it suffices to show
that L(v) = L(w). Since L(v) ⊆ L(w) is true by definition we need to prove
the reverse inclusion. Let u ∈ L(w). By the definition of w and the primitivity
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of the sequence (Min) there is m ∈ N such that u occurs in σi[0,m) (1). However,
there is a Sturmian word w(m) satisfying w = σi[0,m) (w

(m)). Since w(m) is balanced
by Proposition 3.2.4, the letter 1 occurs in w(m) with bounded gaps. This implies
that σi[0,m) (1) and, hence, u occurs in w with bounded gaps. Thus u occurs in each
element of the orbit closure Xw of w, hence, also in v. Thus L(v) = L(w) is
established.

Since L(v) = L(w) holds for each v ∈ Xw according to the previous paragraph
we have pv(n) = pw(n) = n+ 1 for all n ∈ N, hence, v is Sturmian with the same
language as w. This proves (ii).

To prove (iii) we follow the proof of [82, Lemma 6.3.12]. Assume w.l.o.g. that the
elements of Xw are of type 1 and let u, u′ ∈ Xw . Then according to Lemma 3.2.6
there exist Sturmian words v, v′ such that u = σ1(v) or u = Σσ1(v) as well as
u′ = σ1(v

′) or u′ = Σσ1(v
′). We first prove that v, v′ belong to the same Sturmian

system. By (ii) we have to show that L(v) = L(v′). Suppose that x ∈ L(v). Since x
occurs infinitely often in v by recurrence, there is y ∈ L(v) starting with the letter
2 such that x is a subword of y. The word σ1(y) occurs in u and by (ii) it occurs
also in u′ and because σ1(y) begins with 2 and ends with 1 it can be desubstituted
in only one way by σ1, namely to y. This proves that y and, hence, also x occurs in
v′. Thus L(v) ⊆ L(v′). The other inclusion follows by interchanging the roles of v
and v′. Iterating this argument yields that u and u′ have the same coding sequence.
Thus all elements of Xw have the same coding sequence. As Sturmian sequences
with the same coding sequence have the same language by Proposition 3.2.7, Xw

contains all Sturmian sequences having the same coding sequence as w.
Item (iv) follows immediately by combining Lemma 3.2.9 with [82, Proposi-

tion 5.1.21] (see also Proposition 3.5.9 below) which states that the existence of
uniform word frequencies implies unique ergodicity. Alternatively, one can use
Boshernitzan [56].

Finally, (v) follows from (ii). �
We emphasize on the fact that for minimality and unique ergodicity of (Xw,Σ)

the recurrence ofw as well as the primitivity of the sequence (Min) is of importance.
This will be the same in the general case (see Sect. 3.5 below). In view of assertion
(iii) of the previous lemma we will write Xσ instead of Xw , where σ is the coding
sequence of w.

3.2.4 Sturmian Sequences Code Rotations

It was observed already by Morse and Hedlund [107] and Coven and Hedlund [67]
that each Sturmian sequence is a natural coding of a rotation by some irrational
numberα. We now sketch a proof of this fact which goes back to Rauzy and in which
the multiplicative continued fraction expansion of α pops up when we represent such
a coding in an S-adic fashion. For proofs of this kind we refer to [13, 14, 46, 47]; a
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Fig. 3.3 Two iterations of
the irrational rotation Rα on
T which is subdivided into
the two intervals I1 and I2

x

x2

R x
0

I1

I2
R

different, combinatorial proof along the lines of the original proof by Morse, Coven,
and Hedlund is presented in [101, Theorem 2.1.13] and [6, Section 10.5].

Before we give the main result of this section we provide some definitions. Let
T be the 1-torus, i.e., the unit interval [0, 1] with its end points glued together. A
rotation or translation on T by a real number α is a mapping Rα : T → T with
x �→ x + α (mod 1). If α �∈ Q this gives a minimal dynamical system. Moreover,
observe that Rα can be regarded as a two interval exchange of the intervals I1 =
[0, 1−α) and I2 = [1−α, 1) or of the intervals I ′1 = (0, 1−α] and I ′2 = (1−α, 1],
see Fig. 3.3. We say that a sequence w = w0w1 . . . ∈ {1, 2}N is a natural coding of
Rα if there is x ∈ T such that Rk

α(x) ∈ Iwk for each k ∈ N or Rk
α(x) ∈ I ′wk for each

k ∈ N.

Theorem 3.2.11 A sequence w ∈ {1, 2}N is Sturmian if and only if there exists
α ∈ R \Q such that w is a natural coding of the rotation Rα.

The sufficiency part of the theorem is easy. Indeed, it just follows from the
observation that

v0 . . . vn−1 is a factor of a natural coding of Rα ⇐⇒
n−1⋂

k=0

R−kα Ivk �= ∅,
(3.16)

whose proof is an easy exercise (see [46, Lemma 2.7]).
The proof of the necessity part of Theorem 3.2.11 needs more work and we will

see that the classical continued fraction algorithm pops up along the way without
being presupposed. We need the following key lemma.

Lemma 3.2.12 For α ∈ (0, 1) irrational let u be the coding of the point 1 −
α/(α + 1) under the irrational rotation Rα/(α+1). Then there is a sequence (σin )
of substitutions such that

u = lim
n→∞ σi0 ◦ · · · ◦ σin(2).
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The sequence (in) ∈ {1, 2}N is of the form 1a02a11a22a3 . . . where the sequence
[a0, a1, a2, a3, . . .] is the continued fraction expansion of α. For α > 1 a similar
result with switched symbols holds.

Proof We assume α < 1 (α > 1 can be treated in a similar way). For computational
reasons consider the rotation R by α on the interval J = [−1, α) with the partition
P1 = [−1, 0) and P2 = [0, α). The natural coding u of 1− α/(α + 1) by Rα/(α+1)
is the natural coding of 0 by R. Let R′ be the first return map of R to the interval

J ′ =
[
α
⌊ 1
α

⌋− 1, α
)

. Let v be a coding of the orbit of 0 for R′. As can be seen from

Fig. 3.4, after each occurrence of 2 in u we leave the interval J ′ and there follows

a block of 1s of length
⌊

1
α

⌋
before we enter the interval J ′ again. Thus v emerges

from u by removing such a block of 1s after each letter 2 occurring in u. By the
definition of σ1 this just means that u = σ

�1/α�
1 (v). We can now renormalize the

interval J ′ by dividing it by −α and, as illustrated in Fig. 3.4, then R′ is conjugate

to a rotation (called R′ again) by
{

1
α

}
on the interval

(
− 1,

{ 1
α

}]
, where v is the

natural coding of the partition P ′2 = (−1, 0] and P ′1 =
(

0,
{ 1
α

}]
. Note that the

Gauss map α �→
{

1
α

}
from (3.12) comes up here without being presupposed. Since

we are in the same setting as before (just with the letters 1 and 2 interchanged), we

P2P1

0R 0 R2 R R'3

1 1
1

0 R'

1 1 1

P1P2 ''

0 0 0

0

Fig. 3.4 The rotation R′ induced by R
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can iterate this process and thereby obtain a sequence (u(n))n≥0 of natural codings
such that

u = u(0) and u(n) = σin(u
(n+1)) for n ≥ 0

for some sequence (σin )with (in) ∈ {1, 2}N having infinitely many changes between
the letters 1 and 2. Arguing in the same way as in Sect. 3.2.1 we gain that

u = lim
n→∞ σi0 ◦ · · · ◦ σin(a)

where a = 2 is the first letter of u. The assertion on the continued fraction expansion
follows from the above proof as well. Just note that the interval we use has length
α + 1 so that the rotation by α on this interval is conjugate to Rα/(α+1). �
Proof (Conclusion of the Proof of Theorem 3.2.11) The sufficiency assertion has
been treated in (3.16). The necessity part of the theorem can now be obtained as
follows. Let w be a Sturmian sequence. Consider its coding sequence (σin ) and
write (in) ∈ {1, 2}N as 1a02a11a22a3 . . . Then u = limn→∞ σi0 ◦ · · · ◦ σin(2) is a
natural coding of Rα/(1+α) where α = [a0, a1, a2, . . .]. By Proposition 3.2.7 the
sequence w has the same language as u and (3.16) together with an approximation
argument implies thatw is a natural coding ofRα/(1+α) (it is easy to verify that there
are limit cases where we really need the intervals I ′1, I ′2 to define the natural coding
for w). �

The fact that Sturmian sequences have irrational uniform letter frequencies is
an immediate consequence of Theorem 3.2.11. Moreover, we have the following
corollary of Theorem 3.2.11 for Sturmian systems.

Corollary 3.2.13 A Sturmian system (Xσ ,Σ,μ) is measurably conjugate to an
irrational rotation (T, Rα, λ). Here μ is the unique Σ-invariant measure on Xσ

and λ is the Haar measure on T.

Proof Let ϕ : Xσ → T be defined by ϕ(w0w1 . . .) = x if Rk
α(x) ∈ Iwk for each

k ∈ N or Rk
α(x) ∈ I ′wk for each k ∈ N. Using Theorem 3.2.11 and the minimality of

Rα it is easy to check that this is well defined. Surjectivity of ϕ follows immediately
from Theorem 3.2.11. To investigate injectivity let u = u0u1 . . . and v = v0v1 . . .

be distinct elements of Xσ with ϕ(u) = ϕ(v). By the minimality of Rα this is only
possible if the orbit of ϕ(u) passes through 0 and u is naturally coded by I1, I2 while
v is naturally coded by I ′1, I ′2 (or vice versa).1 Since the set of such elements u and
v is countable, ϕ is bijective everywhere save for a countable set. Moreover, ϕ is
easily seen to be continuous and ϕ ◦Σ = Rα ◦ ϕ holds by the definition of ϕ. This
implies the result. �

1This implies that u and v haveΣx and Σy in their orbit where x and y are the two limit sequences
of σ . This interesting fact, which is not needed in this proof, should be proved by the reader.
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We illustrate the concepts of this section by a classical example.

Example 3.2.14 (A Variant of the Fibonacci Sequence) Let σ be given by

σ = σ1 ◦ σ2 :
{

1 �→ 121,

2 �→ 21.

This is a reordering of the square of the well-known Fibonacci substitution (which
is defined by 1 �→ 12, 2 �→ 1; see for instance in [82, Section 1.2.1]). Consider the
coding sequence σ = (σ ). In this case the associated limit sequences are “purely
substitutive”. One of the two limit sequences is

w = lim
n→∞ σn(2) = 21121121211211212112121121121 . . .

Since only one substitution plays a role here, the associated “S-adic” system

(Xσ ,Σ) is called a substitutive system. Let ϕ = 1+√5
2 . By the Perron-Frobenius

theorem the generalized right eigenvector u of the sequence of incidence matrices
M of σ is the eigenvector (ϕ, 1)t corresponding to the dominant eigenvalue ϕ2 of
the incidence matrix of σ . Let L be the eigenline defined by this eigenvector. Being
a Sturmian sequence, w is balanced by Proposition 3.2.4 and has uniform letter
frequencies (f1(w), f2(w))

t = 1
1+ϕ (ϕ, 1)t by Lemma 3.2.8. This is reflected by the

fact that the “broken line”

B = {l(p) : p is a prefix of w} (3.17)

associated with the sequence w stays at bounded distance from the eigenline L (see
Fig. 3.5).

Because w = limn→∞ σn(2) = limn→∞(σ1 ◦ σ2)
n(2), it has coding sequence

σ1, σ2, σ1, σ2, . . . Since the “run lengths” of σi in this sequence are always equal
to 1 we set α = [1, 1, 1, . . .] = ϕ−1 and, hence, α/(α + 1) = ϕ−2. Thus from
Theorem 3.2.11 and its proof we see thatw is a natural coding of the rotation by ϕ−2

of the point 1−α/(α+1) = ϕ−1 ∈ [0, 1)with respect to the partition I1 = [0, ϕ−1),
I2 = [ϕ−1, 1) (or the according partition I ′1, I ′2) of [0, 1). This gives us an easy way
to constructw (and the broken line B). Indeed, start at the origin, write out 2 and go
up to the lattice point (0, 1)t . After that, inductively proceed as follows: whenever
the current lattice point is above L, write out 1 and go right to the next lattice point
by adding the vector (1, 0)t and whenever the current lattice point is below L, write
out 2 and go up to the next lattice point by adding the vector (0, 1)t .2

Let π be the projection along L to the line L⊥ orthogonal to L. If we project all
points on the broken line and take the closure of the image, due to the irrationality

2We could also have started with writing out 1 and going to the right from the origin. This would
have produced the second limit sequence of (σ ) which coincides with w save for the first two
letters.
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2

1 1

2

1 1

2

1

2

1 1

L

R

Fig. 3.5 The broken line and its projection to the Rauzy fractal

of u we obtain the interval

Ru = {π l(p) : p is a prefix of w}

on L⊥ (the subscript u indicates that Ru lives in the space L⊥ = u⊥ orthogonal to
u which is an arbitrary choice; other choices will play a roll in subsequent sections).
We color the part of the interval for which we write out 1 at the associated lattice
point light grey, the other part dark grey. This subdivides the interval Ru into two
subintervals Ru(1) and Ru(2), where

Ru(i) = {π l(p) : pi is a prefix of w} (i = 1, 2).

Moreover, we see that moving a step along the broken line amounts to exchanging
these two intervals in the projection: points in Ru(1) are moved downwards by a
fixed vector, while points in Ru(2) are moved upwards by a fixed vector.

Thus passing along the broken line each step amounts to exchanging the intervals
Ru(1) and Ru(2) in the projection. If we identify the end points of Ru this interval
exchange becomes a rotation. This is the rotation which is coded by the Sturmian
sequence w. The union Ru = Ru(1)∪Ru(2) is called the Rauzy fractal associated
with the substitution σ (or with the sequence σ = (σ )). The reason why we speak
about fractals here will become apparent in Sect. 3.6.1 when we define the analogs
of Ru in a more general setting.

Suppose we would be given an arbitrary sequence w ∈ {1, 2}N with letter
frequency vector u whose broken line stays within bounded distance of the line
L = R+u. Then we could draw a similar picture as in Fig. 3.5. However, although
the projection π would project the vertices of the associated broken line to a
bounded set, there is no reason for its closure Ru to be an interval. Also, if we
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use two colors as in the example above, it may well happen that the two sets Ru(1)
and Ru(2) have considerable overlap. This bad behavior prevents us from seeing a
rotation in the projections.

Making sure that the closure of the projection of the broken line behaves
topologically well and allows a partition whose atoms are essentially different will
be our main concern when we establish a theory of S-adic sequences that are codings
of rotations on higher dimensional tori in the subsequent sections and, hence, give
rise to dynamical systems that are measurably conjugate to torus rotations.

3.2.5 Natural Extensions and the Geodesic Flow
on SL2(Z) \ SL2(R)

In this section we talk about natural extensions of the Gauss map and of the coding
map of Sturmian sequences by substitutions. Moreover, we show how to relate these
natural extensions to the geodesic flow on the space SL2(Z)\SL2(R) of unimodular
two-dimensional lattices.

So far we could relate Sturmian sequences to rotations on the circle by using
the classical continued fraction algorithm. In our discussion we coded a Sturmian
sequence w by a sequence of substitutions (σin ) as

w = lim
k→∞ σ

a0
1 ◦ σa1

2 ◦ σa2
1 ◦ · · · ◦ σa2k

1 (a)

(see (3.4)). In the induction process used in the proof of Theorem 3.2.11 we recoded
w by a “desubstitution” process. If we look at the first step of this process we
produce the sequence

u = lim
k→∞ σ

a1
2 ◦ σa2

1 ◦ · · · ◦ σa2k
1 (a).

However, the mapping w �→ u cannot be inverted since it is not possible to
reconstruct a0 from u. Similarly, the Gauss map g cannot be inverted since
g([a0, a1, . . .]) = [a1, a2, . . .], and a0 cannot be reconstructed from the image
[a1, a2, . . .].

In this section we want to make both of these mappings bijective by constructing
a geometric model for their natural extensions (in the sense of Rohlin [116]). To
this matter we look again at the induction used in Lemma 3.2.12 which is visualized
once more in Fig. 3.6a. In this figure we see why this induction process cannot
be reversed: the intervals [R(0), R2(0)) and [R2(0), R3(0)) get lost during the
induction process and cannot be reconstructed.

A first idea on how to mend this is indicated in Fig. 3.6b: one could “stack” the
lost intervals on the larger interval of the induced rotation. This would keep the
information of the last induction step. However, acting in this way we can go back
at most to the setting from which we started but not farther to the “past”.
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(a)

(b)

Fig. 3.6 (a) Induction without restacking loses some part of the information. The intervals
[R(0), R2(0)) and [R2(0), R3(0)) depicted in light gray are no longer present in the induced
rotation. (b) Induction together with restacking the intervals keeps all the information. The light
gray intervals [R(0), R2(0)) and [R2(0), R3(0)) are stacked on the longer interval of the induced
rotation

To make the induction process bijective, it is more convenient to build rectangular
boxes above the intervals as indicated in Fig. 3.7 (this approach is extensively
exploited in Arnoux and Fisher [14]; we follow here [82, Section 6.6]). The lengths
of the boxes are given by the intervals on which the induction process starts: one
box is of length 1, the other one has length α for some α ∈ (0, 1) \Q. The heights
are chosen in a way that the longer rectangle is also the higher one and that the
total area of the two rectangles is equal to one. The induction process can now be
performed on the rectangles as indicated in Fig. 3.7: let a × d be the size of the left
rectangle and b × c the size of the right one. Slice the larger rectangle by vertical
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restack renormalize

Fig. 3.7 Step 1: restack the boxes. Step 2: renormalize in a way that the larger box has length 1
again

cuts into pieces of lengths equal to b until a slice of length less than b remains. Then
stack all slices of length b on the smaller rectangle. The result can be seen in the
middle of Fig. 3.7. After that renormalize the resulting pair of rectangles (as we did
in the induction process on the intervals) by making it “thinner” and “longer” in a
way that the length of the larger rectangle is equal to 1 again and the area of the
whole region remains 1.

Call the resulting mapping on the rectangles Ψ . A priori, the mapping Ψ is a
mapping from a subset of R4 to a subset of R4. However, since ad + bc = 1 and
max{a, b} = 1, we can eliminate two coordinates and we are left with a mapping in
two variables.

We make this precise in the following definition.

Definition 3.2.15 (Natural Extension of the Gauss Map, see [14]) Let Δm be the
set of pairs (a × d, b × c) of rectangles of total area 1 such that the widest one is
the highest one (i.e., a > b ⇔ d > c) and such that the width of the widest one
is equal to 1 (i.e., max{a, b} = 1). Let Δm,0 be the subset of Δm with a = 1, and
Δm,1 the subset of Δm with b = 1.

The mapping Ψ is defined on Δm,1 as

(a, d) �→
({ 1

a

}
, a − da2

)
,

and similarly on Δm,0. It is called the natural extension of the Gauss map (which is
seen in the first coordinate).

Remark 3.2.16 The subscript “m” stands for multiplicative since we work here
with the multiplicative version of the classical continued fraction algorithm defined
by the Gauss map. An analogous theory exists for the additive algorithm as well,
see [14].

The mapping Ψ is bijective as becomes clear from its geometric interpretation.
Moreover, it is easy to show that Ψ preserves the Lebesgue measure. By integrating
away the second coordinate one can show that the invariant measure of the Gauss



3 S-adic Sequences 119

map is dx
ln 2(1+x) (see e.g. [76, Chapter 3]). We mention that another natural extension

of the Gauss map defined on the unit square is provided in [108].
We can also see Sturmian sequences in the rectangular boxes. To this end note

first that a pair of boxes a × d and b × c is a fundamental domain of the lattice
spanned by the vectors (a, c)t and (−b, d)t . This is illustrated in Fig. 3.8 and has
the consequence that the “L-shaped” region formed by this pair of boxes can be used
to tile the plane with respect to this lattice as indicated in Fig. 3.9.

Let us mark a point in this tiling. If we start from this point and move upwards
and write out 1 whenever we pass through a large rectangle, and 2, whenever we pass
through a small one, we get the coding u of a rotation by α on the interval (−1, α)
which, by Theorem 3.2.11, is a Sturmian sequence. This is indicated in Fig. 3.9. In
the same way we can produce a Sturmian sequence v by moving horizontally.

If we restack each of the fundamental domains, according to the procedure
described above, we get a new fundamental domain (indicated by the shaded region
in Fig. 3.9). We now code the same vertical line using this restacked region. Doing
this we obtain another Sturmian sequence u(1) which, by the definition of the
restacking process, satisfies u = σ(u(1)), where σ is the substitution defining the
induction process as in the proof of Lemma 3.2.12. On the other hand, looking at the

Fig. 3.8 A pair of boxes is a
fundamental domain of a
lattice

b
d

a
c

Fig. 3.9 The vertical line is
coded by a Sturmian
sequence u, the horizontal
line by a Sturmian sequence
v. The restacking procedure
desubstitutes u and
substitutes v. The shaded
region is a restacked
fundamental domain

u

v
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horizontal line we get v(−1) = σ(v) as the new coding. Thus the restacking process
corresponds to the mapping

(u, v) �→ (u(1), v(−1)).

As mentioned at the beginning of this section, we cannot reconstruct u from u(1),
however we can reconstruct (u, v) from (u(1), v(−1)) since the type of the Sturmian
sequence v(−1) tells us (which power of) which of the two substitutions σ1, σ2 from
(3.1) we have to use to get back. This makes the coding process bijective as well.
We could mark the pair of rectangles discussed above by a point (x, y) and look at
the itinerary of this point under the restacking process. This would give an extension
Ψ̃ of the mapping Ψ that is defined on the T2-fibers over Δm (see [14]).

The following remark is of particular importance.

Remark 3.2.17 Regardless of the point in the “L-shaped” region in which we start,
the “vertical” Sturmian sequence will always be contained in the same Sturmian
system. Thus we can say that the “L-shaped” pairs of rectangles parametrize the
Sturmian systems (which are characterized by their coding sequence according to
Proposition 3.2.10(iii)), while the (x-coordinates of the) points in a given region
parametrize the sequences contained in this system. The same is true for the
“vertical” Sturmian sequence w.r.t. the y-coordinates.

We also mention that the vertical line producing the coding u can also be
extended downwards. This yields a sequence ũ ∈ AZ as a coding. Such a sequence
is an example of a bi-infinite Sturmian sequence (the same can be done in the
horizontal direction). Bi-infinite Sturmian sequences are studied for instance in [82,
Section 6.2]. It turns out that some of their properties are nicer than in our one-sided
case since one no longer has troubles coming from “the beginning” of the sequences.

Artin [26] observed that the continued fraction algorithm can be viewed as a
Poincaré section of the geodesic flow on the unit tangent bundle SL2(Z) \ SL2(R)

of the modular surface SL2(Z) \ H. In the meantime this correspondence between
the continued fraction algorithm and the geodesic flow was studied by many
authors (see e.g. Series [121]) and discussed in connection with our setting by
Arnoux [10] and later by Arnoux and Fisher [14]. The necessary details on the
modular surface and its unit tangent bundle including an explanation why the flow
diag(et , e−t ) which will come up below is a geodesic flow on the homogeneous
space SL2(Z) \ SL2(R) can be found for instance in [10] or [76, Chapter 9].

We now explain briefly how the geodesic flow on SL2(Z) \ SL2(R) enters our
model. We have to restack the rectangles as above and then renormalize the lattice
again. This can be done also in the following way. First multiply the basis of the
lattice from the right by diag(et , e−t ) for t varying from 0 to the threshold value for
which the width of the smallest rectangle equals 1. Then restack as above to end
up at a pair of rectangles whose larger rectangle has width 1. Altogether, starting
from a pair of rectangles drawn on the left hand side of Fig. 3.7 we ended up with a
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pair drawn on its right side. We just did the renormalization smoothly and we did it
before the restacking instead of after it.

What we do can be explained more precisely as follows:

• Define the set

Ωm =Ωm,0 ∪Ωm,1

=
{
M =

(
a c

−b d
)
: 0 < a < 1 ≤ c, 0 < d < b, ad + bc = 1

}
∪

{
M =

(
a c

−b d
)
: 0 < c < 1 ≤ a, 0 < b < d, ad + bc = 1

}
.

One can show that a.e. lattice has exactly one basis made of row vectors of a
matrix in Ωm (see [10]). Thus Ωm is a (measure theoretic) fundamental domain
for the action of SL2(Z) on SL2(R).

• Start with a lattice, associate with it a basis taken from Ωm.
• Hit this lattice (together with the chosen basis) with the geodesic flow

diag(et , e−t ), t ≥ 0.
• For increasing t this will eventually deform the basis in a way that the width

of the smaller rectangle gets equal to 1 (and we would leave Ωm when
deforming this basis further). If we restack at this point we end up with a pair
of rectangles contained in the Poincaré section Δm: indeed, after restacking the
larger rectangle will have width 1.

• Change the basis of the lattice to the basis corresponding to the new pair of
rectangles according to Fig. 3.8. Note that restacking does not change the lattice,
so the geodesic flow, which acts on SL2(Z) \SL2(R), is not affected by this base
change. However, this restacking has the effect that it creates a new basis of the
lattice that remains inside Ωm when it gets further deformed by the action of the
flow. Thus we can repeat the procedure.

• Repeating this procedure, the geodesic flow yields a sequence of restackings:
any time the width of the smaller rectangle gets equal to 1 by restacking, the
according basis gets inside the Poincaré section Δm. This restacking performs
one step of the natural extension of the Gauss map.

• Thus the geodesic flow on SL2(Z) \ SL2(R) can be regarded as a so-called
suspension flow of the natural extension of the Gauss map.

This viewpoint has many advantages and one can prove results on continued
fractions using the well-developed theory of the geodesic flow on SL2(Z)\SL2(R).

The same procedure can also be performed for pointed pairs of rectangles (which
we needed to study Sturmian sequences, see Fig. 3.9). This has the effect that the
geodesic flow on SL2(Z) \ SL2(R) has to be replaced by the so-called scenery flow
which also takes care of the distinguished point in the “L-shaped” region. All this is
described in detail in [14].
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We mention that similar results have been obtained for variants of the classical
continued fraction algorithm. For instance, Arnoux and Schmidt [23, 24] proved
that the α-continued fraction algorithm, Rosen’s continued fraction algorithm as
well as Veech’s continued fraction algorithm can be viewed as Poincaré sections of
a geodesic flow. The material presented in this section also forms an easy case of the
wide and appealing field of interval exchange transformations and their dynamics
(see e.g. Viana [125] for a survey).

3.3 Problems with the Generalization to Higher Dimensions

According to Cassaigne et al. [63] it was conjectured since the beginning of the
1990s that the beautiful correspondence between Sturmian sequences, continued
fractions, and irrational rotations on the circle described in Sect. 3.2 can be
extended to higher dimensions. The same paper gives strong indications towards
the wrongness of this conjecture. Indeed, in [63] Arnoux-Rauzy sequences over
a three letter alphabet that are not balanced and that cannot be viewed as natural
codings of rotations on the two dimensional torus with finite fundamental domain
are constructed. It is the objective of the present section to explain their work and
to give an account on further results by Cassaigne et al. [62] concerning weakly
mixing Arnoux-Rauzy systems as well as Arnoux-Rauzy systems with nontrivial
eigenvalues.

3.3.1 Arnoux-Rauzy Sequences

In an attempt to pave the way for a generalization to higher dimensions of
the correspondence between combinatorics, arithmetics, and dynamical systems
outlined in Sect. 3.2, Arnoux and Rauzy [22] defined sequences over the alphabet
{1, 2, 3} whose properties are inspired by Sturmian sequences.

In the following definition a right special factor of a sequence w ∈ {1, 2, 3}N is
a factor v of w for which there are distinct letters a, b ∈ {1, 2, 3} such that va and
vb both occur in w. A left special factor is defined analogously. The definition of
several other objects and notations from Sect. 3.2 carry over from two to three letter
alphabets without any change and we will use them without defining them again
(we will give exact definitions for the general setting from Sect. 3.4 onwards).

Definition 3.3.1 (Arnoux-Rauzy Sequence, see [22]) A sequence w ∈ {1, 2, 3}N
is called Arnoux-Rauzy sequence if pw(n) = 2n + 1 and if w has only one right
special factor and only one left special factor for each given length n.

Let w be an Arnoux-Rauzy sequence. Let (Γn) be a sequence of directed graphs
defined in the following way. For each n ∈ N the vertices of Γn are the factors of
length n of w. There is a directed edge from u to v if and only if there are letters
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a, b ∈ {1, 2, 3} and a word x ∈ {1, 2, 3}∗ such that u = ax and v = xb. Inspecting
these graphs we see that two cases can occur. If the left special factor v of length n
is also the right special factor then Γn is a bouquet of three circles whose common
vertex is v, otherwise it is a union of three circles that share the line between the
vertices corresponding to the right and left special factor. An investigation of these
graphs (as done in [22, Section 2]) shows that Arnoux-Rauzy sequences are “S-adic”
and we get the following analog of Proposition 3.2.7.

Proposition 3.3.2 (See [22, Section 2]) Let the Arnoux-Rauzy substitutions
σ1, σ2, σ3 be defined by

σ1 :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 1,

2 �→ 12,

3 �→ 13,

σ2 :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 21,

2 �→ 2,

3 �→ 23,

σ3 :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 31,

2 �→ 32,

3 �→ 3.

(3.18)

Then for each Arnoux-Rauzy sequence w there exists a sequence σ = (σin ), where
(in) takes each symbol in {1, 2, 3} an infinite number of times, such that w has the
same language as

u = lim
n→∞ σi0 ◦ σi1 ◦ · · · ◦ σin (1). (3.19)

By this proposition each Arnoux-Rauzy sequence w has a coding sequence σ of
Arnoux-Rauzy substitutions and we may define the dynamical system (Xw,Σ) =
(Xσ ,Σ) as the dynamical system associated with w, where Xw = Xσ is the set of
sequences whose language equals the language of w and which just depends on σ .
These dynamical systems are called Arnoux-Rauzy systems.

Let w be an Arnoux-Rauzy sequence with coding sequence σ = (σin ) and
let (Min) be the associated sequence of incidence matrices. Since each symbol in
{1, 2, 3} occurs infinitely often in (in) the associated sequence of incidence matrices
(Min) is easily seen to be primitive in the sense that for each m ∈ N there is n > m

such that Mi[m,n) is a positive matrix. Indeed, a block Mi[m,n) is primitive if and only
if it contains each of the three matrices M1,M2,M3 at least once.

Lemma 3.3.3 Let w be an Arnoux-Rauzy sequence with coding sequence σ . Then
the dynamical system (Xσ ,Σ) is minimal and uniquely ergodic.

Proof Minimality follows if we can show that L(v) = L(w) for each v ∈ Xσ . This
in turn holds if each factor of w occurs infinitely often in w with bounded gaps,
which we will now prove. Let x be a factor of w. As w has the same language as the
sequence u in (3.19), by primitivity of (Min) there is m ∈ N such that x occurs in
σi[0,m) (1). Using primitivity again we see that there exists n > m such that Mi[m,n) is
a positive matrix. This entails that the word σi[m,n) (b) contains 1 for any b ∈ {1, 2, 3}
and, hence, σi[0,n) (b) contains σi[0,m) (1) and, a fortiori, also x for each b ∈ {1, 2, 3}.
Thus x occurs in w infinitely often with gaps bounded by 2 max{|σi[0,n) (b)| : b ∈
{1, 2, 3}}.
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Unique ergodicity of (Xσ ,Σ) can be derived from a general result of Bosher-
nitzan [56] due to the fact that (Xσ ,Σ) is minimal and its elements have linear
complexity with slope less than 3. �

This proof implies that each Arnoux-Rauzy sequence is uniformly recurrent.
Generalizing an idea of Arnoux [9], in [22] it was shown that each Arnoux-Rauzy

sequence w can be viewed as a coding of a 6-interval exchange transformation (by
using sequences over an alphabet with only three letters!) and that each Arnoux-
Rauzy system can be represented by such a 6-interval exchange. In view of a
result by Katok [94] this implies that Arnoux-Rauzy systems cannot be mixing.
The incidence matrices of Arnoux-Rauzy substitutions can be used to define a
generalized continued fraction algorithm in the sense of Sect. 3.4.2 below. However,
this algorithm only works for vectors taken from a set of measure zero, the so-called
Rauzy gasket. For more on this interesting set we refer to [25, 29, 30, 69, 99].

Another interesting class of sequences of complexity 2n + 1 over the alphabet
{1, 2, 3} has been defined recently in [64] and is currently subject to intensive
investigation. Compared to Arnoux-Rauzy sequences it has the advantage that it
is defined in terms of only two substitutions and gives rise to a continued fraction
algorithm that works on a set of full measure.

3.3.2 Imbalanced Arnoux-Rauzy Sequences

To get the perfect analogy with the Sturmian case it would be desirable to represent
a given Arnoux-Rauzy sequence w as a natural coding of a rotation on the two-
dimensional torus T

2. In the seminal paper of Rauzy [114], this was achieved for
the sequence w = lim σn(1), where σ is the famous Tribonacci substitution defined
by

σ :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 12,

2 �→ 13,

3 �→ 1.

(3.20)

Since σ 3 = σ1 ◦ σ2 ◦ σ3 the sequence w is an example of an Arnoux-Rauzy
sequence (with periodic coding sequence). Several years ago Barge, Štimac, and
Williams [37] as well as Berthé et al. [48] could generalize this result and proved
that each Arnoux-Rauzy sequence w with periodic coding sequence is a natural
coding of a rotation on T

2 (a weaker result in this direction is already contained in
[18]). A general theory for nonperiodic sequences was established only recently, see
Berthé et al. [52], and we will come back to this in later sections.

We recall that a sequence w = w0w1 . . . ∈ {1, 2, 3}N is a natural coding of a
rotation R on T

2 if there exists a fundamental domain Ω of T2 in R
2 together with

a partition Ω = Ω1 ∪Ω2 ∪Ω3 such that on each Ωi the map R′ induced on Ω by
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the rotation R acts as a translation by a vector ai ∈ R
2 and for some point x ∈ Ω

we have R′k(x) ∈ Ωwk for each k ∈ N (see also Definition 3.9.2).
An Arnoux-Rauzy sequence is not always a coding of a rotation on T

2 with
bounded fundamental domain. The reason for this is the lack of balance for some
particular instances of such sequences. Following Cassaigne et al. [63] we now
sketch the construction of an Arnoux-Rauzy sequence that is not balanced.

Let C ≥ 1 be an integer. Generalizing the notion of balance from Sect. 3.2.1
we say that a sequence w ∈ {1, 2, 3}N is C-balanced if each pair of factors (u, v)
of w having the same length satisfies

∣
∣|u|a − |v|a

∣
∣ ≤ C for each a ∈ {1, 2, 3}.

The following result implies that there is no uniform C that gives C-balance for
each Arnoux-Rauzy sequence. Here a substitution is called primitive if its incidence
matrix is primitive.

Lemma 3.3.4 (See [63, Proposition 2.2]) For each integer C ≥ 1 there is a finite
sequence of Arnoux-Rauzy substitutions σi1 , . . . , σik such that σ = σi1 ◦ · · · ◦ σik is
primitive and for each Arnoux-Rauzy sequencew the Arnoux-Rauzy sequence σ(w)
is not C-balanced.

Proof We prove by induction that for each n ≥ 2 there exist an, bn, cn ∈ N and a
primitive composition of Arnoux-Rauzy matrices σ (n) such that for each Arnoux-
Rauzy sequence w the sequence σ (n)(w) contains two factors u(n) and v(n) of equal
length with

⎛

⎝
|u(n)|i
|u(n)|j
|u(n)|k

⎞

⎠ =
⎛

⎝
an

bn + n

cn

⎞

⎠ and

⎛

⎝
|v(n)|i
|v(n)|j
|v(n)|k

⎞

⎠ =
⎛

⎝
an + 1
bn

cn + n− 1

⎞

⎠

for some choice i, j, k with {i, j, k} = {1, 2, 3}. This will prove the result because∣
∣|u(n)|j − |v(n)|j

∣
∣ = n shows that σ (n)(w) is not (n− 1)-balanced.

For the induction start take n = 2 and σ (2) = σ1σ2 with u(2) = 212 and v(2) =
131.

To perform the induction step assume that the result is true for some n and let
u(n), v(n), an, bn, cn, i, j , k, and σ (n) be as above. Set σ (n+1) = σnk ◦ σni ◦ σ (n).
We now construct u(n+1) and v(n+1). Let u be a nonempty factor of some Arnoux-
Rauzy sequencew. Then for each a ∈ {1, 2, 3} the word σa(u)a is a factor of σa(w)
which begins with a. If we define σ(a,+)(u) = σa(u)a and σ(a,−)(u) as the suffix
of σa(u) of length |σa(u)| − 1 (i.e., the first letter of σa(u) is canceled) we see that
u(n+1) = σn(k,−)σ

n
(i,+)(vn) and v(n+1) = σn(k,+)σ

n
(i,−)(vn) are factors of σ (n+1)(w).

Using the definition of σ(a,+) and σ(a,−) one can now check directly that

⎛

⎝
|u(n+1)|k
|u(n+1)|i
|u(n+1)|j

⎞

⎠ =
⎛

⎝
an+1

bn+1 + n+ 1
cn+1

⎞

⎠ and

⎛

⎝
|v(n+1)|k
|v(n+1)|i
|v(n+1)|j

⎞

⎠ =
⎛

⎝
an+1 + 1
bn+1

cn+1 + n

⎞

⎠ ,



126 J. M. Thuswaldner

where

⎛

⎝
an+1

bn+1

cn+1

⎞

⎠ =
⎛

⎝
cn + n− 1+ n(an + n(bn + cn + n)+ bn)

an + n(bn + cn + n− 1)
bn

⎞

⎠ . �

This lemma can even be sharpened in the following way.

Lemma 3.3.5 (See [63, Proposition 2.3]) For each integer C ≥ 1 and each
composition of Arnoux-Rauzy substitutions σ there exists a primitive composition
of Arnoux-Rauzy sequences σ ′ such that for each Arnoux-Rauzy sequence w the
Arnoux-Rauzy sequence σ ◦ σ ′(w) is not C-balanced.

The proof is technical and we do not provide it here. The idea is to use
Lemma 3.3.4 in order to choose σ ′ in a way that σ ′(w) is not K-balanced for each
Arnoux-Rauzy sequence w, where K , which depends on the incidence matrix of σ ,
is so large that even after the application of σ we cannot reach C-balance.

We are now able to establish the following result.

Theorem 3.3.6 (See [63, Theorem 2.4]) There exists an Arnoux-Rauzy sequence
which is not C-balanced for any C ≥ 1.

Proof By Lemma 3.3.5 one can construct primitive compositions of Arnoux-Rauzy
substitutions σ (1), . . . , σ (C) such that σ (1) ◦ · · · ◦ σ (C)(w) is not C-balanced for any
Arnoux-Rauzy sequence w. Thus u = limC→∞ σ (1) ◦ · · · ◦ σ (C)(w) is the desired
sequence. �

Using this proposition we are able to establish the following result of [63] which
strongly indicates that an unconditional generalization of the theory presented in
Sect. 3.2 is not possible.

Corollary 3.3.7 (Cf. [63, Corollary 2.6]) There exists an Arnoux-Rauzy sequence
which is not a natural coding of a minimal rotation on the 2-torus with bounded
fundamental domain.

Proof By Theorem 3.3.6 there is an Arnoux-Rauzy sequence w which is not C-
balanced for any C > 0. Assume that w is a natural coding of a minimal rotation
on T

2 with bounded fundamental domain Ω . Each letter j ∈ {1, 2, 3} corresponds
to a translation aj on Ω and, hence, to each word u = u0 . . . un−1 ∈ {1, 2, 3}∗
there corresponds the translation au = ∑n−1

k=0 auk on Ω . Since Ω is bounded and
the rotation is minimal one easily checks that the vectors a1, a2, a3 satisfy R+a1 +
R+a2 + R+a3 = R

2. This implies that there exists a constant γ > 0 such that
two words u, v ∈ {1, 2, 3}∗ with

∣
∣|u|i − |v|i

∣
∣ ≥ C for some i ∈ {1, 2, 3} satisfy

‖au − av‖1 > γC.
Since w is not balanced there is a letter i ∈ {1, 2, 3} such that for each C > 0

there exist two factors u, v ∈ {1, 2, 3}∗ of w with
∣
∣|u|i − |v|i

∣
∣ ≥ C. Thus ‖au −

av‖1 > γC. Since C can be arbitrarily large, this difference can be made arbitrarily
large. Thus one of the two vectors au, av can be made arbitrarily large. Assume
w.l.o.g. that this is au. Since there is an element x ∈ Ω with x + au ∈ Ω , the
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diameter of Ω is bounded from below by the length of au. This contradicts the
boundedness of the fundamental domain Ω . �
Remark 3.3.8 We mention that in [63, Corollary 2.6] it is claimed that Corol-
lary 3.3.7 is true without assuming that the fundamental domain is bounded.
However, we were not able to verify this proof.

3.3.3 Weak Mixing and the Existence of Eigenvalues

In Cassaigne et al. [62] the authors give a criterion for weak mixing for some class
of Arnoux-Rauzy systems. On the other hand they provide a class of Arnoux-Rauzy
systems that admit nontrivial eigenvalues. Before we give the details, we recall the
required terminology from ergodic theory (good references here are for instance
Einsiedler and Ward [76] or Walters [126]; we also mention Halmos [85] where
some concepts are illustrated in an intuitive way).

Let (X, T ,μ) be a dynamical system with invariant measure μ. We say that a
complex number λ is a measurable eigenvalue of T if there exists f ∈ L1(μ),
f �= 0, such that f (T x) = λf (x) for μ-almost every x. Such an f is called an
eigenfunction for λ. For topological dynamical systems the notion of topological
eigenvalue is defined analogously by using continuous eigenfunctions instead of
functions from L1(μ).

The transformation T is called weakly mixing if for each A,B ⊂ X of positive
measure we have

lim
n→∞

1

n

∑

0≤k<n
|μ(T −k(A) ∩ B)− μ(A)μ(B)| = 0.

Weak mixing is equivalent to the fact that 1 is the only measurable eigenvalue of T
and the only eigenfunctions are constants (in this case the dynamical system is said
to have continuous spectrum). We note that rotations are never weakly mixing. They
have pure discrete spectrum (with will be defined in Definition 3.9.1), meaning that
they have “a lot of eigenfunctions” and therefore they have a completely different
dynamical behavior. Indeed, from the definition of weak mixing we see that iterated
preimages of each set tend to “smear” (ormix) over the whole space, this is of course
not the case for the iterated preimages of a rotation.

We now come back to the aim of this section and discuss mixing properties of
Arnoux-Rauzy systems. Let

u = lim
n→∞ σ

k1
i1
◦ σk2

i2
◦ · · · ◦ σknin (1)

with in �= in+1 be an Arnoux-Rauzy sequence. We define (n) to be the sequence of
indices n for which in �= in+2. The sequence u is uniquely defined by the sequences
(kn) and (n) (up to permutation of letters). The following result shows a result on
weak mixing Arnoux-Rauzy systems for large partial quotients (kn).
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Theorem 3.3.9 (See [62, Theorem 2]) For an Arnoux-Rauzy sequence w with
coding sequence σ and associated sequences (kn) and (n) the system (Xσ ,Σ,μ)

(with μ being the unique invariant measure) is weakly mixing if the sequence
(kn+2)∈N is unbounded and the sums

∑
≥1

1
kn+1

and
∑

≥1
1
kn

converge.

This implies that (Xσ ,Σ,μ) is not measurably conjugate to a rotation on T2.

The proof of this result is quite involved. In fact, to get weak mixing, by
definition one has to show that there exists no measurable eigenvalue apart from
1 for the system (Xσ ,Σ,μ). This is achieved by verifying the following criterion
(see [62, Proposition 10]): if ϑ is a measurable eigenvalue of (Xσ ,Σ,μ), then
kn+1{hnϑ} → 0 for n → ∞. Here hn is the length of σk1

i1
◦ · · · ◦ σknin (1). This

criterion is proved using a sequence of nested Rohlin towers which are naturally
built using the coding sequence σ . As mentioned above, because an Arnoux-Rauzy
system can be represented by a 6-interval exchange, it cannot be mixing in view of
Katok [94].

To give this section a good end we mention that [62] also contains results that
support the hope that at least something along the lines of Sect. 3.2 can be done in
higher dimensions. Indeed, the authors are able to exhibit criteria for the existence of
nontrivial continuous eigenvalues (not equal to 1) for Arnoux-Rauzy systems which
implies that these systems have a rotation as a continuous factor. The novelty here is
the fact that these systems still have unbounded partial quotients (kn). For bounded
partial quotients criteria for the existence of continuous and measurable eigenvalues
are provided in the more general setting of linear recurrent minimal Cantor systems
in Cortez et al. [66].

It will be our concern in the subsequent sections to exhibit S-adic sequences that
are even measurable conjugates of rotations on tori of dimension greater than or
equal to two.

3.4 The General Setting

So far we have seen some elements of the correspondence between Sturmian
sequences, the classical continued fraction algorithm, and rotations on the circle.
We have also reviewed some results that highlight the problems and limitations of
a generalization of this nice interplay between several branches of mathematics to
higher dimensions. Nevertheless, we are able to set up a quite general extension
of the results contained in Sect. 3.2. Indeed, in the subsequent sections of this
chapter we will relate sequences generated by substitutions on alphabets over d
letters to generalized continued fraction algorithms and to rotations on the (d − 1)-
dimensional torus. From this point on we will give exact definitions of all objects we
use. This may seem redundant as some objects have already been introduced before
but as the subject is quite difficult and a variety of concepts and notations is needed
along the way we found it better for the reader to do it that way.
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3.4.1 S-adic Sequences

We now define so-called S-adic sequences which form analogs of sequences of the
form (3.2) and (3.19) for arbitrary “coding sequences” of substitutions over a fixed
finite alphabet. To this end we need some notation.

Let A = {1, 2, . . . , d} be a finite alphabet whose elements will be called
letters or symbols. Define A∗ to be the free monoid generated by A equipped
with the operation of concatenation. The elements of A∗, which are of the form
v = v0v1 . . . vn−1 with n ∈ N and vi ∈ A for i ∈ {0, 1, . . . , n − 1}, will be
referred to as words. The integer n, which is equal to the number of letters in the
word v, is called the length of v and will be denoted by |v|. The unique word of
length 0 is called the empty word. Let AN be the space of right infinite sequences
w = w0w1 . . . with wi ∈ A for each i ∈ N. We equip AN with the product topology
of the discrete topology on A. To a sequence w = w0w1 . . . ∈ AN we associate a
function pw : N→ N which is defined by

n �→ |{v ∈ A∗ : v = wkwk+1 . . . wk+n−1 for some k ∈ N}|.

The function pw is called the complexity function of the sequence w. For more on
this function we refer for instance to Cassaigne and Nicolas [65].

A substitution σ over the alphabet A is an endomorphism on A∗ that in our
setting will always assumed to be nonerasing in the sense that the image of each
letter is a nonempty word taken from A∗. Being a morphism, a substitution is
completely defined by giving its image for each letter. Thus our previous examples
of Sturmian substitutions in (3.1) and of Arnoux-Rauzy substitutions in (3.18) are
indeed substitutions. We can extend the domain of a substitution σ to AN in a natural
way by defining it symbol-wise, i.e., by setting σ(w0w1 . . .) = σ(w0)σ (w1) . . . The
mapping σ defined in this way is continuous on AN.

With each substitution σ over the alphabetA we associate the |A|×|A| incidence
matrix Mσ whose columns are the abelianized images of σ(i) for i ∈ A. More
precisely, letting |v|i be the number of occurrences of a given letter i ∈ A in a word
v ∈ A∗ this matrix is given by Mσ = (mij ) = (|σ(j)|i ). The incidence matrix can
be seen as the abelianized version of σ . If we define the abelianization mapping
l : A∗ → N

d by l(w) = (|w|1, . . . , |w|d)t (here xt is the transpose of a vector
x ∈ R

d ) we have the commutative diagram

A∗ σ A∗

l l

N
d Mσ

N
d (3.21)

which says that lσ(w) = Mσ l(w) holds for each w ∈ A∗.
We will be interested in special classes of substitutions. Let σ be a substitution.

Then σ is called unimodular if | detMσ | = 1, it is called primitive if Mσ is a
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primitive matrix (i.e., Mσ has a power each of whose entries is greater than zero), it
is called irreducible if Mσ has irreducible characteristic polynomial, and it is called
Pisot if the characteristic polynomial of Mσ is the minimal polynomial of a Pisot
number. We recall that a Pisot number is an algebraic integer β > 1 whose Galois
conjugates (apart from β itself) are all smaller than 1 in modulus.

In full generality substitutions are studied for instance in [6, 40, 87] and, in a
context related to the present chapter, in [82].

We will now define the analogs of the “coding sequences” used in Sects. 3.2
and 3.3 for a more general setting. We go in the reverse direction: in the mentioned
earlier sections the sequence (of letters) was there first and we constructed a
sequence of substitutions that generates this sequence. Now we start with a sequence
of substitutions in order to define a sequence of letters.

Let σ = (σn)n∈N be a sequence of substitutions over a given finite alphabet A.
For convenience, we will set Mn = Mσn for the incidence matrix of σn and write
M = (Mn) for the sequence of these incidence matrices. Moreover, as we will often
need blocks of substitutions as well as blocks of matrices we set

σ[m,n) = σm ◦ σm+1 ◦ · · · ◦ σn−1 and M[m,n) = MmMm+1 · · ·Mn−1

for positive integers m ≤ n (here we set σ[n,n)(a) = a for all a ∈ A and define
M[n,n) to be the |A| × |A| identity matrix).

We associate with σ a sequence of languages, for all m ∈ N,

L(m)
σ = {v ∈ A∗ : v is a factor of σ[m,n)(a) for some a ∈ A, m ≤ n}

and call Lσ = L(0)
σ the language of σ . Here u ∈ A∗ is a factor of v ∈ A∗ if

v ∈ A∗uA∗, or, more informally, if the word u occurs somewhere as subword in
the word v. We will use this notation also for (right infinite) sequences later. Then
u ∈ A∗ is a factor of v ∈ AN if v ∈ A∗uAN. The set of all factors of a sequence v
is called the language of v. It is denoted by L(v). We also introduce the notion of
prefix and suffix that will be used later. A prefix of a word v ∈ A∗ is a word u ∈ A∗
with v ∈ uA∗ and a suffix of v ∈ A∗ is a word u ∈ A∗ with v ∈ A∗u. A prefix of a
sequence v ∈ AN is a word u ∈ A∗ with v ∈ uAN.

After these preparations we can define S-adic sequences for a given sequence
of substitutions σ . The terminology “S-adic” goes back to Ferenczi [77]. In our
definition we follow Arnoux et al. [20] (see also [52, Section 2.2]).

Definition 3.4.1 (S-adic Sequence) Let A be a given finite alphabet, let σ =
(σn)n≥0 be a sequence of substitutions over A, and set S := {σn : n ∈ N}. We
call a sequence w ∈ AN an S-adic sequence (or a limit sequence) for σ if there
exists a sequence (w(n))n≥0 of sequences w(n) ∈ AN with

w(0) = w, w(n) = σn(w
(n+1)) (for all n ∈ N). (3.22)
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In this case we call σ the coding sequence or the directive sequence for w. (Note
that (3.22) says that w can be “desubstituted” infinitely often).

Let S be a finite set of substitutions over a given alphabet A. For this case S-adic
sequences have been thoroughly studied in the literature. With Sturmian sequences
and Arnoux-Rauzy sequences we already discussed two prominent classes of S-adic
sequences. Durand [71, 72] proved that linearly recurrent3 sequences are S-adic
with finite S. Ferenczi [77] and Leroy [97] showed that a uniformly recurrent4

sequencew with an at most linear complexity functionpw is S-adic with finite S; see
also [98]. The so-called S-adic conjecture (see e.g. [82, Section 12.1.2] or [73, 97])
is also formulated for a finite set of substitutions S. It asks to what extent a converse
of this assertion can be true, i.e., which criteria are needed for an S-adic sequence
w to have linear complexity function pw . Berthé and Labbé [49] show linearity
of the complexity of S-adic sequences associated with the Arnoux-Rauzy-Poincaré
multidimensional continued fraction algorithm (their bound pw(n) ≤ 5

2n + 1 is
even strong enough to conclude from Boshernitzan [56] that, like Arnoux-Rauzy
sequences, these sequences pertain to uniquely ergodic dynamical systems). Arnoux
et al. [20] study S-adic sequences in the same context as we will do it. However, they
restrict their attention to sets of substitutions S whose elements have a common
incidence matrix. If S is a singleton, an S-adic sequence is called substitutive.
Substitutive sequences are very well studied (see for instance [82]; moreover in
the paragraphs following Definition 3.4.2 we review the literature on substitutive
sequences related to our subject). They are strongly related to automatic sequences
by Cobham’s Theorem, see e.g. [6, Theorem 6.3.2].

Generalizing Sturmian systems we introduce dynamical systems for S-adic
sequences. To this end, for a finite alphabet A define the shift on AN as Σ : AN →
AN by Σ(w0w1 . . .) = w1w2 . . .

Definition 3.4.2 (S-adic System) For an S-adic sequence w over a finite alphabet
A we denote by Xw = {Σkw : k ∈ N} the orbit closure of w under the action of
the shift Σ . If we denote the restriction of Σ to Xw by Σ again we call the pair
(Xw,Σ) the S-adic system (or S-adic shift) generated by w.

Alternatively, the set Xw can be defined using languages by setting Xw = {v ∈
AN : L(v) ⊆ L(w)}. The proof of the fact that both definitions of Xw agree is an
easy exercise. Also the set Xσ =⋃

Xw , where the union is extended over all S-adic
sequences with directive sequence σ , and the associated dynamical system (Xσ ,Σ)

are of interest.5 A recent survey on S-adic systems is provided in [44].

3A sequence is called linearly recurrent if there is a constant K such that each of its factors u
occurs infinitely often in the sequence with gaps bounded by K|u|.
4A sequence is called uniformly recurrent if each of its factors occurs infinitely often in the
sequence with bounded gaps.
5If we impose the additional property of primitivity on the coding sequence of a sequence w ∈ AN

it turns out that Xw depends only on the directive sequence σ defining the S-adic sequence w and
we have Xσ = Xw . This will be worked out precisely in Sect. 3.5.
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In all what follows we will assume that all our substitutions and matrices are
unimodular.

The case of σ = (σ ), the constant sequence formed by a given unimodular
substitution σ over some alphabet A, has been studied extensively. In this case we
call (X(σ),Σ) a substitutive system (see Queffelec [110] for a profound study of
dynamical properties of these systems). The theory of Sect. 3.2 can be generalized
quite well to substitutive systems if σ is a unimodular Pisot substitution. The
seed for such a generalization was planted by Rauzy [114]. Constructing the
prototype of what is now called Rauzy fractal, he proved that the dynamical system
(Xσ ,Σ) is measurably conjugate to a rotation on T

2 if σ = (σ ) with σ being the
Tribonacci substitution introduced in (3.20). It was conjectured since then that each
unimodular Pisot substitution σ gives rise to a substitutive system (X(σ),Σ) which
is measurably conjugate to a rotation on the torus. This conjecture is still open and
known as Pisot (substitution) conjecture.

In the meantime, the Pisot conjecture was studied by many people and interesting
partial results have been achieved. We mention Arnoux and Ito [18] as well as Ito
and Rao [91] who could prove the Pisot conjecture subject to some combinatorial
coincidence conditions. Conditions of this type will also play an important role in
the general theory we will develop here, see Sect. 3.8.2. Recently, Barge [32, 33]
made considerable progress on this subject using refinements of the notion of
proximality (see [27, 35]). For survey papers on the subject we refer e.g. to [4, 51].
For extensions of this theory to the nonunimodular case see [106, 122].

3.4.2 Generalized Continued Fraction Algorithms

We now generalize the concept of continued fraction algorithm defined in Sect. 3.2.2
and introduce generalized continued fraction algorithms. Standard references for
these objects are Brentjes [58] and Schweiger [119]. Also Labbé’s Cheat Sheets [95]
for 3-dimensional continued fraction algorithms are highly recommended. For
discussions of generalized continued fraction algorithms in a context similar to ours
we refer e.g. to [11, 19, 21, 41].

Definition 3.4.3 (Generalized Continued Fraction Algorithm) For d ≥ 2 let X
be a closed subset of the projective space P

d−1 and let {Xi}i∈I be a partition of X
(up to a set of measure 0) indexed by a countable set I . Let M = {Mi : i ∈ I }
be a set of unimodular d × d integer matrices (that act on P

d−1 by homogeneity)
satisfying M−1

i Xi ⊂ X and let M : X → M given by M(x) = Mi whenever
x ∈ Xi . The generalized continued fraction algorithm associated with this data is
given by the mapping

F : X→ X; x �→ M(x)−1x.



3 S-adic Sequences 133

If I is a finite set, the algorithm given by F is called additive, otherwise it is called
multiplicative.

Note that F is defined only almost everywhere since {Xi}i∈I in general is only a
partition up to measure zero. We confine ourselves to unimodular matrices. Thus
the algorithms in Definition 3.4.3 are sometimes called unimodular algorithms.
Interesting examples of nonunimodular continued fraction algorithms are provided
by the N-continued fraction algorithm introduced by Burger et al. [60] and by the
Reverse algorithm, a certain “completion” of the Arnoux-Rauzy algorithm studied
in [19, Section 4].

We illustrate the definition of generalized continued fraction algorithms by a
classical example: Brun’s continued fraction algorithm.

Example 3.4.4 (Brun’s Algorithm) The linear version of Brun’s algorithm is
defined on the subset

X = {[w1 : w2 : w3] : 0 ≤ w1 ≤ w2 ≤ w3} ⊂ P
2.

It maps a vector [w1 : w2 : w3] to sort[w1 : w2 : w3 − w2], i.e., it subtracts the
second largest entry from the largest one and sorts the resulting entries in ascending
order. By a straightforward calculation we see that M = {M1,M2,M3} with

M1 =
⎛

⎝
0 1 0
0 0 1
1 0 1

⎞

⎠ , M2 =
⎛

⎝
1 0 0
0 0 1
0 1 1

⎞

⎠ , M3 =
⎛

⎝
1 0 0
0 1 0
0 1 1

⎞

⎠ , (3.23)

and that the partition X = X1 ∪X2 ∪X3 is given by Fig. 3.10.

Fig. 3.10 The partition of X
induced by Brun’s continued
fraction algorithm

[1 : 1 : 1]

[0 : 0 : 1]

[0 : 1 : 1][1 : 1 : 2]

[0 : 1 : 2]

X1

X3

X2
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With this data the linear Brun continued fraction mapping can be defined
according to Definition 3.4.3 by

FB : X→ X; x �→ M−1
i x for x ∈ Xi.

Since M1, M2, and M3 are unimodular, Brun’s algorithm is a unimodular continued
fraction algorithm. As we did for the classical continued fraction algorithm in
Sect. 3.2.2, we can define a projective version also in the case of Brun’s algorithm.
This projective version is the original version of this algorithm and goes back to
Brun [59]. It is defined on the set

Δ = {(x1, x2) ∈ R
2 : 0 ≤ x1 ≤ x2 ≤ 1} (3.24)

by

fB : (x1, x2) �→

⎧
⎪⎪⎪⎨

⎪⎪⎪⎩

(
x1

1−x2
, x2

1−x2

)
, for x2 ≤ 1

2 ,(
x1
x2
, 1−x2

x2

)
, for 1

2 ≤ x2 ≤ 1− x1,(
1−x2
x2

, x1
x2

)
, for 1− x1 ≤ x2.

(3.25)

To see that fB is the projective version of FB we use the same reasoning as in the
classical case in Sect. 3.2.2.

We refer to Example 3.5.12 where we provide S-adic sequences associated with
Brun’s algorithm.

Other well-known generalized continued fraction algorithms include the Jacobi-
Perron algorithm [109] and the Selmer algorithm [120].

3.5 The Importance of Primitivity and Recurrence

As indicated in Sect. 3.3 it is not possible to generalize the results of Sect. 3.2 to
higher dimensions (or, equivalently, to alphabets of cardinality greater than two)
without additional conditions on the sequence of substitutions σ . In this section we
will discuss two natural conditions that we will have to impose on our sequences of
substitutions. The first one is primitivity, the second one is recurrence. Both of them
will have important consequences for the underlying S-adic system: primitivity will
imply minimality, and if we assume recurrence on top of primitivity, the system will
be uniquely ergodic.
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3.5.1 Primitivity and Minimality

In the following definition a matrix is called nonnegative if each of its entries is
greater than or equal to zero. In a positive matrix each entry is greater than zero.

Definition 3.5.1 (Primitivity) A sequence M = (Mn)n≥0 of nonnegative integer
matrices is primitive if for each m ∈ N there is n > m such that M[m,n) is a
positive matrix. A sequence σ of substitutions is primitive if its associated sequence
of incidence matrices is primitive.

Note that primitivity of (Mn)n≥0 implies primitivity of the “shifted” sequence
(Mn+k)n≥0 for each k ∈ N. The same applies for primitive sequences of substitu-
tions.

Our definition of primitivity is taken from [52, Section 2.2]. It coincides with the
notion of weak primitivity introduced in [44, Definition 5.1] and with the notion of
nonstationary primitivity defined in [81, p. 339]. The more restrictive property of
strong primitivity which is also introduced in [44, Definition 5.1] requires that the
integer n in Definition 3.5.1 can be chosen in a way that the difference n − m is
uniformly bounded in m. In other papers, this stronger property is called primitivity
(see e.g. [71–73]).

As we will see in the first result of this section, the assumption of primitivity
entails minimality of the associated S-adic systems. We recall the definition of this
basic concept.

Definition 3.5.2 (Minimality) Let (X, T ) be a topological dynamical system.
(X, T ) is called minimal if the orbit of each point is dense in X, i.e., if
{T nx : n ∈ N} = X holds for each x ∈ X.

The following lemma summarizes the consequences of primitivity for an S-adic
system. It is proved for instance in [20, Proposition 2.1 and 2.2]; the minimality
assertion can already be found in [71, Lemma 7].

Proposition 3.5.3 If σ is a primitive sequence of substitutions, the following
properties hold.

(i) There exists at least one and at most |A| limit sequences for σ .
(ii) Let w,w′ be two S-adic sequences with directive sequence σ . Then the

dynamical systems (Xw,Σ) and (Xw′ ,Σ) are equal.
(iii) For a limit sequence w of σ the S-adic system (Xw,Σ) is minimal.

Proof To show (i) let σ = (σn) and for each n ∈ N let An be the set of all first letters
occurring in the family σ[0,n)(A) of words. Then (An) is a decreasing sequence of
nonempty subsets of A. Hence, there is a ∈ ⋂

n≥0 An. By construction there is a
sequence (an) with a0 = a such that an is the first letter of σn(an+1). Moreover,
σ[0,n)(an) is a prefix of σ[0,n+1)(an+1). By primitivity, the lengths of these words
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tend to infinity which implies that w = limn→∞ σ[0,n)(anan . . .) converges.6 By the
same reasoning (here we use that primitivity also holds for “shifted” sequences),
we see that w(m) = limn→∞ σ[m,n)(anan . . .) converges as well and the sequence
(w(m)) satisfies the conditions of Definition 3.4.1. Thus w = w(0) is an S-adic
sequence with directive sequence σ .

If w is an S-adic sequence with directive sequence σ , by Definition 3.4.1 we
can associate a sequence (w(n)) with it. For n ∈ N let an be the first letter
of w(n). Primitivity implies that |σ[0,n)(an)| → ∞ for n → ∞ and, hence,
the sequence w is determined by the sequence (an). In particular, we can write
w = limn→∞ σ[0,n)(anan . . .). Since an uniquely determines ap for each p < n,
there are at most |A| possible different choices for such a sequence.

To prove (ii) let w and w′ be two S-adic sequences with directive sequence σ .
Associate the sequences (an) and (a′n), respectively, with them as above. If u is a
factor of w then u is a factor of σ[0,m)(am) for some m. By primitivity, there exists
n > m such that am occurs in σ[m,n)(a′n). Thus σ[0,m)(am) and a fortiori also u is a
factor of w′ and, hence, L(w) ⊆ L(w′). Exchanging the roles of w and w′ we can
therefore conclude that L(w) = L(w′) which implies that Xw = Xw′ .

It remains to prove (iii). This follows if we can show that L(v) = L(w) for each
v ∈ Xw . This in turn holds if each factor of w occurs infinitely often in w with
bounded gaps, which we will now prove. Let u be a factor of w and let (an) be the
sequence of letters associated to w as above. Then u is a factor of σ[0,m)(am) for
some m. By primitivity, there exists n > m such that u is a factor of σ[0,n)(a) for
each a ∈ A. Sincew is an S-adic sequence,w = σ[0,n)(w(n)) holds for somew(n) ∈
AN. Thus u occurs in w infinitely often with gaps bounded by 2 max{|σ[0,n)(a)| :
a ∈ A}. �

If σ is a primitive sequence of substitutions, assertion (ii) of this proposition
implies that Xσ = Xw and, hence, (Xσ ,Σ) = (Xw,Σ) for w being an arbitrary
S-adic sequence with directive sequence σ . Since we will assume primitivity
throughout the remaining part of the paper we will always work with Xσ .

3.5.2 Recurrence, Weak Convergence, and Unique Ergodicity

The next concept we introduce is recurrence. Let S be a finite set of substitutions. If
we take a random sequence of substitutions σ ∈ SN whose elements are taken from
a finite set S we will almost always (w.r.t. any natural measure on the space SN) get
a sequence σ each of whose patterns occurs infinitely often. This infinite repetition
of patterns is made precise in the following definition.

6Only the first letter an in the argument of σ[0,n) is relevant for the limit. However, since we use
the topology on AN and σ[0,n)(an) �∈ AN we have to write σ[0,n)(anan . . .).
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Definition 3.5.4 (Recurrence) A sequence M = (Mn) of integer matrices is
called recurrent if for each m ∈ N there is n ≥ 1 such that (M0, . . . ,Mm−1) =
(Mn, . . . ,Mn+m−1). A sequence σ = (σn) of substitutions is called recurrent if for
each m ∈ N there is n ≥ 1 such that (σ0, . . . , σm−1) = (σn, . . . , σn+m−1).

Note that recurrence of a sequence of substitutions σ implies that each block
of substitutions that occurs once in σ must occur infinitely often (the same is
true for sequences of matrices). Thus recurrence of (σn)n∈N implies recurrence of
(σm+n)n∈N for each m ∈ N and an analogous statement holds for sequences of
matrices. We also emphasize that a nonrecurrent sequence of substitutions may well
have a recurrent sequence of incidence matrices. This is due to the fact that two
different substitutions can have the same incidence matrix.

We now study consequences of primitivity and recurrence. We start with the
following result which follows from contraction properties of the Hilbert metric,
a metric on projective space that goes back to Birkhoff [55] and Furstenberg [84,
pp. 91–95] (we mention [81, Appendix A] and [125, Chapter 26] as more recent
references). A special case of this result is stated in Sect. 3.2, see (3.14).

Proposition 3.5.5 Let M = (Mn) be a primitive and recurrent sequence of
nonnegative integer matrices. Then there is a vector u ∈ R

d
>0 satisfying

⋂

n≥0

M[0,n)Rd
≥0 = R+u. (3.26)

Proof To prove this result we define a metric on the space W = {R+w : w ∈
R
d
≥0 \ {0}} of nonnegative rays through the origin by (see [81, Appendix A])

dW(R+v,R+w) = max
1≤i,j≤d log

viwj

vjwi

,

where v = (v1, . . . , vd) and w = (w1, . . . , wd). It can be checked by direct
calculation that this is a metric on W which is the so-called Hilbert Metric (cf.
e.g. [81, Lemma A.5] or [125, Chapter 26]). Let diamW (A) be the diameter of a
set A ⊂ W w.r.t. this metric. Then diamW (W) = ∞ and diamW (MW) < ∞ for
every positive matrix M . It follows from the definitions that a nonnegative matrix
M is nonexpanding in the sense that dW(MR+v,MR+w) ≤ dW (R+v,R+w) for
all R+v,R+w ∈ W . Moreover, one can show that each positive matrix M is a
contraction, i.e., there is κ < 1 (depending onM) such that dW(MR+v,MR+w) ≤
κ dW(R+v,R+w) for all R+v,R+w ∈ W (see for instance [55] or [125, Proposi-
tion 26.3] for a proof of this).

We now apply these contraction properties to our setting. Since M is primitive
and recurrent, there exists a positive matrix B and an integer h > 0 such that B =
M[mi,mi+h) for a sequence of positive integers (mi)i≥0 satisfying mi + h ≤ mi+1.
By the preceding paragraph we get that diamW (BW) = γ for some γ > 0 and
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that B is a contraction with some contraction factor κ < 1. Thus for each m ∈
{mi + h,mi+1 + h− 1} we have

diamW

( ⋂

0≤n≤m
M[0,n)Rd

≥0

)
≤ γ κi.

Since κ < 1 and i →∞ for m→∞ this yields the result. Positivity of the entries
of u follows from the primitivity of M. �

This result motivates the following definition.

Definition 3.5.6 (Weak Convergence and Generalized Right Eigenvector) If a
sequence of nonnegative integer matrices satisfies (3.26) for some u ∈ R

d
≥0 \ {0}

we say that M is weakly convergent to u. In this case we call u a generalized right
eigenvector of M. If a sequence σ of substitutions has a sequence of incidence
matrices M which is weakly convergent to u, we say that σ is weakly convergent to
u and call u a generalized right eigenvector of σ .

Our next goal is to establish unique ergodicity of S-adic systems with primitive
and recurrent directive sequences. We start with a fundamental definition (and refer
to [126, §6.5] for background material on this).

Definition 3.5.7 (Unique Ergodicity) A topological dynamical system (X, T ) on
a compact space X is said to be uniquely ergodic if there is a unique T -invariant
Borel probability measure on X.

By a theorem of Krylov and Bogoliubov (see e.g. [126, Corollary 6.9.1]) there
always exists an invariant probability measure on (X, T ) if X is compact.

A uniquely ergodic dynamical system is ergodic (thus the name) since otherwise
there would be a T -invariant set E with μ(E) ∈ (0, 1) which could be used to
define a second T -invariant Borel probability measure ν(B) = μ(B∩E)

μ(E)
on X.

Unique ergodicity is equivalent to the fact that each point is generic in the sense that
Birkhoff’s ergodic theorem holds everywhere (cf. [126, Theorem 6.19]). Roughly
speaking, this is true since nongeneric points (as for instance periodic points) could
be used to construct a second invariant measure.

We note that unique ergodicity is close to minimality in the sense that there are
many dynamical systems that either enjoy both or none of the two properties. If
(X, T ) is uniquely ergodic with T -invariant measure μ having full support then
minimality follows. However, there are examples of systems that have only one
of these two properties. For a discussion of such examples in a context similar to
ours see [78] and the references given there. What happens for these examples is
that although we have a primitive sequence of matrices (leading to minimality) this
primitivity is so weak that it does not make the positive cone converge to a single line
as in (3.26). This entails that no letter frequencies exist which permits to construct
many invariant measures (see also [53, 54, 81]).

It has been mentioned already in Sect. 3.2 that the existence of uniform frequen-
cies of letters and words in a shift (Xw,Σ) entail unique ergodicity. We want to
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give the elegant proof of this result here before we use it in order to establish unique
ergodicity of primitive and recurrent S-adic systems. To this matter we need the
following definition (see Lemma 3.2.9 for the special case of Sturmian sequences).

Definition 3.5.8 (Uniform Word and Letter Frequencies) Let w = w0w1 . . . ∈
AN be given and for each k,  ∈ N and each v ∈ A∗ let |wk . . . wk+−1|v be the
number of occurrences of v in wk . . . wk+−1. We say that w has uniform word
frequencies if for each v ∈ A∗ the ratio |wk . . . wk+−1|v/ tends to a limit fv(w)
(which does not depend on k) for  → ∞ uniformly in k. It has uniform letter
frequencies if this is true for each v ∈ A.

Proposition 3.5.9 (See [82, Proposition 5.1.21]) Let w ∈ AN be a sequence with
uniform word frequencies and let Xw = {Σkw : k ∈ N} be the shift orbit closure
of w. Then (Xw,Σ) is uniquely ergodic.

Proof For every factor v of w = w0w1 . . . let [v] be the cylinder of all sequences
in Xw that have v as a prefix. Define a function μ on these cylinders by μ([v]) =
μ(Σ−n[v]) = fv(w). Since cylinders generate the topology on Xw this defines a
Borel measure μ on Xw. Our goal is to show that every element of Xw is generic in
the sense of Birkhoff’s ergodic theorem. To this end note first that (here 1Y denotes
the characteristic function of a set Y ⊂ Xw)

1

N

∑

n<N

1[v](Σn+jw)→ μ([v]) =
∫

1[v]dμ

holds uniformly in j ∈ N for every v ∈ A∗ by the existence of uniform
word frequencies for w. Since continuous functions are monotone limits of simple
functions this extends to

1

N

∑

n<N

g(Σn+jw)→
∫
gdμ (3.27)

uniformly in j ∈ N for each g ∈ C(Xw). By this uniform convergence, in (3.27) we
may choose j = nk with any sequence (nk) and (3.27) holds uniformly in k. Since
each u ∈ Xw is the limit of (Σnkw) for some sequence (nk) this implies that

1

N

∑

n<N

g(Σnu)→
∫
gdμ

holds for each g ∈ C(Xw) and each u ∈ Xw . Thus each point is generic in the sense
of Birkhoff’s ergodic theorem which is equivalent to unique ergodicity (by [126,
Theorem 6.19] which was already mentioned above). �

We now show that the conditions we introduced so far imply unique ergodicity of
S-adic systems. In view of Proposition 3.5.9 we will establish the following lemma
(see also [44, Theorem 5.7]).
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Lemma 3.5.10 Let σ be a sequence of substitutions with associated sequence of
incidence matrices M. If M is primitive and recurrent then each sequence w ∈ Xσ

has uniform word frequencies.

Proof Let w = w0w1 . . . ∈ Xσ be given. We follow the proof of [44, Theorem 5.7]
to establish that w has uniform word frequencies.

Part 1: Uniform Letter Frequencies Since M satisfies the conditions of
Proposition 3.5.5, it admits a generalized right eigenvector u. Let u/‖u‖1 =
(u1, u2, . . . , ud)

t . Since w ∈ Xσ , for all k, , n ∈ N we can write

wk . . . wk+−1 = pσ[0,n)(v)s

for some p, v, s ∈ A∗, where the lengths of p, s are bounded by the number
max{|σ[0,n)(a)| : a ∈ A}. Now for each a ∈ A
∣
∣
∣∣
|wk . . . wk+−1|a


− ua

∣
∣
∣∣ ≤

∣∣|p|a − |p|ua
∣∣


+

∣
∣|σ[0,n)(v)|a − |σ[0,n)(v)|ua

∣
∣


+

∣
∣|s|a − |s|ua

∣
∣


.

(3.28)

By the convergence of the positive cone to u in Proposition 3.5.5 we know that
|σ[0,n)(b)|a/|σ[0,n)(b)| is close to ua for all a, b ∈ A if n is large. Thus for each
ε > 0 there is N ∈ N such that whenever  ≥ N we can choose n in a way
that |p|, |s| ≤ ε and

∣
∣|σ[0,n)(b)|a − |σ[0,n)(b)|ua

∣
∣ < ε|σ[0,n)(b)| for all letters

a and b. This proves that the right hand side of (3.28) is bounded by 3ε and,
hence, lim→∞ |wk . . . wk+−1|a/ = ua uniformly in k. Thus w has uniform letter
frequencies.

Part 2: Uniform Word Frequencies For m ∈ N let u(m) be a right eigenvector of
the shifted sequence σ (m) = (σm+n)n∈N and set u(m)/‖u(m)‖1 = (u

(m)
1 , . . . , u

(m)
d ).

Such an eigenvector exists by Proposition 3.5.5 since the shifted sequence σ (m) has
a primitive and recurrent sequence of incidence matrices as well.

Fix v ∈ Lσ . We claim that for each m ∈ N and each w(m) = w
(m)
0 w

(m)
1 . . . ∈

Xσ (m) we have

lim
j→∞

∑q+j−1
i=q |σ[0,m)(w(m)

i )|v
|σ[0,m)(w(m)

q . . . w
(m)
q+j−1)|

=
∑

a∈A u
(m)
a |σ[0,m)(a)|v

∑
a∈A u

(m)
a |σ[0,m)(a)|

=: g(v,m) (3.29)
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uniformly in q ∈ N. This claim follows because, since w(m) has uniform letter
frequencies (u(m)1 , . . . , u

(m)
d ) by Part 1, we get that

lim
j→∞

|σ[0,m)(w(m)
q . . . w

(m)
q+j−1)|

j
=

∑

a∈A
u(m)a |σ[0,m)(a)| and

lim
j→∞

∑q+j−1
i=q |σ[0,m)(w(m)

i )|v
j

=
∑

a∈A
u(m)a |σ[0,m)(a)|v

uniformly in q ∈ N.
Now we proceed similarly to Part 1. First define

m+n = max{|σ[0,n)(a)| : a ∈ A} and m−n = min{|σ[0,n)(a)| : a ∈ A},

and observe that primitivity of σ implies that both of these quantities tend to∞ for
n→∞. For each n ∈ N choose a fixed w(n) = w

(n)
0 w

(n)
1 . . . ∈ Xσ (n) . As w ∈ Xσ ,

for all k,  ∈ N we can write

wk . . . wk+−1 = pσ[0,n)(w(n)
q . . . w

(n)
q+r−1)s

for some q, r ∈ N, where the lengths of p, s ∈ A∗ are bounded by m+n . There are
three possibilities for an occurrence of v in wk . . . wk+−1. Firstly, v can overlap
with p or s. This can happen at most 2m+n times. Secondly, v can have nonempty

overlap with the images σ[0,n)(w(n)
i ) and σ[0,n)(w(n)

i+1) of two consecutive letters

w
(n)
i and w

(n)
i+1 of w(n)

q . . . w
(n)
q+r−1. This can happen at most |v|(r − 1) ≤ |v| 

m−n
times. Thirdly, v can occur as a factor of σ[0,n)(w(n)

i ) for some i ∈ {q, . . . , q +
r − 1} which happens exactly

∑q+r−1
i=q |σ[0,n)(w(n)

i )|v times. Each of these three
possibilities contributes one of the summands of the right hand side of the estimate

∣
∣∣
|wk . . . wk+−1|v


− g(v, n)

∣
∣∣ ≤ 2m+n


+ |v|
m−n

+
∣
∣
∣
∣

∑q+r−1
i=q |σ[0,n)(w(n)

i )|v


− g(v, n)

∣
∣
∣
∣.

(3.30)

Letting →∞ and using (3.29) for the third term on the right this yields that

lim sup
→∞

∣
∣
∣
|wk . . . wk+−1|v


− g(v, n)

∣
∣
∣ ≤ |v|

m−n
. (3.31)

Since for n → ∞ the quantity |wk...wk+−1|v


does not change while |v|
m−n
→ 0 we

conclude from (3.31) that (g(v, n))n∈N is a Cauchy sequence converging to the
frequency fv(w) of v in w. Since |v|

m−n
does not depend on k and the convergence
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in (3.29) is uniform in q , the estimate (3.30) implies that |wk...wk+−1|v


→ fv(w) for
→∞ uniformly in k and the proof is finished. �

The following main result of this section is an immediate consequence of
Propositions 3.5.3, 3.5.9, and Lemma 3.5.10.

Theorem 3.5.11 Let σ be a sequence of substitutions with associated sequence of
incidence matricesM. IfM is primitive and recurrent then (Xσ ,Σ) is minimal and
uniquely ergodic.

A proof of a similar result as Theorem 3.5.11 is sketched in Berthé and
Delecroix [44]. Moreover, we refer to Fisher [81] and Bezuglyi et al. [53, 54], where
theorems of this flavor are proved in the context of Bratteli-Vershik systems.

Example 3.5.12 We associate substitutions with the matrices M1, M2, and M3 that
came up in (3.23) during the definition of Brun’s continued fraction algorithm.
Indeed, the substitutions

σ1 :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 3,

2 �→ 1,

3 �→ 23,

σ2 :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 1,

2 �→ 3,

3 �→ 23,

σ3 :

⎧
⎪⎪⎨

⎪⎪⎩

1 �→ 1,

2 �→ 23,

3 �→ 3.

(3.32)

are called Brun substitutions (see [52, Sections 3.3 and 9.2] where also the relation
between these substitutions and a slightly different set of “Brun substitutions”
studied in [42] is discussed).

It is immediate that M1M2M1M2 is a strictly positive matrix. Thus we get the
following result.

Proposition 3.5.13 Let S = {σ1, σ2, σ3} be the set of Brun substitutions and σ ∈
SN. If σ is recurrent and contains the block (σ1, σ2, σ1, σ2) then the associated S-
adic system (Xσ ,Σ) is minimal and uniquely ergodic.

Proof Since σ is recurrent it contains the block (σ1, σ2, σ1, σ2) infinitely often.
Thus σ is primitive and the result follows from Theorem 3.5.11. �

3.6 The Importance of Balance and Algebraic Irreducibility

Let σ be a sequence of unimodular substitutions over an alphabetA = {1, 2, . . . , d}
and let (Xσ ,Σ) be the S-adic system defined by it. At the end of Sect. 3.2.4 we gave
some rough idea on how we want to prove that (Xσ ,Σ) is measurably conjugate
to a rotation on T

d−1. Indeed, we wish to project the broken line (see (3.17) for
an example) associated with a limit sequence w ∈ Xσ to a hyperplane in R

d not
containing the frequency vector u of the sequences in Xσ . On a natural subdivision
R(1), . . . ,R(d) of the closure R of this projection we want to define a domain
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exchange and a rotation. This is possible only if the sets R(i), i ∈ A, have suitable
topological properties and the mentioned subdivision has no essential overlaps.

In the present section we will define these sets R and R(i), i ∈ A, and discuss
basic properties of them. Besides primitivity and recurrence, the crucial conditions
we will have to impose on σ in order to get suitable properties of the sets R and
R(i) will be algebraic irreducibility of the sequence of incidence matrices of σ

and balance of the language Lσ . Both of these conditions will be defined and
first consequences of them will be discussed. This paves the way to obtain deeper
topological and measure theoretic properties of R and R(i) in Sect. 3.7. The theory
we will outline in the present as well as in the forthcoming sections is mainly due
to Berthé et al. [52] and we refer to this paper for rigorous proofs of the statements
we give.

3.6.1 S-adic Rauzy Fractals

Following Berthé et al. [52, Section 2.9] we will now define S-adic Rauzy fractals.
As mentioned before, on these objects we will be able to “see” the rotations to which
we want to (measurably) conjugate our S-adic systems. In the definition we will use
the following notations. For a vector w ∈ R

d \ {0} we write w⊥ for the hyperplane
orthogonal to w, i.e., w⊥ = {x ∈ R

d : 〈x,w〉 = 0} with 〈·, ·〉 being the dot product
on R

d , and we equip the space w⊥ with the (d − 1)-dimensional Lebesgue measure
λw. Since its orthogonal hyperplane will be of special interest later we introduce the
vector 1 = (1, . . . , 1)t .

For vectors u,w ∈ R
d \ {0} satisfying u �∈ w⊥ we denote the projection along u

to w⊥ by πu,w.

Definition 3.6.1 (S-adic Rauzy Fractal and Subtiles) Let σ be a sequence
of unimodular substitutions over the alphabet A and assume that σ is weakly
convergent to a generalized right eigenvector u ∈ R

d
>0. The S-adic Rauzy fractal

in the representation space w⊥, w ∈ R
d
≥0 \ {0}, associated with σ is the set

Rw := {πu,wl(p) : p is a prefix of a limit sequence of σ }.

The set Rw can be covered by the subtiles

Rw(i) := {πu,wl(p) : pi is a prefix of a limit sequence of σ } (i ∈ A).
(3.33)

For convenience we will use the notation R(i) = R1(i) and R = R1.

The prototype of a Rauzy fractal goes back to Rauzy [114] and was used
there in order to show that a certain substitutive dynamical system is measurably
conjugate to a rotation on the torus, see Example 3.6.2 below. In the meantime
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there exists a vast literature on Rauzy fractals. For constant sequences σ = (σ )

with σ being a Pisot substitution fundamental properties of Rauzy fractals were
studied for instance by Ito and Kimura [89], Holton and Zamboni [86], Arnoux
and Ito [18], Canterini and Siegel [61], Sirvent and Wang [124], Hubert and
Messaoudi [88], and Ito and Rao [91]. Akiyama [2, 3] and Messaoudi [103, 104]
consider versions of Rauzy fractals for β-numeration, in Siegel [122], Minervino
and Thuswaldner [106], and Minervino and Steiner [105] Rauzy fractals with p-adic
factors are related to nonunimodular substitutions. For versions of Rauzy fractals
corresponding to substitutions with reducible incidence matrices (whose most
prominent representative is the so-called “Hokkaido Fractal” studied by Akiyama
and Sadahiro [5]) we refer to [3, 75, 100]. A case of a non-Pisot substitution is
treated in [16]. Surveys containing information on Rauzy fractals are provided in
[51, 123] (see also [4] for their relation to the Pisot substitution conjecture). An
easily accessible treatment of Rauzy fractals intended for a broad audience is given
in [17].

Recently, Boyland and Severa [57] considered a particular family of S-adic
sequences associated with the so-called infimax S-adic family over three letters.
These sequences do not fit into our framework. Indeed, they have two “expanding
directions” which entails that the authors have to project on a 1-dimensional
subspace of R3 in order to obtain compact Rauzy fractals. Their Rauzy fractals turn
out to be Cantor sets which can be subdivided naturally into three subtiles whose
convex hulls are intervals that intersect on their boundary points. This fact is used to
show that the infimax S-adic systems can be geometrically represented as 3-interval
exchange transformations.

In what follows, instead of “S-adic Rauzy fractal” we will often just say “Rauzy
fractal”. This will cause no confusion. To give the reader a feeling for a Rauzy fractal
and its importance in the remaining part of this chapter we provide an example.

Example 3.6.2 (Tribonacci Substitution) We explain the definition of a Rauzy
fractal for the constant sequence σ = (σ )n∈N with σ being the Tribonacci
substitution introduced in (3.20). The sequence σ is easily checked to be primitive
and obviously it is recurrent. Thus it admits a generalized right eigenvector u which
is just the Perron-Frobenius eigenvector of Mσ . Since each of the words σ(1), σ(2),
and σ(3) begins with 1 the only limit sequence of (σ ) is given by

w = lim
n→∞ σn(1) = 1213121121312121312112131213121 . . .

and, hence, Rw := {πu,wl(p) : p is a prefix of w} for w ∈ R
d
≥0 \ {0}. In Fig. 3.11

we illustrate the definition of Ru and its subtiles (we choose w = u in this case
so the occurring projection πu,u is an orthogonal projection). As mentioned before,
this famous prototype of a Rauzy fractal first appears in Rauzy [114].

For this example it is known since Rauzy [114] that one can define a rotation
on the Rauzy fractal using the broken line. This can be used to prove that the
substitutive system (X(σ),Σ) is measurably conjugate to a rotation on T

2. We want
to give an idea on how this works without going into the details. To this end it is
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Fig. 3.11 The broken line and its projection to u⊥ defining the Rauzy fractal Ru for the case of the
Tribonacci substitution (note that only the vertices of the broken line are projected; not the whole
edges). Each of the three subtiles Ru(i) is shaded differently. The shaded triangle represents a part
of the plane u⊥ in which Ru is situated

convenient to work with R = R1 and its subtiles. It was shown in [114] that each
of the three subtiles R(i), i ∈ {1, 2, 3}, is a compact subset of the space 1⊥ which
is equal to the closure of its interior and has a boundary of λ1-measure 0. Moreover,
it is proved that these subtiles are pairwise disjoint apart from overlaps on their
boundaries. Thus we can almost everywhere define a “domain exchange” E in the
following way. If we set

R̃(i) := {πu,1l(pi) : pi is a prefix of w} (i ∈ {1, 2, 3})

we see from the definition of R(i) that R̃(i) = R(i) + πu,1l(i) (recall that w is
the only limit sequence of σ ). As the Lebesgue measure λ1 doesn’t change under
translation and we still have that R = R̃(1)∪R̃(2)∪R̃(3) also the translated pieces
only overlap on a set of measure 0. The domain exchange

E : R→ R; x �→ x+ πu,1l(i) for x ∈ R(i)

is thus well defined almost everywhere and it moves R(i) to R̃(i) for each i ∈
{1, 2, 3}. By what was said above, E is an almost everywhere bijective symmetry.
The effect of E on the points of R is illustrated in Fig. 3.12. As in the Sturmian case
discussed in Sect. 3.2.4, each step on the broken line performs the domain exchange
on R.

The problem that remains is the transition from the domain exchange to the
rotation. In the Sturmian case this was achieved by identifying the endpoints of an
interval. Here things become more complicated as intervals are replaced by fractals
and we have to make identifications on ∂R.

To settle this, Rauzy [114] proved that R forms a fundamental domain of the
lattice

Λ = (πu,1l(1)− πu,1l(2))Z⊕ (πu,1l(1)− πu,1l(3))Z,
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Fig. 3.12 The domain exchange on the classical Rauzy fractal associated with the Tribonacci
substitution: the bright domain R(1) is translated by πu,1l(1), the darker domain R(2) is translated
by πu,1l(2), and finally the darkest domain R(3) is translated by πu,1l(3). The union of the
translated domains gives R again

i.e., it forms a tiling of 1⊥ when translated by elements of Λ. Thus R can be
seen as a subset of the 2-torus 1⊥/Λ and since it is a fundamental domain of Λ it
covers the torus without overlaps (apart from the boundary). This gives the desired
identifications on ∂R. If we look at the domain exchange on this torus we see that
πu,1l(i) ≡ πu,1l(j) (mod Λ) holds for i, j ∈ {1, 2, 3}. Thus on this torus all the
translations performed by the domain exchange E become the same and, hence, on
the torus the mapping E induces a rotation by πu,1l(1). One can show (by defining
a suitable “representation map” for the elements of X(σ) on the torus 1⊥/Λ) that
(X(σ),Σ) is measurably conjugate to (1⊥/Λ,+πu,1l(1)), which is a rotation on
the 2-torus. We also refer to [52, Section 8] where rigorous arguments are given in
a general context (a sketch of these arguments is provided in Sect. 3.9.2 below).

In the preceding example various properties of the Rauzy fractal were needed
in order to get the measurable conjugacy between the substitutive system and the
rotation. Our aim is to establish these conditions for S-adic Rauzy fractals under a
set of natural conditions. Since tiling properties of S-adic Rauzy fractals will play
an important role we will now define some collections of Rauzy fractals that will
later be shown to provide tilings in the following sense.

Definition 3.6.3 (Multiple Tiling and Tiling) A collection K of subsets of a
Euclidean space E is called a multiple tiling of E if each element of K is a compact
set which is equal to the closure of its interior, and if there is m ∈ N such that almost
every point (w.r.t. Lebesgue measure) of E is contained in exactly m elements of K.
If m = 1 then a multiple tiling is called a tiling.

The collections of tiles we need in our setting are defined in terms of so-called
discrete hyperplanes. These objects were first defined and studied in the context
of theoretical computer science (see [115] and later [7, 93]) and have interesting
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connections to generalized continued fraction algorithms (cf. e.g. [45, 79, 80, 90,
92]). The formal definition reads as follows. Pick w ∈ R

d≥0 \ {0}, then (setting
ei = l(i) for i ∈ A)

Γ (w) = {[x, i] ∈ Z
d ×A : 0 ≤ 〈x,w〉 < 〈ei ,w〉}.

This has a geometrical meaning: if we interpret the symbol [x, i] ∈ Z
d × A as the

hypercube or “face”

[x, i] =
{
x+

∑

j∈A\{i}
λj ej : λj ∈ [0, 1]

}
, (3.34)

the set Γ (w) turns into a “stepped hyperplane” that approximates w⊥ by hyper-
cubes. In Fig. 3.13 this is illustrated for two cases: for a rational vector w, which
leads to a periodic pattern and for an irrational vector w which yields an aperiodic
one. A finite subset of a discrete hyperplane will often be called a patch.

Using the concept of discrete hyperplane we define the following collections
of Rauzy fractals. Let σ be a sequence of substitutions with generalized right
eigenvector u ∈ R

d
>0 and choose w ∈ R

d
≥0 \ {0}. Then, following [52, Section 2.10],

we set

Cw = {πu,wx+Rw(i) : [x, i] ∈ Γ (w)}. (3.35)

As mentioned above, we will see that each of these collections forms a tiling of the
space w⊥ under natural conditions. A special role will be played by the collection
C1 which will give rise to a periodic tiling of 1⊥ by lattice translates of the Rauzy
fractal R.

Fig. 3.13 Examples of stepped planes. On the left hand side the stepped plane Γ (1), on the right
hand side Γ (u) with u as in Example 3.6.2. Since 1 is rational the stepped plane Γ (1) is periodic,
while the irrationality of u leads to an aperiodic structure in Γ (u)
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3.6.2 Balance, Algebraic Irreducibility, and Strong
Convergence

Let (Xσ ,Σ) be an S-adic system. As we mentioned already, the associated Rauzy
fractals can be used to prove that (Xσ ,Σ) is measurably conjugate to a rotation on
a torus provided that they have suitable properties. In the present section we will
discuss two conditions that have to be imposed on σ in order to guarantee that each
of the associated Rauzy fractals Rw, w ∈ R≥0 \ {0}, as well as each of their subtiles
Rw(i), i ∈ A, is a compact set that is the closure of its interior and has a boundary
of zero measure λw.

The first property is balance and as we will see immediately it entails com-
pactness of Rw and its subtiles (see e.g. [1, 44] or [52, Section 2.4] for similar
definitions).

Definition 3.6.4 (Balance) Let A be an alphabet and consider a pair of words
(u, v) ∈ A∗ ×A∗ of the same length. If there is C > 0 such that

∣
∣|v|i − |u|i

∣
∣ ≤ C

holds for each letter i ∈ A, the pair (u, v) is called C-balanced. A languageL ⊂ A∗
is called C-balanced if each pair (u, v) ∈ L × L with |u| = |v| is C-balanced. It is
called finitely balanced if it is C-balanced for some C > 0.

In Definition 3.2.3 and in Sect. 3.3.2 we defined balance of an infinite sequence
and applied this notion to Sturmian sequences as well as to Arnoux-Rauzy
sequences. For a general S-adic system (Xσ ,Σ) it is more convenient to look
at balance of the associated language Lσ since there might be more than one
limit sequence associated with the given directive sequence σ . Of course, by
Proposition 3.5.3(ii) primitivity of σ implies that each of these limit sequences has
the language Lσ of factors.

The following result goes back essentially to [1, Proposition 7] and, in the form
we present it here, is contained in [52, Lemma 4.1] (in fact, the conditions that are
imposed on σ in that paper are slightly weaker than ours).

Proposition 3.6.5 Let σ be a primitive and recurrent sequence of unimodular
substitutions. Then Rw and each of its subtiles is compact for each w ∈ R

d
≥0 \ {0}

if and only if Lσ is finitely balanced.

Proof Since Rw as well as each of its subtiles is closed by definition it suffices to
prove that

Rw is bounded for each w ∈ R
d≥0 \ {0} ⇐⇒ Lσ is finitely balanced.

(3.36)

We start with proving (3.36) for the case w = 1 and follow [52]. Let u be a
generalized right eigenvector for σ which exists by Proposition 3.5.5.

If R is bounded then there is C > 0 such that ‖πu,1l(p)‖∞ ≤ C for
each prefix of a limit sequence of σ . Let u, v ∈ Lσ be of equal length. Then,
by primitivity these words are factors of a limit sequence which entails that
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‖πu,1l(u)‖∞, ‖πu,1l(v)‖∞ ≤ 2C. As l(u)− l(v) ∈ 1⊥ this yields ‖l(u)− l(v)‖∞ =
‖πu,1l(u)− πu,1l(v)‖∞ ≤ 4C and, hence, Lσ is 4C-balanced.

Assume now that Lσ is C-balanced and let w be a limit sequence of σ . Let p
be a prefix of w and write w = v0v1 . . . where vk ∈ A∗ with |vk| = |p| for each
k ≥ 0. By C-balance, ‖πu,1l(vk) − πu,1l(p)‖∞ ≤ C for each k ∈ N and, hence,∥
∥ 1
n

∑n−1
k=0 πu,1l(vk)−πu,1l(p)

∥
∥∞ ≤ C for each n ∈ N. By Lemma 3.5.10 (see proof

of Part 1), the letter frequencies of w are given by the entries of the vector u/‖u‖1
which implies that limn→∞ 1

n

∑n−1
k=0 πu,1l(vk) = 0 and thus

‖πu,1l(p)‖∞ =
∥
∥
∥
∥ lim
n→∞

1

n

n−1∑

k=0

πu,1l(vk)− πu,1l(p)

∥
∥
∥
∥∞
≤ C.

This finishes the proof of (3.36) for the case w = 1. The full statement (3.36)
follows from this because Rw = πu,wR, which implies that R is bounded if and
only if Rw is bounded for each w ∈ R

d
≥0 \ {0}. �

Our next aim is to make sure that Rw(i) has nonempty interior for each w ∈
R
d
≥0 \ {0} and each i ∈ A. This will require much more work. In a first step

observe that we have no hope to get nonempty interior if u has coordinates which are
rationally dependent, i.e., if there is x ∈ Z

d such that 〈x,u〉 = 0. Indeed, in this case
the set Rw is contained in a finite union of proper affine subspaces of w⊥. We wish
to exclude this case first. This is related to an irreducibility property (going back to
[52, Section 2.2]) of the underlying set of incidence matrices which we define now.

Definition 3.6.6 (Algebraic Irreducibility) Let M = (Mn) be a sequence of
nonnegative integer matrices. We say that M is algebraically irreducible if for each
m ∈ N there is n > m such that the characteristic polynomial ofM[m,) is irreducible
for each  ≥ n.

A sequence σ of substitutions is called algebraically irreducible if it has a
sequence of incidence matrices which is algebraically irreducible.

Remark 3.6.7 For our purposes we can replace algebraic irreducibility by the
weaker condition that for each m ∈ N the matrix Mm is regular and there is n > m

such that M[m,) does not have 1 as eigenvalue for each  ≥ n. This condition is
easier to check than algebraic irreducibility.

However, since we will always have to assume balance in our setting all but
the dominant eigenvalue of large blocks M[m,) should be inside the closed unit
disk anyway (cf. also the definition of the Pisot condition in (3.59)). Thus this new
condition is not essentially weaker than algebraic irreducibility. For this reason we
work with algebraic irreducibility in the sequel.

Together with other properties, algebraic irreducibility of σ implies rational
independence of the right eigenvector. We announce this in the following lemma,
whose elegant proof is taken from [52, Lemma 4.2].
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Lemma 3.6.8 Let σ be an algebraically irreducible sequence of substitutions with
finitely balanced languageLσ that admits a generalized right eigenvector u ∈ R

d≥0\{0}. Then u has rationally independent coordinates.

Proof The proof is done by contradiction. Assume that u has rationally dependent
coordinates. Then there is x ∈ Z

d \ {0} such that 〈x,u〉 = 0. This implies that
〈(M[0,n))tx, ei〉 = 〈x,M[0,n)ei〉 = 〈x, lσ[0,n)(i)〉 = 〈x, πu,1lσ[0,n)(i)〉 is uniformly
bounded in i ∈ A and n ∈ N by balance of Lσ . Thus (M[0,n))tx ∈ Z

d is bounded
and, hence, there exists an integer k and infinitely many  > k with (M[0,k))tx =
(M[0,))tx. Multiplying by ((M[0,k))t )−1 we see that x is an eigenvector of (M[k,))t
with eigenvalue 1. Since  can be chosen arbitrarily large this contradicts algebraic
irreducibility. �

In Definition 3.5.6 the concept of weak convergence of a sequence of matrices
is introduced. In what follows, we will need a stronger form of convergence, viz.
strong convergence. If we look back to Lemma 3.2.12 we see that the cascade of
inductions we perform on the interval leads to smaller and smaller intervals (that are
blown up by renormalization) whose lengths tend to 0. To get an analogous behavior
on S-adic Rauzy fractals we need to introduce a certain subdivision on them whose
pieces have a diameter that tends to zero. It will turn out that strong convergence is
the right condition to guarantee this behavior. We thus recall the definition of strong
convergence which is well known in the theory of generalized continued fraction
algorithms (see e.g. [119, Definition 19]) and then derive it from the conditions we
introduced so far.

Definition 3.6.9 (Strong Convergence) We say that a sequence M = (Mn) of
nonnegative integer matrices is strongly convergent to u ∈ R

d
≥0 \ {0} if

lim
n→∞πu,1M[0,n)ei = 0 for all i ∈ A.

If σ has a strongly convergent sequence of incidence matrices we say that σ is
strongly convergent.

The difference between weak and strong convergence is explained and illustrated
in Fig. 3.14: while weak convergence of vectors can be seen on the unit ball, strong
convergence takes place at their end points.

M[0,n) e1

M[0,n) e2
u

Fig. 3.14 The sequence M = (Mn) of matrices is weakly convergent, if the intersections of
M[0,n)ei with the unit ball converge to the intersection of the generalized right eigenvector u with
the unit ball. It is strongly convergent, if the minimal distance of the point M[0,n)ei to the ray R+u
converges to zero for each i ∈ A. Summing up: weak convergence takes place on the unit ball
while strong convergence concerns the end points of the vectors
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The following result on strong convergence will be needed in the sequel. It is the
content of [52, Proposition 4.3].

Proposition 3.6.10 Let σ be a primitive, algebraically irreducible, and recurrent
sequence of substitutions with finitely balanced language Lσ . Then

lim
n→∞ sup{‖πu,1M[0,n)l(v)‖∞ : v ∈ L(n)

σ } = 0.

By primitivity this implies that σ is strongly convergent.

The proof of this result is quite tricky. We give a sketch to illustrate the ideas and
refer to [52, Proposition 4.3] for details.

Proof (Sketch) Let w be a limit sequence of σ . By primitivity we may apply Propo-
sition 3.5.3(ii) to the shifted sequence (σn, σn+1, σn+2, . . .). Thus the language L(n)

σ

is equal to the languageL(w(n)) of factors of the nth “desubstitution”w(n) ofw (see
(3.22)), i.e., each v ∈ L(n)

σ satisfies l(v) = l(p) − l(q), where p and q are prefixes
of w(n). Thus it suffices to prove

lim
n→∞ sup{‖πu,1M[0,n)l(p)‖∞ : p is a prefix of w(n)} = 0. (3.37)

Let (in) be the sequence of first letters of w(n) and choose ε > 0 arbitrary.
Define the sets Sn = {πu,1l(p) : p is a prefix of σ[0,n)(in)} and R̃ :=
{πu,1l(p) : p is a prefix of w}.

Then Sn → R̃ for n → ∞ in Hausdorff metric. Since, on the other hand,
πu,1M[0,n)l(p) + Sn ⊂ R̃ holds for each p ∈ A∗ such that pin is a prefix w(n)

we obtain

‖πu,1M[0,n)l(p)‖∞ < ε (3.38)

for each p ∈ A∗ such that pin is a prefixw(n) for a large enough n. We have to prove
(3.38) for arbitrary prefixes p of w(n). If N(p) = {n ∈ N : pin is a prefix of w(n)}
is infinite then (3.38) yields

lim
n∈N(p), n→∞‖πu,1M[0,n)l(p)‖∞ = 0. (3.39)

Using algebraic irreducibility and balance by some tricky arguments it is now
possible to find a set P of prefixes of w such that the abelianizations l(P ) contain a
basis of Rd and N(P) =⋂

p∈P N(p) is an infinite set (moreover, the elements of P
can by “synchronized” in a certain way by using the recurrence of σ ). This implies
that (3.39) is true for each p ∈ P when N(p) is replaced by N(P), i.e.,

lim
n∈N(P ), n→∞‖πu,1M[0,n)l(p)‖∞ = 0 (p ∈ P).
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Since l(P ) contains a basis of Rd we gain

lim
n∈N(P ), n→∞‖πu,1M[0,n)x‖∞ = 0 (x ∈ R

d). (3.40)

Using primitivity and recurrence again, Eq. (3.37) can be obtained using (3.38) and
(3.40). This again requires some work and we omit the details. �

3.7 Properties of S-adic Rauzy Fractals

Based on the results of the previous section we will now study deeper properties of
S-adic Rauzy fractals. In particular, the present section is devoted to the illustration
of the proof of the following result from Berthé et al. [52, Theorem 3.1 (ii)].

Theorem 3.7.1 Let S be a finite set of unimodular substitutions over a finite
alphabetA and let σ = (σn) be a primitive and algebraically irreducible sequence
of substitutions taken from the set S. Assume that there is C > 0 such that for every
 ∈ N there exists n ≥ 1 such that (σn, . . . , σn+−1) = (σ0, . . . , σ−1) and the
language L(n+)

σ is C-balanced.
Then each subtile R(i), i ∈ A, of the Rauzy fractal R is a nonempty compact

set which is equal to the closure of its interior and has a boundary whose Lebesgue
measure λ1 is zero.

Remark 3.7.2

(i) We can see that the assumptions of this theorem contain all the properties
we discussed in the previous subsections. We could have used the stronger
assumption that σ is primitive, recurrent, algebraically irreducible, and has C-
balanced language L(n)

σ for each n ∈ N. However, although this assumption
is more handy and holds for many natural examples it would lead to a
measure zero subset of the set of “all” sequences σ . The conditions we give
in Theorem 3.7.1 will turn out to be “generic” in the sense that they are true
for “almost all” sequences σ . All this will be made precise when we develop a
metric counterpart of our theory in Sect. 3.9.3.

(ii) Let σ be a substitution on the alphabet A. It is easy to prove that for each
C > 0 there is C′ > 0 such that σ(w) is C′-balanced for each C-balanced
sequence w ∈ AN. Applying this to the substitution σ = σ[0,n+) for some

n,  with balanced language L(n+)
σ we see that we can choose the constant C

in Theorem 3.7.1 in a way that also Lσ is C-balanced. We will always assume
that C is chosen in this way in the sequel.

(iii) We confine ourselves to finite sets S of substitutions to keep things as simple
as possible. With a bit more effort it is possible to generalize Theorem 3.7.1
to infinite sets S. This is of interest because infinite sets S correspond to
multiplicative continued fraction algorithms like the important Jacobi-Perron
algorithm or an acceleration of the Arnoux-Rauzy algorithm proposed recently
by Avila et al. [30]. This more general setting is treated in [52].
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Theorem 3.7.1 will enable us to study tiling properties of Rw and its subtiles
which will finally lead to the measurable conjugacy of (Xσ ,Σ) to a rotation.

The proof of Theorem 3.7.1 is quite long and technical and we refer to [52,
Section 6] for details. Our aim here is to illustrate the main ideas in a way that is
hopefully more accessible to a broader readership than the original research paper.
First we will establish a set equation for the subtiles Rw(i), i ∈ A, of Rw that
governs certain subdivisions of Rw(i). Using this set equation we will be able to
establish the properties of S-adic Rauzy fractals stated in Theorem 3.7.1.

Theorem 3.7.1 has a number of predecessors. For instance, Lagarias and
Wang [96] proved that each self-affine tile T is the closure of its interior and ∂T
has Lebesgue measure zero. For substitutive Rauzy fractals the according result was
proved by Sirvent and Wang [124]. However, in all these cases the sets have strong
self-affinity properties which are no longer present in our setting. We therefore need
new ideas and more efforts to get the desired results (in particular, the proof of the
fact that the boundary of an S-adic Rauzy fractal has measure zero will need quite
some work).

3.7.1 Set Equations for S-adic Rauzy Fractals and Dual
Substitutions

The first important tool in the proof of Theorem 3.7.1 will be a set equation for
the subtiles Rw(i), w ∈ R

d
≥0 \ {0} and i ∈ A, of a sequence σ of unimodular

substitutions as well as for related subtiles associated with “shifts” of σ . This set
equation equips the sets Rw(i) with a subdivision structure that is governed by σ .
We now give an idea on how this works.

Let σ = (σn) be a primitive and recurrent sequence of unimodular substitutions
over the alphabet A with generalized right eigenvector u ∈ R

d
>0 and choose w ∈

R
d
≥0 \ {0}. In all what follows, keep in mind the definition of the subtile Rw(i) from

(3.33). We choose a limit sequencew of σ and associate with it the sequence (w(n))

of its “desubstitutions” according to (3.22).
Consider the set {πu,wl(p) : pi is a prefix of w} and observe that by the

definition of a limit sequence each p ∈ A∗ for which pi is a prefix of w can be
written as p = σ0(p

′)p0 with p0i a prefix of σ0(j) for some j ∈ A and p′j some
prefix of w(1). Using this decomposition of p we obtain the decomposition

{πu,wl(p) : pi is a prefix of w} =
⋃

j∈A, p0∈A∗
σ0(j)=p0iA∗

{πu,wl(p0)+ πu,w(lσ0(p
′)) : p′j is a prefix of w(1)}.

(3.41)
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From (3.21) we see that lσ0(p
′) = M0l(p′). Moreover, direct calculation (see [52,

Lemma 5.2]) yields that πu,wM0 = M0πM−1
0 u,Mt

0w
. Inserting this in (3.41) we gain

{πu,wl(p) : pi is a prefix of w} =
⋃

j∈A, p0∈A∗
σ0(j)=p0iA∗

πu,wl(p0)+M0{πM−1
0 u,Mt

0w
l(p′) : p′j is a prefix of w(1)}.

Taking the union over all (finitely many, by Proposition 3.5.3) limit sequences of σ

and taking the closure we obtain by (3.33) that

Rw(i) =
⋃

j∈A, p0∈A∗
σ0(j)=p0iA∗

πu,wl(p0)+

M0{πM−1
0 u,Mt

0w
l(p′) : p′j is a prefix of some limit sequence of (σn+1)}.

(3.42)

We now inspect the closures in the union in (3.42). Looking at the definition of
subtiles in (3.33) we see that these are subtiles of the Rauzy fractal corresponding to
the shifted sequence (σn+1)n≥0 of σ . Indeed, it follows from Proposition 3.5.5 that
M−1

0 u is the right eigenvector of this shifted sequence. This motivates the following
definitions.

For k ∈ N let

π(k)u,w = π
M−1
[0,k)u,M

t
[0,k)w

, (3.43)

denote the subtiles of the shifted sequence of substitutions (σn+k)n∈N which live in
the hyperplane (Mt

[0,k)w)⊥ by

R(k)
w (i) := {π(k)u,wl(p′) : p′j is a prefix of some limit sequence of (σn+k)n∈N},

(3.44)

and set R(k)
w = ⋃

i∈AR(k)
w (i). Together with these notations (3.42) can be

generalized by using similar arguments as we used in its proof. The generalized
form of (3.42) reads as follows (for a detailed proof see [52, Proposition 5.6]).

Proposition 3.7.3 (The Set Equation) Let σ be a primitive and recurrent
sequence of unimodular substitutions with generalized right eigenvector u. Then for
each [x, i] ∈ Z

d ×A and every k,  ∈ N with k <  we have

π(k)u,wx+R(k)
w (i) =

⋃

[y,j ]∈E∗1 (σ[k,))[x,i]
M[k,)(π()u,wy+R()

w (j)), (3.45)
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where

E∗1 (σ )[x, i] = {[M−1
σ (x+ l(p)), j ] : j ∈ A, p ∈ A∗, pi prefix of σ(j)}.

(3.46)

The elements in the union on the right hand side of (3.45) are called the level
(−k) subtiles of π(k)u,wx+R(k)

w (i). The collection of all the elements in the union is

called the (− k)-th subdivision of π(k)u,wx +R(k)
w (i). This will often be applied for

the case k = 0. In Fig. 3.16 the set equation is illustrated for the situation discussed
in Example 3.7.8.

The dual geometric realization E∗1 (σ ) of a substitution σ defined in (3.46) will
turn out to be useful when we define so-called coincidence conditions in Sect. 3.8.2.
If we regard the pairs [x, i] as hypercubes as we did in (3.34) this dual also has a
geometric meaning. We explain this in the following example.

Example 3.7.4 Let σ be the Tribonacci substitution defined in (3.20). Then by direct
computation we see that E∗1 (σ ) is given by

E∗1 (σ )[0, 1] = {[0, 1], [0, 2], [0, 3]},
E∗1 (σ )[0, 2] = {[(0, 0, 1)t , 1]},
E∗1 (σ )[0, 3] = {[(0, 0, 1)t , 2]}

together with the obvious fact that E∗1 (σ )[x, i] = M−1
σ x + E∗1 (σ )[0, i]. One can

extend the definition of E∗1 (σ ) to subsets of Y ⊂ Z
d ×A in a natural way by setting

E∗1 (σ )Y =
⋃

[x,i]∈Y
E∗1 (σ )[x, i].

Using this extension we can then iterate E∗1 (σ ). The geometric interpretation of
E∗1 (σ )12[0, 1] is depicted in Fig. 3.15. It is not by accident that this image is a good
approximation of (an affine image of) the classical Rauzy fractal corresponding to σ
depicted in Fig. 3.12. In fact,E∗1 (σ ) can even be used to give an alternative definition
of R, see for example [18, 51].

The dual E∗1(σ ) and its higher dimensional generalizations have been investi-
gated thoroughly in connection with the study of substitutive dynamical systems and
their Rauzy fractals (see [18, 51, 74, 91, 100, 117]). We need a result of Fernique [79]
that shows howE∗1 (σ ) behaves with respect to discrete hyperplanes. Before we state
it we introduce some notation. Let σ be a sequence of substitutions with generalized
right eigenvector u ∈ R

d
>0 and let a fixed vector w ∈ R

d
≥0 \ {0} be given (such that

the Rauzy fractal Rw can be defined). Then, motivated by the projections (3.43) we
needed in the formulation of the set equation we set

u(k) = (M[0,k))−1u, w(k) = (M[0,k))tw (k ∈ N). (3.47)
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Fig. 3.15 An approximation
of R using E∗1 (σ )

Lemma 3.7.5 Let σ = (σn) be a sequence of unimodular substitutions. Then for
all k <  the following assertions hold.

(i) M[k,)(w())⊥ = (w(k))⊥,
(ii) E∗1 (σ[k,))Γ (w(k)) = Γ (w()),
(iii) for distinct pairs [x, i], [x′, i ′] ∈ Γ (w(k)) the images E∗1 (σ[k,))[x, i] and

E∗1 (σ[k,))[x′, i ′] are disjoint patches of Γ (w()).

Proof Assertion (i) is an immediate consequence of the definition of w(k), asser-
tions (ii) and (iii) are the content of [79, Theorem 1]. Their proof is a bit tedious,
however, it just uses the definition of discrete hyperplane and checks the required
conditions (assertion (iii) is essentially already contained in [18, Lemma 3]). �

Combining Proposition 3.7.3 and Lemma 3.7.5 we get the following result in
which we use the notation

C(k)w = {πu,wx+R(k)
w (i) : [x, i] ∈ Γ (w(k))} (k ∈ N)

for the collection of subtiles associated with the shifted sequence (σn+k)n∈N of σ .

Proposition 3.7.6 Let σ be a primitive and recurrent sequence of unimodular
substitutions with generalized right eigenvector u. Then for each [x, i] ∈ Z

d × A
and every k,  ∈ N with k <  we have

⋃

[x,i]∈Γ (w(k))

πu,wx+R(k)
w (i) =

⋃

[y,j ]∈Γ (w())

M[k,)(π()u,wy+R()
w (j)).
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The collectionM[k,)C()w is a refinement of C(k)w in the sense that each element of the
latter is a finite union of elements of the former.

The following lemma shows that the set equation subdivides Rauzy fractals into
sets whose diameter eventually tends to zero (see [52, Lemma 5.5]).

Lemma 3.7.7 Let σ = (σn) ∈ SN be a primitive, algebraically irreducible, and
recurrent sequence of unimodular substitutions with balanced languageLσ , and let
w ∈ R

d
≥0 \ {0}. Then

lim
n→∞M[0,n)R(n)

w = {0}.

Proof As M[0,n)π(n)u,w = πu,wM[0,n) and πu,w = πu,w πu,1, we conclude that

M[0,n)π(n)u,w l(v) = πu,w πu,1M[0,n) l(v) for all v ∈ L(n)
σ . Now, the result follows

from Proposition 3.6.10 and the definition of R(n)
w in (3.44). �

We explain the concepts and results of this section in the next example.

Example 3.7.8 Recall the definition of the Arnoux-Rauzy substitutions σ1, σ2, σ3
from (3.18) and consider a sequence

σ = (σ1, σ2, σ3, σ1, σ2, σ3, σ1, σ2, σ3, . . . ),

where the dots “. . . ” mean that the sequence is continued in a way that σ is primitive
and recurrent.

If we start with three blocks of the form σ1, σ2, σ3 it turns out that Rw is close to
the classical Rauzy fractal studied in Example 3.6.2 in Hausdorff metric, which, of
course, doesn’t say anything about its topological properties or tiling properties; we
just did it this way to get nice pictures in Fig. 3.16.

In Fig. 3.16a we show a patch P0 of the collection Cw (for some convenient vector
w ∈ R

3
≥0 \ {0}) of subtiles associated with σ , while Fig. 3.16b shows a patch P1 of

the collection C(1)w associated with the shifted sequence

σ (1) = (σ2, σ3, σ1, σ2, σ3, σ1, σ2, σ3, . . . ).

Note that, since w and w(1) are not collinear, these patches live in two different
planes which is illustrated in Fig. 3.16c.

In this setting, the set equation in Proposition 3.7.3 says that each element of the
collection Cw can be viewed as the union of elements from M0C(1)w . In other words,
if we take the patch P1 depicted in Fig. 3.16b and apply the linear mappingM0 to it,
the resulting patch M0P1 lies in the same plane w⊥ as the collection Cw and some
elements of P0 are unions of elements from M0P1. In Fig. 3.16d this is illustrated:
the image of the patch P1 from Fig. 3.16b under the mapping M0 is subdividing
some parts of P0. Figure 3.16e illustrates that, according to Proposition 3.7.6, each
element of Cw is a union of elements from M0C(1)w .
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(a) (b) (c)

)e()d(

Fig. 3.16 Illustration of the set equation. (a) shows a patch P0 of the collection Cw = C(0)w , (b)
shows a patch P1 of C(1)w . In (c) P0 and P1 are drawn together to illustrate that they lie in different
planes. In (d) the matrix M0 is applied to P1: the image M0P1 is located in the same plane as P0

and forms a subdivision of tiles of P0. The subdivision of P0 in patches of M0C(1)w is shown in (e)
for the whole patch P0

Note that in Fig. 3.16 the collections Cw and C(1)w are depicted as tilings and the
patches ofM0C(1)w subdivide the elements of Cw without overlap. This is the situation
we “dream” of. So far, we only know that elements of Cw are unions of elements of
M0C(1)w . To realize this ideal situation we need to work more.

3.7.2 An S-adic Rauzy Fractal Is the Closure of Its Interior

The present section is devoted to the interior of the subtiles. We start with a covering
result taken from [52, Proposition 6.2]. In its statement we use the following
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terminology. Let K be a collection of subsets of a set D. The covering degree of
K (in D) is the largest number m having the property that each x ∈ D is contained
in at least m elements of K.

Lemma 3.7.9 Let σ be a sequence of unimodular substitutions and w ∈ R≥0 \
{0}. If σ is primitive, recurrent, algebraically irreducible, and has finitely balanced
language Lσ then C(n)w covers (w(n))⊥ with finite covering degree for each n ∈ N.
The covering degree of C(n)w increases monotonically with n.

Proof We prove the covering property for Cw. The covering property for C(n)w as
well as the monotonicity of the covering degree follow from this by the set equation
in Proposition 3.7.3.

By Proposition 3.7.6 with the choices k = 0 and  = n ≥ n0 we know that

⋃

T ∈Cw
T =

⋃

n≥n0

⋃

T ∈C(n)w

M[0,n)T =
⋃

n≥n0

⋃

[y,j ]∈Γ (w(n))

M[0,n)(π(n)u,wy+R(n)
w (j))

(3.48)
holds for each n0 ∈ N. Because Cw is a locally finite collection of compact sets
it suffices to show that

⋃
T ∈Cw T is dense in w⊥. To prove this we show that the

right hand side of (3.48) is dense in w⊥ for each n0 ∈ N. To see this note that by
the definition of the discrete hyperplane Γ (w(n)) the set of translates in this union
satisfies (recall from (3.47) that w(n) = (M[0,n))tw)

{M[0,n)π(n)u,wy : [y, j ] ∈ Γ (w(n))} =
{πu,wM[0,n)y : y ∈ Z

d , 0 ≤ 〈y, (M[0,n))tw〉 ≤ max
i∈A
〈ei , (M[0,n))tw〉} =

{πu,wz : z ∈ Z
d , 0 ≤ 〈z,w〉 ≤ max

i∈A
〈M[0,n)ei ,w〉}.

As u has rationally independent coordinates by Lemma 3.6.8, the set

{πu,wz : z ∈ Z
d , 0 ≤ 〈z,w〉}

is dense in w⊥. Since maxi∈A〈M[0,n)ei ,w〉 → ∞ for n → ∞ by primitivity, this
yields that

⋃

n≥n0

⋃

[y,j ]∈Γ (w(n))

M[0,n)π(n)u,wy = {πu,wz : z ∈ Z
d , 0 ≤ 〈z,w〉}. (3.49)

is dense in w⊥ for each n0 ∈ N. Because n0 was arbitrary, and the limit
limn→∞M[0,n)R(n)

w (i) = {0} by Lemma 3.7.7 this implies that the right hand side
of (3.48) is dense in w⊥ for each n0 ∈ N and we are done. �

From this result we get the assertion on the interiors of S-adic Rauzy fractals.
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Proposition 3.7.10 Let σ be a sequence of unimodular substitutions over the
alphabetA andw ∈ R≥0\{0}. If σ is primitive, recurrent, algebraically irreducible,
and has finitely balanced language Lσ , then R(i) is the closure of its interior for
each i ∈ A.

Proof Choose some w ∈ R≥0 \ {0}. By Lemma 3.7.9 the collection C(n)w is a locally
finite covering of (w(n))⊥ by compact sets for each n ∈ N. Thus by Baire’s theorem
for each n ∈ N there is in ∈ A such that int(R(n)

w (in)) �= ∅. By primitivity of σ

the set equation in Proposition 3.7.3 implies that each R(n)
w (i) contains R(k)

w (ik) for
some k > n. Thus for each n ∈ N and each i ∈ A we have int(R(n)

w (i)) �= ∅.
For each i ∈ A and each n ∈ N, Proposition 3.7.3 yields a subdivision of Rw(i)

in translates of sets of the form M[0,n)R(n)
w (j), j ∈ A. The diameters of these sets

tend to 0 by Lemma 3.7.7. Since they all contain inner points, the set of inner points
of Rw(i) is dense in Rw(i). In other words, Rw(i) is the closure of its interior. The
result now follows by taking w = 1. �

3.7.3 The Generalized Left Eigenvector

Let σ be a primitive and recurrent sequence of unimodular substitutions. If we look
at the set equation in Proposition 3.7.3 for k = 0 and  = n we see that it subdivides
the sets Rw(i), i ∈ A, into translates of sets of the form R(n)

w (j), j ∈ A. In the
well-studied substitutive case R(n)

w (i) = Rw(i) holds for each n, i.e., the sets Rw(i)

are subdivided into small copies of themselves. This fact is crucial in most of the
proofs of properties of substitutive Rauzy fractals (see e.g. [123]). In our case, in
general the sets R(n)

w are not only different for each n ∈ N, but also live in different
hyperplanes (w(n))⊥ of Rn.

In what follows we want to deal with this problem by choosing a strictly
increasing sequence (nk) of integers such that R(nk)

w (i) is at least getting closer
and closer to Rw(i) in Hausdorff metric when k→∞.

To this matter let σ be a sequence of substitutions that satisfies the assumptions
of Theorem 3.7.1. We now successively choose subsequences of the integers to get
the desired properties.

(a) Consider the set equation in Proposition 3.7.3 for the choices k = 0,  = m

and k = n,  = n +m. Look at the subdivision of Rw(i) and R(n)
w (i). We can

hope to get Rw(i) and R(n)
w (i) close to each other in Hausdorff metric if they

have the same subdivision structure. From Proposition 3.7.3 we see that these
subdivision structures are the same if (σ0, . . . , σm−1) = (σn, . . . , σn+m−1).
Since σ is recurrent, there exist strictly increasing sequences (nk) and (k) such
that

(σ0, . . . , σk−1) = (σnk , . . . , σnk+k−1). (3.50)

By recurrence and primitivity it is possible to choose (nk) and (k) in a way that
there is some h such that M[k−h,k) is the same primitive matrix for all k ∈ N.
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(b) We know that M[0,k)R
(k)
w (j) tends to {0} in Hausdorff metric for k → ∞

by Lemma 3.7.7 so that the subdivision corresponding to the choice k = 0,
 = k in the set equation gives a subdivision of Rw(j) into sets whose
diameter tends to 0 for k → ∞. However, if we consider R(nk)

w (i), there is no
reason for M[nk,nk+k)R

(nk+k)
w (j) = M[0,k)R

(nk+k)
w (j) to tend to {0} unless

R(nk+k)
w (j) is bounded uniformly in k. To this end we need to assume that

L(nk+k)
σ is C-balanced as this implies that R(nk+k)

w (j) is indeed bounded by
Proposition 3.6.5. In view of the conditions imposed on σ in Theorem 3.7.1 it
is, however, possible to change the sequence (nk) and (k) chosen in (a) in a
way that also L(nk+k)

σ is C-balanced for C ∈ N not depending on k.
(c) Still (a) and (b) give us no reason for R(nk)

w living in a hyperplane w(nk) close
to w which is needed in order to get R(nk)

w close to Rw in Hausdorff metric.
By the compactness of the space of directions in R

d , using the Hilbert metric
from Proposition 3.5.5 it is possible to exhibit a vector v ∈ R≥0 \ {0} for which
there exists subsequences of (nk) and (k) (called (nk) and (k) again) such that
limk→∞ v(nk)/‖v(nk)‖1 = v/‖v‖1. Here we set v(n) = (M[0,n))tv.

Summing up, if the conditions of Theorem 3.7.1 are in force we can choose
sequences (nk) and (k) satisfying (a), (b), and (c). The vector v defined in (c)
deserves special attention.

Definition 3.7.11 (Generalized Left Eigenvector) A vector v as in (c) is called a
generalized left eigenvector of σ .

Sequences (nk) and (k) associated with σ in the above way will just be called
associated sequences for σ in the sequel (they are related to the property PRICE
of [52, Definition 5.8]). It turns out that associated sequences are suitable for our
purposes. In particular, we get the following result (we refer to [52, Proposition 5.12]
for details).

Proposition 3.7.12 Let σ be a sequence of substitutions that admits associated
sequences (nk) and (k) and has a generalized left eigenvector v. Then for each
i ∈ A

lim
k→∞R(nk)

v (i) = Rv(i)

in Hausdorff metric.

Proof (Sketch) By (3.50) in (a) the sets Rv(i) and R(nk)
v (i) have the same

subdivision structure governed by E∗1 (σ[0,k)) for k ∈ N. More precisely,

Rv(i) =
⋃

[y,j ]∈E∗1 (σ[0,k))[0,i]
M[0,k)(π(k)u,v y+R(k)

v (j)),

R(nk)
v (i) =

⋃

[y,j ]∈E∗1 (σ[0,k))[0,i]
M[0,k)(π(nk+k)u,v y+R(nk+k)

v (j)).

(3.51)
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By Proposition 3.6.10 the sets M[0,k)R
(k)
v (j) tend to {0} in Hausdorff metric for

k →∞. With more effort, using the balance conditions of (b) and the convergence
properties of (c), one can also show that the sets M[0,k)R

(nk+k)
v (j) tend to {0} in

Hausdorff metric for k → ∞. So replacing all these sets by {0} on the right hand
side of (3.51) changes the sets on the left hand side of (3.51) only very little in
Hausdorff metric for large k ∈ N. Thus for large k ∈ N the Hausdorff distance
between R(nk)

v (i) and Rv(i) is (up to an error tending to 0 for k→∞) bounded by

max
{
‖M[0,k)(π(k)u,v y− π(nk+k)u,v y‖∞ : [y, j ] ∈ E∗1 (σ[0,k))[0, i]

}
=

max
{
‖πu,vM[0,k)y− π(nk)u,v M[0,k)y‖∞ : [y, j ] ∈ E∗1 (σ[0,k))[0, i]

}
.

One can now show that the latter maximum tends to 0 for k → ∞. Here one
uses that by the definition of the generalized left eigenvector in (c) the hyperplanes
(v(nk))⊥ converge to v⊥. �

3.7.4 An S-adic Rauzy Fractal Has a Boundary of Measure
Zero

We now turn to the boundary of an S-adic Rauzy fractal. We start with a result on
level  subtiles contained in the interior of a given subtile whose detailed proof is
contained in [52, Lemma 6.6].

Lemma 3.7.13 Let σ be a sequence of unimodular substitutions that satisfies
the properties of Theorem 3.7.1 and let associated sequences (nk), (k), and a
generalized left eigenvector v be given.

Then there is  ∈ N such that for each i, j ∈ A there is [y, j ] ∈ E∗1 (σ[0,))[0, i]
such that

(i) M[0,)(π()u,vy+R()
v (j)) ⊂ int(Rv(i)),

(ii) M[0,)(π(nk+)u,v y+R(nk+)
v (j)) ⊂ int(R(nk)

v (i)) for each sufficiently large k ∈ N.

Moreover, the covering degree of C(n)v does not depend on n.

Proof (Sketch) Since the conditions in the lemma imply that int(Rv(i)) �= ∅ (see
Proposition 3.7.10) and that the diameter ofM[0,)R()

v (j) becomes arbitrarily small
for large  (see Lemma 3.7.7), assertion (i) follows easily from primitivity.

The fact that  and y can be chosen in a way that (i) and (ii) hold simultaneously
is more difficult to prove. By Proposition 3.7.12 we get that R(nk)

v (i) → Rv(i) in
Hausdorff metric. Moreover,Rv(i) andR(nk)

v (i) have the same subdivision structure
for k steps. This implies that the “inner structure” of these tiles is similar for large
k. However, as inner points are not respected by the Hausdorff metric, technical
difficulties occur and also the “outer structure”, i.e., the structure of the collections
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Cv and C(nk)v has to be exploited. One can show that if a patch P occurs in a
discrete hyperplane Γ (w), then translates of P occur relatively densely in each
discrete hyperplane Γ (w̃) provided that ‖w − w̃‖∞ is small enough. In particular,
containment of translates of a patch P is an open property of discrete hyperplanes.
Thus, if k is large then at level nk there is a translation yk ∈ Z

d such that the sets
Γ (v) and Γ (v(nk))− yk have a large patch around the origin in common.

Summing up, this means that the collections C(nk)v − π
(nk)
u,y yk converge7 to Cv for

k → ∞. This implies that the covering degree of C(nk)v − π
(nk)
u,y yk is less than or

equal to the covering degree of Cv = C(0)v for k large enough. Since the covering
degree of C(n)v is monotonically increasing in n by Lemma 3.7.9, the last assertion
of the lemma follows.

The fact that the collections C(nk)v − π
(nk)
u,y yk converge to Cv and have the same

covering degree can now be used to show that inner points of elements of Cv are
close to inner points of elements of C(nk)v − π

(nk)
u,y yk for large k. Using this together

with the fact that Rv(i) and R(nk)
v (i) have the same subdivision structure for k

steps, one can show that (i) and (ii) holds simultaneously as claimed. �
After these preparations we can also prove the result on the measure of the

boundary of S-adic Rauzy fractals announced in Theorem 3.7.1.

Proposition 3.7.14 Let σ be a sequence of unimodular substitutions over the
alphabet A that satisfies the assertions of Theorem 3.7.1. Then the Lebesgue
measure λ1(∂R(i)) is zero for each i ∈ A.

Proof (Sketch) Choose  ∈ N and the sequences (nk) and (k) as in Lemma 3.7.13
and consider Rv(i) for some i ∈ A (see Fig. 3.17a), where v is a generalized
left eigenvector of σ . Then subdivide Rv(i) into its level  subtiles as shown
in Fig. 3.17b. According to Lemma 3.7.13(i) there is at least one level  subtile
M[0,)(π()u,vy + R()

v (j)) which is a subset of int(Rv(i)); this is indicated with

a black boundary in Fig. 3.17b. Letting mij = λv(M[0,)R()
v (j))/λv(Rv(i)) and

m = min{mij : i, j ∈ A} we therefore gain

λv(∂Rv(i)) = λv(Rv(i) \ int(Rv(i))) ≤ (1−m)λv(Rv(i)).

Now we subdivide all level  subtiles of Rv(i) apart from M[0,)(π()u,vy +R()
v (j))

in level nk subtiles where k is chosen in a way that nk ≥ . This is illustrated in
Fig. 3.17c.

7In [111] a space of tilings is equipped with a topology by saying that two tilings are close to
each other if their tiles are close to each other in Hausdorff metric inside a large ball around the
origin. Although Cv and C(nk )v are no tilings, an analogous topology can be used here: Cv and
C(nk)v − π

(nk)
u,y yk are said to be close to each other if Γ (v) and Γ (v(nk ))− yk coincide inside a large

ball B around the origin and the tiles associated to an element of [y, i] ∈ Γ (v)∩B in each of these
two collections are close to each other in Hausdorff metric.
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)b()a(

)d()c(

Fig. 3.17 Illustration of the proof of Proposition 3.7.14. In (a) a subtile Rv(i), i ∈ A, is shown.
In (b) we see the th subdivision of Rv(i). The level  subtile contained in int(Rv(i)) has black
boundary. In (c) all other level  subtiles are further subdivided in level nk subtiles. Each of them
contains a level nk +  subtile in its interior. These level nk +  subtiles, which a fortiori are also
contained in int(Rv(i)), are depicted in (d) also with black boundary

We iterate this procedure: each level nk subtile Rnk we got in this way is
subdivided in level nk +  subtiles. By Lemma 3.7.13(ii) one of these level nk + 

subtiles lies in the interior of Rnk (see Fig. 3.17d for an illustration of this) and, a
fortiori, in the interior of Rv(i). If we set

m
(nk)
ij = λv(M[0,nk+)R

(nk+)
v (j))

λv(M[0,nk)R
(nk)
v (i))

= λv(M[nk,nk+)R
(nk+)
v (j))

λv(R(nk)
v (i))

= λv(M[0,)R(nk+)
v (j))

λv(R(nk)
v (i))

(note that the last equation follows from recurrence of σ if k is chosen large enough)
and m(nk) = min{m(nk)

ij : i, j ∈ A} we obtain

λv(∂Rv(i)) ≤ (1−m)(1−m(nk))λv(Rv(i)).

Iterating this further we get for some infinite set K ⊂ N that

λv(∂Rv(i)) ≤ (1−m)
∏

k∈K
(1−m(nk))λv(Rv(i)). (3.52)



3 S-adic Sequences 165

One can show that m(nk) is uniformly bounded away from 0. To this end one needs
Proposition 3.7.12 and the fact that k is chosen in a way that there is some h such
that M[k−h,k) is the same primitive matrix for all k ∈ N (see (a) in Sect. 3.7.3).
Now (3.52) yields λv(∂Rv(i)) = 0 and, hence, λ1(∂R(i)) = 0. �

Propositions 3.7.10 and 3.7.14 imply Theorem 3.7.1.

3.8 Tilings, Coincidence Conditions, and Combinatorial
Issues

We now turn to tiling conditions of Rauzy fractals. Already in the substitutive case
combinatorial conditions like the strong coincidence condition (see e.g. [18]) or the
super coincidence condition and its variants (cf. [36, 51, 91]) have to be imposed
in order to gain all the tiling results on Rauzy fractals required for our purposes.
Here we discuss an S-adic version of these concepts and establish a variety of tiling
results. For detailed proofs we refer again to Berthé et al. [52]. As before, our aim
is to discuss the main ideas and to make these ideas understandable without going
into all the technical details.

3.8.1 Multiple Tiling and Inner Subdivision of the Subtiles

In this section we prove tiling properties of Rauzy fractals that hold without further
combinatorial conditions. Our first result contains a multiple tiling property of the
collections of Rauzy fractals Cv defined in (3.35).

Proposition 3.8.1 Let σ = (σn) be a primitive and algebraically irreducible
sequence of unimodular substitutions. Assume that there is C > 0 such that for
every  ∈ N there exists n ≥ 1 such that (σn, . . . , σn+−1) = (σ0, . . . , σ−1) and
the language L(n+)

σ is C-balanced.
If v is a generalized left eigenvector of σ then the collection Cv forms a multiple

tiling of the hyperplane v⊥.

Proof (Sketch) Let (k) and (nk) be associated sequences for σ . We subdivide the
proof in seven observations. In the sequel BX(x, ε) denotes an open ball in a metric
space X centered at x with radius ε.

(i) Let w ∈ R
d
≥0 \ {0}. As mentioned in the proof of Lemma 3.7.13 one can show

that each patch P ⊂ Γ (w) is repetitive in the following sense: there exists
δP > 0 and a radius rP > 0 such that for each w̃ ∈ R

d
≥0 \ {0} with ‖w̃ −

w‖∞ < δP and each z with [z, i] ∈ Γ (w̃) a translate of P occurs in Γ (w̃) ∩
BRn(z, rP ). This means that each patch occurring in a discrete hyperplane D
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occurs uniformly repetitively in each hyperplane D′ which is close enough to
D. This general property of discrete hyperplanes is proved in [52, Lemma 6.5].

(ii) Let m be the covering degree of Cv. Then each point x ∈ v⊥ which is covered
exactly m times by elements of Cv is not contained in the boundary of any
element of Cv. Suppose this was wrong and let R1, . . . , Rm ∈ Cv be the
elements containing x. Since Cv is a locally finite union of compact sets there
is ε > 0 such that Bv⊥(x, ε) doesn’t intersect any R ∈ Cv \ {R1, . . . , Rm}.
By assumption x ∈ ∂Ri for some 1 ≤ i ≤ m. Thus there is y ∈ Bv⊥(x, ε)
with y �∈ Ri and, hence, y is covered by at most m − 1 elements of Cv, a
contradiction.

(iii) Choose x which is covered exactly m times by elements of Cv. Since the
elements of Cv are uniformly bounded, the set of elements of Cv which contain
x is contained in a set {πu,vx+Rv(i) : [x, i] ∈ P }, whereP is a patch of Γ (v)
which is chosen so large that, regardless of how the elements of Γ (v) continue
outside P , they will not contribute elements of Cv containing x because they
are bounded and located “too far away” from x. Thus, whenever we encounter
a translate P + t of P in Γ (v), the point x + πu,vt will be covered m times
by elements of Cv as well. Thus by (i) and (ii) there exist rm and r ′m such that
in each ball of radius r ′m the hyperplane v⊥ contains a ball of radius rm that is
covered by exactly m elements of Cv.

(iv) C(nk)v converges to Cv in a sense described in the proof of Lemma 3.7.13. Thus
by (i) the radii rm and r ′m in (iii) can be chosen in a way that in each ball of
radius r ′m the hyperplane (v(nk))⊥ contains a ball of radius rm that is covered

by exactly m elements of C(nk)v for k large enough.
(v) Suppose that Cv is not a multiple tiling. Then there is a set X ⊂ v⊥ with

λv(X) > 0 which is covered at least m + 1 times. Since the boundaries of
the elements of Cv have measure 0 by Proposition 3.7.14, there is x, which is
covered a least m+ 1 times and which is not contained in the boundary of any
element of Cv. Thus there is ε > 0 such that Bv⊥(x, ε) is covered at least m+1
times.

(vi) Suppose that Cv is not a multiple tiling. By analogous arguments as in (iii),
by (v) there exist rm+1 and r ′m+1 such that in each ball of radius r ′m+1 the
hyperplane v⊥ contains a ball of radius rm+1 that is covered by at least m+ 1
elements of Cv.

(vii) By Proposition 3.7.6 each element of Cv can be subdivided into elements of
M[0,nk)C

(nk)
v . The diameters of the elements of M[0,nk)C

(nk)
v tend to 0 for k →

∞ by Lemma 3.7.7 and the balls of radius r ′m occurring in (iv) are shrunk by
M[0,nk) to ellipsoids contained in balls of radius less than rm+1. Thus by (iv)
we can chose k so large that in each ball of radius rm+1 in v⊥ there are points
which are covered exactlym times by M[0,nk)C

(nk)
v . Thus, by Proposition 3.7.6,

in each ball of radius rm+1 there are points which are covered at most m times
by Cv. This contradicts (vi) and the result follows. �
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This result can be generalized to Cw for arbitrary w ∈ R
d
≥0 \ {0}. To establish this

generalization one needs to show first that the measures of the subtiles of Rv are
determined by

(λv(Rv(1)), . . . , λv(Rv(d))) = m(λv(πu,v[0, 1]), . . . , λv(πu,v[0, d])),

where m is the covering degree of the multiple tiling Cv. This can be proved along
similar lines as in the substitutive case, see [91, Lemma 2.3]. Using this, measure
theoretical considerations lead to the following generalization of Proposition 3.8.1.

Proposition 3.8.2 Let σ = (σn) be a primitive and algebraically irreducible
sequence of unimodular substitutions. Assume that there is C > 0 such that for
every  ∈ N there exists n ≥ 1 such that (σn, . . . , σn+−1) = (σ0, . . . , σ−1) and
the language L(n+)

σ is C-balanced.
Then for each w ∈ R

d
≥0 \ {0} the collection Cw forms a multiple tiling of the

hyperplane w⊥.

It remains to show that this multiple tiling is actually a tiling. As we will see
later, additional assumptions are needed to prove this. However, there is one tiling
result which holds without additional assumptions. This result, which concerns the
“inner tiling” of Rw(i) by the set equation (3.45) will be proved next.

Proposition 3.8.3 Let σ = (σn) be a primitive and algebraically irreducible
sequence of unimodular substitutions. Assume that there is C > 0 such that for
every  ∈ N there exists n ≥ 1 such that (σn, . . . , σn+−1) = (σ0, . . . , σ−1) and
the language L(n+)

σ is C-balanced.
Then the unions in the set equation (3.45) of Proposition 3.7.3 are disjoint in

measure.

Proof From Proposition 3.8.2 we know that Cw is a multiple tiling for each w ∈
R
d
≥0 \ {0} with multiplicity m not depending on w. Together with Proposition 3.7.6

this implies that the (− k)th subdivisions of all the tiles in the multiple tiling Cw(k)

form a multiple tiling M[k,)Cw() of the same covering degree (for all k,  ∈ N with
k < ). This is possible only if each tile of Cw(k) is tiled without overlaps by elements
of M[k,)Cw() . This proves the result. �

3.8.2 Coincidence Conditions and Tiling Properties

Let σ be a sequence of unimodular substitutions over an alphabet A. In view of
Example 3.6.2 in order to prove that (Xσ ,Σ) is measurably conjugate to a rotation
on a torus we need two properties of the associated Rauzy fractal R. Firstly, the
subtiles R(i), i ∈ A, need to be disjoint in measure and secondly, the Rauzy fractal
itself has to be a fundamental domain of a (well-chosen) torus. The latter property
is equivalent to the fact that R admits a lattice tiling of v⊥. Setting w = 1 in
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Proposition 3.8.2 we obtain that C1 is a multiple tiling of 1⊥. Since the discrete
hyperplane Γ (1) can be written as Γ (1) = {[x, i] : 〈x, 1〉 = 0, i ∈ A} we see that

⋃

R∈C1
R =

⋃

[x,i]∈Γ (1)
πu,1x+R(i) =

⋃

x∈Zd : 〈x,1〉=0

πu,1x+R.

Thus R is a covering of 1⊥ w.r.t. the lattice {x ∈ Z
d : 〈x, 1〉 = 0} and we have to

prove that the elements of the union on the right hand side are measure disjoint to
get tiling properties of R.

We have therefore three types of unions which we want to be disjoint in
measure:

(i) The unions of subtiles on the right hand side of the set equation (3.45).
(ii) The union R = R(1) ∪ · · · ∪R(d).

(iii) The union 1⊥ =⋃
x∈Zd : 〈x,1〉=0 πu,1x+R =⋃

[x,i]∈Γ (1) πu,1x+R(i).

The elements of the unions in (i) are disjoint in measure by Proposition 3.8.3.
One can use this fact in order to prove that the unions in (ii) are disjoint in measure
as well. However, to make this proof work we need an additional assumption on σ .

Definition 3.8.4 (Strong Coincidence Condition) A sequence σ of substitutions
over an alphabet A satisfies the strong coincidence condition if there is  ∈ N such
that for each pair (j1, j2) ∈ A2 there are i ∈ A and p1, p2 ∈ A∗ with l(p1) = l(p2)

such that σ[0,)(j1) ∈ p1iA∗ and σ[0,)(j2) ∈ p2iA∗.

This definition has an easy geometric meaning: it says that the broken lines
associated with σ[0,)(j1) and σ[0,)(j2) have at least one line segment in common
for each pair (j1, j2) ∈ A2.

Example 3.8.5 Figure 3.18 shows that the strong coincidence condition is satisfied
for the constant sequence σ = (σ ) with σ(1) = 121, σ(2) = 21. Because we are in
a case with a two letter alphabet we only have to deal with the instance (j1, j2) =
(1, 2).

Using the strong coincidence condition we get the following result.

Proposition 3.8.6 Let σ = (σn) be a primitive and algebraically irreducible
sequence of unimodular substitutions. Assume that there is C > 0 such that for
every  ∈ N there exists n ≥ 1 such that (σn, . . . , σn+−1) = (σ0, . . . , σ−1) and
the language L(n+)

σ is C-balanced.

Fig. 3.18 The broken lines
associated with i, σ[0,1)(i),
and σ[0,2)(i) for i ∈ {1, 2}.
Coincidence is indicated by
the bold line

i σ[0 ,1) (i) σ[0 ,2) (i)
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If the strong coincidence condition holds then the subtiles R(i), i ∈ A, are
disjoint in measure.

Proof (Sketch) Let (nk) and (k) be the associated sequences of σ . Let R(j1)

and R(j2) be two subtiles with j1, j2 ∈ A distinct and assume that the strong
coincidence condition holds with  ∈ N. By the definition of the dual E∗1 in (3.46)
this implies that for k satisfying nk ≥  there is zk ∈ Z

d and a letter i ∈ A such that
[zk, j1], [zk, j2] ∈ E∗1 (σ[0,nk))[0, i]. Thus the set equation

R(i) =
⋃

[y,j ]∈E∗1 (σ[0,nk))[0,i]
M[0,nk)(π

(nk)
u,1 y+R(nk)(j)),

(see (3.45)) containsM[0,nk)(zk+R(nk)(j1)) andM[0,nk)(zk+R(nk)(j2)) in the union
on the right hand side. Proposition 3.8.3 now implies that R(nk)(j1) and R(nk)(j2)

are disjoint in measure. Since this is true for arbitrarily large k, using results along
the line of Proposition 3.7.12 (in particular, [52, Lemma 6.8]) this implies that R(j1)

and R(j2) are disjoint in measure as well. �
What we did in the proof of Proposition 3.8.6 can be explained in a simple way.

If the strong coincidence condition holds, each intersection of the subtiles R(j1) ∩
R(j2) can be realized as an intersection of two elements in the union on the right
hand side of the set equation (3.45). Since we know that the elements in the union
of the set equation are measure disjoint, the same is true for R(j1) and R(j2). More
briefly: in case of strong coincidence the elements in the union in (ii) are special
cases of the elements in some union in (i).

The same strategy can be used in order to prove that the unions in (iii) are
measure disjoint. To this end we need another type of coincidence condition.

Definition 3.8.7 (Geometric Coincidence Condition) A sequence σ of unimodu-
lar substitutions over an alphabet A satisfies the geometric coincidence condition if
the following is true. For each r > 0 there is n0 ∈ N such that for each n ≥ n0 the set
E∗1 (σ[0,n))[0, in] contains a ball of radius r of the discrete hyperplaneΓ ((M[0,n))t1)
for some in ∈ A.

Along similar lines as Proposition 3.8.6 one can prove the following tiling
criterion for Rauzy fractals (see [52, Proposition 7.9]).

Proposition 3.8.8 Let σ = (σn) be a primitive and algebraically irreducible
sequence of unimodular substitutions. Assume that there is C > 0 such that for
every  ∈ N there exists n ≥ 1 such that (σn, . . . , σn+−1) = (σ0, . . . , σ−1) and
the language L(n+)

σ is C-balanced. Then the following assertions are equivalent.

(i) The collection C1 forms a tiling of 1⊥.
(ii) The sequence σ satisfies the geometric coincidence condition.
(iii) The sequence σ satisfies the strong coincidence condition and for each r > 0

there exists n0 ∈ N such that
⋃

i∈AE∗1 (σ[0,n))[0, i] contains a ball of radius r
of Γ ((M[0,n))t 1) for all n ≥ n0.
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(iv) The sequence σ satisfies the following effective condition: There are n ∈ N,
i ∈ A, and z ∈ R

d , such that

{[y, j ] ∈ Γ ((M[0,n))t 1) : ‖π(M[0,n))−1u,1(y− z)‖ ≤ C
} ⊂ E∗1 (σ[0,n))[0, i],

where C ∈ N is chosen in a way that L(n)
σ is C-balanced.

An (essentially) more restrictive condition than the geometric coincidence
condition and its variants in Proposition 3.8.8 is the following one.

Definition 3.8.9 (Geometric Finiteness Property) A sequence σ of unimodular
substitutions over an alphabet A satisfies the geometric finiteness property if for
each r > 0 there is n0 ∈ N such that

⋃
i∈A E∗1 (σ[0,n))[0, i] contains the ball {[x, i] ∈

Γ ((M[0,n))t 1) : ‖x‖ ≤ r} for all n ≥ n0.

The geometric finiteness property implies that
⋃

i∈AE∗1 (σ[0,n))[0, i] generates a
whole discrete plane for n → ∞, and that 0 is an inner point of the Rauzy fractal
R (as is proved in [52, Proposition 7.10]). It is immediate that together with the
strong coincidence condition the geometric finiteness property is more restrictive
than the condition in Proposition 3.8.8(iii). The name geometric finiteness property
comes from the fact that it is related to certain finiteness properties in number
representations w.r.t. positional number systems (see for instance Barat et al. [31]
for a survey on these objects). By Proposition 3.8.8(iii) strong coincidence plus
geometric finiteness imply that C1 forms a tiling of 1⊥.

3.8.3 How to Check Geometric Coincidence and Geometric
Finiteness?

In most cases it is easy to check strong coincidence of a sequence σ = (σn) of
substitutions over an alphabet A. For instance, this property trivially holds if σ0(i)

starts with the same letter for each i ∈ A. However, it is a priori not so clear how
to check geometric coincidence or geometric finiteness and although there is an
effective criterion for geometric coincidence contained in Proposition 3.8.8(iv) this
is only suitable for checking single instances. Geometric coincidence asserts that
a large piece of a discrete hyperplane can be generated by the dual substitution
E∗1 (σ[0,n)) acting on [0, in] if n is large. If geometric finiteness holds, even a
whole discrete hyperplane can be generated by the patches E∗1 (σ[0,n))

⋃
i∈A[0, i]

for n→∞. The idea of generating discrete hyperplanes in this way using sequences
of substitutions coming from generalized continued fraction algorithms goes back
to Ito and Ohtsuki [90]. More recently, Berthé et al. [42, 48] provide a systematic
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study on how to check geometric coincidence as well as geometric finiteness. While
[48] concentrates on Arnoux-Rauzy substitutions, the more general treatment in
[42] uses substitutions related to the Brun as well as the Jacobi-Perron algorithm
as guiding examples. In this section we give a brief discussion of their ideas which
are centered around an “annulus property” of stepped hyperplanes generated by
E∗1 (σ[0,n)).

Let σ = (σn) be a sequence of unimodular substitutions over an alphabet A and
let S = {σn : n ∈ N}. The fact that σ satisfies the geometric coincidence condition
in Definition 3.8.7 roughly says that the patch E∗1 (σ[0,n))[0, in] contains a larger
and larger ball when n is growing. In this section, for the sake of simplicity, we
will deal with the geometric finiteness property. Indeed, we will assume that this
ball is centered at the origin and instead of [0, in] we will use U = ⋃

i∈A[0, i] as
our “seed”. So we want to show that for each R > 0 there is n0 ∈ N such that
E∗1 (σ[0,n))U contains the ball {[x, i] ∈ Γ ((M[0,n))t 1) : ‖x‖ ≤ R} for all n ≥ n0.

Following [42] we shall reformulate the geometric finiteness property in a
more combinatorial way. Let P be a patch of a discrete hyperplane containing U
and interpret its elements as faces as in (3.34). Then the minimal combinatorial
radius rad(P ) of P is equal to the length  of the shortest sequence of faces
[x1, j1], . . . , [x, j] ∈ P satisfying [x1, j1] ∈ U , [x, j] contains a part of the
boundary of P (regarded as a topological manifold), and [xk, jk]∩[xk+1, jk+1] �= ∅
for 1 ≤ k ≤  − 1. Intuitively, rad(P ) is the minimal distance between 0 and
the boundary of P . For instance, one easily checks that the minimal combinatorial
radius of the patch on the left hand side of Fig. 3.13 is equal to six. Clearly a
sequence σ enjoys the geometric finiteness property if and only if rad

(
E∗1 (σ[0,n))U

)

tends to∞ for n→∞.
Let P[m,n) = E∗1 (σ[m,n))U . We have to show that the minimal combinatorial

radii of the patches P[0,n) tend to ∞ for n → ∞. Since the patches P[0,n) can
have complicated shapes there is no obvious way to do this. One approach to prove
this property goes back to Ito and Ohtsuki [90] and makes use of “annuli”. Let
 < m < n and suppose that U ⊂ E∗1 (σ )U holds for each σ ∈ S (this is not a crucial
assumption and, if it is not true, can often be gained by blocking the substitutions
of the sequence σ ). Then P[m,n) ⊂ P[,n) holds by the definition of E∗1 (σ ) (note
in particular that E∗1 (τ )E∗1 (σ ) = E∗1 (στ) for σ, τ ∈ S). The idea is to make sure
that whenever (σ, . . . , σm−1) is of a certain shape then P[,n) \ P[m,n) contains an
annulus of positive width. One can then show that if (σ0, . . . , σn) contains the block
(σ, . . . , σm−1) for k times, the patch P[0,n) contains k “concentric” annuli and has
a minimal combinatorial radius greater than or equal to k.

To achieve this we first search for a block (σ0, . . . , σm−1) such that A = P[0,m) \
U contains an annulus of positive width, i.e., ∂P[0,m) ∩ U = ∅. If σ is recurrent,
the block (σ0, . . . , σm−1) occurs infinitely often in σ . Let (nj ) with n0 = 0
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and nj ≥ nj−1 + m be an increasing sequence such that (σnj , . . . , σnj+m−1) =
(σ0, . . . , σm−1). Fix k ∈ N and set A0 = P[0,nk+m) \ P[m,nk+m) and Aj :=
P[nj−1+m,nk+m) \ P[nj+m,nk+m) for j ≥ 1. Then

P[0,nk+m) = (P[0,nk+m) \ P[m,nk+m)) ∪ P[m,nk+m)
= A0 ∪ P[m,nk+m)
= A0 ∪ (P[m,nk+m) \ P[n1+m,nk+m)) ∪ P[n1+m,nk+m)
= A0 ∪ A1 ∪ P[n1+m,nk+m)
= A0 ∪ A1 ∪ (P[n1+m,nk+m) \ P[n2+m,nk+m)) ∪ P[n2+m,nk+m)
= A0 ∪ A1 ∪ A2 ∪ P[n2+m,nk+m)
= · · · = A0 ∪ · · · ∪ Ak ∪ U .

(3.53)

Because

Aj = P[nj−1+m,nk+m) \ P[nj+m,nk+m)
⊃ P[nj ,nk+m) \ P[nj+m,nk+m)
= E∗1 (σ[nj+m,nk+m))(P[nj ,nj+m) \ U)
= E∗1 (σ[nj+m,nk+m))A

for j ≥ 1 (the last step comes from the recurrence property; the case j = 0
follows along similar lines) each Aj contains some image of A under E∗1 . If
the annulus A has certain “covering properties” that are described in detail in
[42, 48], one can show that images of A under E∗1 are annuli of positive width
as well. Thus such an annulus of positive width is contained in each of the pairwise
disjoint subsets A0, . . . , Ak of P[0,nk+m) and therefore (3.53) implies that the patch
P[0,nk+m) contains a “concentric” annulus for each of the k + 1 (non overlapping)
occurrence of the block (σ0, . . . , σm−1) in (σ0, . . . , σnk+m−1). Since an application
of E∗1 maps disjoint annuli to disjoint annuli also P[0,n) = E∗1 (σ[nk+m,n))P[0,nk+m)
with nk + m ≤ n < nk+1 + m contains k + 1 such “concentric” annuli. Thus
if n → ∞, the number of such annuli in P[0,n) tends to ∞. Since the above-
mentioned covering properties of A imply that A0 ∪ · · · ∪ Ak ∪ U = P[0,nk+m)
is simply connected for each k ∈ N and that the same is true for all the patches
P[0,n) (see [48]), we gain that the minimal combinatorial radii of the patches P[0,n)
tend to∞ for n→∞.

The following example shows that this method can be used in order to prove
geometric finiteness for large classes of sequences of substitutions.

Example 3.8.10 We want to illustrate the construction of the annulus A around U
for the case of sequences of Arnoux-Rauzy substitutions σ = (σn) (all details for
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Fig. 3.19 An illustration of the annulus property for sequences of Arnoux-Rauzy substitutions

this case can be found in [48]). Suppose that σ is a recurrent sequence of Arnoux-
Rauzy substitutions which contains each of the three Arnoux-Rauzy substitutions
(3.18). Then, by recurrence, σ contains a block (σ0, . . . , σm−1) in which each
Arnoux Rauzy substitution occurs at least twice. In the graph depicted in Fig. 3.19
the action of E∗1 on U is illustrated.8 The vertices of this graph are patches and

there is an edge P1
i−→ P2 if P2 ⊂ E∗1 (σi)P1. Thus each vertex has an outgoing

edge for each i ∈ {1, 2, 3} (loops and outgoing edges of patches that contain
an annulus of positive width around U are suppressed). Examining the graph we
see that E∗1 (σ[k,n))U contains an annulus around U of positive width whenever
the block (σk, . . . , σn−1) contains at least two occurrences of each Arnoux-Rauzy
substitution. Thus, P[0,m) is a patch which contains U together with an annulus A of
positive width around it.

If one proves that the annulus A has the above-mentioned covering properties
(which was done in [48]) one can iterate this procedure as indicated above and
prove that P[0,n) is simply connected and contains a growing number of “concentric”

8We note that in [48] the dual E∗1 (σ ) is defined using suffixes of the images of σ instead of prefixes.
Nevertheless, this difference does not change the behavior of E∗1 (σ ) significantly and in Fig. 3.19
we get the same image as the authors obtained in [48, Figure 1].
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annuli for growing n. Thus the minimal combinatorial radius of P[0,n) tends to ∞
for n→∞ and, hence, σ has the geometric finiteness property.

Summing up, in Example 3.8.10 we have sketched a proof of the following result.

Proposition 3.8.11 Let σ be a sequence of Arnoux-Rauzy substitutions. If σ is
recurrent and contains each of the three Arnoux-Rauzy substitutions then σ satisfies
the geometric finiteness property.

3.9 S-adic Systems and Torus Rotations

Let σ be a sequence of unimodular substitutions over an alphabet A with d letters.
In the past sections we proved a variety of properties of Rauzy fractals. Using all
these results makes Rauzy fractals suitable to “see” a rotation on the torus T

d−1

acting on them. This rotation turns out to be measurably conjugate to the underlying
S-adic system (Xσ ,Σ). In this section we prove the according results which form
special cases of the main results of [52] and provide some examples.

In Sect. 3.9.1 we state Theorem 3.9.4, a result that gives the measurable conju-
gacy between (Xσ ,Σ) and a torus rotation together with some of its consequences
under a set of natural conditions. Section 3.9.2 is devoted to the proof of this
result. In Sect. 3.9.3 we formulate a metric version of Theorem 3.9.4. In particular,
for a finite set S of substitutions we consider the shift9 (SN,Σ, ν) acting on all
infinite sequences of substitutions taken from S. The measure ν is chosen in a way
that this shift becomes ergodic. We prove that the conditions of Theorem 3.9.4
are “generic” w.r.t. the measure ν if the Pisot condition (3.59) on the Lyapunov
exponents associated with a linear cocycle of (SN,Σ, ν) is in force. Thus under
this Pisot condition we gain that ν-almost all σ ∈ SN give rise to an S-adic system
(Xσ ,Σ) that is measurably conjugate to a torus rotation. This result is the content
of Theorem 3.9.5. Section 3.9.4 is devoted to the proof of this result. Finally,
Sect. 3.9.5 gives examples for S-adic systems associated with Arnoux-Rauzy and
Brun substitutions. This shows that the Pisot condition is satisfied in many natural
situations.

9Note that there are two kinds of shifts: the one just defined acts on the sequence of substitutions
SN, the other one (the S-adic shift) acts on the set of sequences Xσ which is defined in terms of
a single sequence of substitutions σ ∈ SN. It should cause no confusion that both of these shift
mappings are denoted by Σ .
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3.9.1 Statement of the Conjugacy Result

Before we state the first main result of this survey we give some terminology.
We start with a spectral property of a measurable dynamical system that is “the
opposite” of continuous spectrum (see Sect. 3.3.3; we refer to this section also for
the definition of an eigenfunction).

Definition 3.9.1 (Pure Discrete Spectrum, see [126, Defintion 3.2]) An ergodic
dynamical system (X, T ,μ) on a probability space X has pure discrete spectrum if
there exists an orthonormal basis of L2(μ) which consists of eigenfunctions of T .

It is well known that an ergodic dynamical system on a probability space that has
pure discrete spectrum is measurably conjugate to a rotation on a compact abelian
group. On the other hand, each ergodic rotation on a compact abelian group has
pure discrete spectrum (see for instance [126, Theorems 3.5 and 3.6]; these results
can be proved by using character theory and Pontryagin duality for compact abelian
groups).

The notion of natural coding came up already in Sects. 3.2.4 and 3.3.2 in the
framework of Sturmian sequences and Arnoux-Rauzy sequences. Sloppily speaking
a natural coding is a coding of a torus rotation that induces translations on the
atoms of the partition that was used to define the coding. We give a precise general
definition of this concept.

Definition 3.9.2 (Coding and Natural Coding) Let Λ be a full-rank lattice in R
d

and Tt : Rd/Λ→ R
d/Λ, x �→ x+ t a rotation on the torus Rd/Λ. Let Ω ⊂ R

d be a
fundamental domain for the lattice Λ and T̃t : Ω → Ω the mapping induced by Tt
on Ω . Assume that Ω = Ω1 ∪ · · · ∪Ωk is a (measure theoretic w.r.t. the Lebesgue
measure) partition of Ω .

A sequence w = w0w1 . . . ∈ {1, . . . , k}N is the coding of a point x ∈ Ω with
respect to this partition if T̃ j

t (x) ∈ Ωwj holds for each j ∈ N. If, in addition, for

each 1 ≤ i ≤ k the restriction T̃t|Ωi is given by the translation x �→ x + ti for
some ti ∈ R

d we call w a natural coding of Tt.

For the sake of completeness we give the definition of bounded remainder set.

Definition 3.9.3 (Bounded Remainder Set) Let Λ be a full-rank lattice in R
d .

A subsetA of Rd/Λ is called a bounded remainder set for the rotation Tt : Rd/Λ→
R
d/Λ, x �→ x+ t if there exist γ,C > 0 such that, for a.e. x ∈ R

d/Λ,

|#{n < N : T n
t (x) ∈ A} − γN | < C

holds for all N ∈ N.

The following result gives sufficient conditions for an S-adic system (Xσ ,Σ) to
be measurably conjugate to an irrational rotation on a torus. The subtiles R(i) of the
Rauzy fractal R turn out to be bounded remainder sets for this rotation and induce
natural codings of the elements of (Xσ ,Σ).
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Theorem 3.9.4 (See [52, Theorem 3.1]) Let S be a finite set of unimodular
substitutions over a finite alphabet A = {1, 2, . . . , d} and let σ = (σn) be a
primitive and algebraically irreducible sequence of substitutions taken from the set
S. Assume that there is C > 0 such that for every  ∈ N there exists n ≥ 1 such that
(σn, . . . , σn+−1) = (σ0, . . . , σ−1) and the language L(n+)

σ is C-balanced.
If the collection C1 forms a tiling of 1⊥ then the following results hold.

1. The S-adic shift (Xσ ,Σ,μ), with μ being the unique Σ-invariant Borel proba-
bility measure onXσ , is measurably conjugate to a rotation T on the torus Td−1;
in particular, its measure-theoretic spectrum is purely discrete.

2. Each element of Xσ is a natural coding of the torus rotation T with respect to
the partition {R(i) : i ∈ A} of the fundamental domainR.

3. The subtile R(i) is a bounded remainder set for the torus rotation T for each
i ∈ A.

For the special case of two letter alphabets the tiling condition does not have to
be assumed. It can be derived from the remaining assumptions of Theorem 3.9.4.
The corresponding result is proved in [50] and generalizes an analogous result for
substitutive systems from [34].

3.9.2 Proof of the Conjugacy Result

In this section we illustrate the proof of Theorem 3.9.4 given in [52]. We assume
throughout this section that the sequence σ satisfies the conditions of Theorem 3.9.4.
The main part is the proof of the measurable conjugacy between (Xσ ,Σ,μ)

and a rotation on the torus T
d−1, where d is the cardinality of the underlying

alphabet. Here μ is the unique Σ-invariant Borel probability measure on Xσ (see
Theorem 3.5.11).

Our first aim is to set up the representation map from Xσ to the Rauzy fractal.
We define this map using a nested sequence of the subsets

R(u) := {πu,wl(p) : pu is a prefix of a limit sequence of σ } (u ∈ A∗)

of the Rauzy fractal R. In particular, we set

ϕ : Xσ → R; v0v1v2 . . . �→
⋂

n∈N
R(v0v1 . . . vn−1). (3.54)

To show that ϕ is a well-defined continuous surjection one has to prove that the
intersection on the right-hand side of (3.54) is a single point. Using the minimality
of (Xσ ,Σ) and the strong convergence property from Proposition 3.6.10 this is done
in [52, Section 8].
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In the next step one proves that (Xσ ,Σ,μ) is measurably conjugate to the
domain exchange (R, E, λ1), where E is given by

E : R→ R; x �→ x+ πu,1l(i) for x ∈ R(i) \
⋃

j �=i
R(j)

which is illustrated in Fig. 3.12. Since C1 is a tiling, the overlaps of the subtiles R(i)
have measure 0 and, hence, E is well defined a.e. w.r.t. the measure λ1 on R. To
prove the asserted conjugacy, we have to show that ϕ is bijective μ-a.e. and that the
diagram

X
Σ

X

R E R (3.55)

commutes. Since

E ◦ ϕ = ϕ ◦Σ (3.56)

follows easily by direct calculation it remains to prove the bijectivity assertion. This
runs as follows (all statements are true up to measure zero). First observe that, for
all i ∈ A, E satisfies

E(R(i)) = {πu,1 l(p i) : p ∈ A∗, p i is a prefix of a limit word of σ }.

Therefore, we have
⋃

i∈A E(R(i)) = R and, hence, E is a surjective piecewise
isometry. Therefore, E is bijective. Since the subtiles R(i), i ∈ A, are disjoint in
measure and

R(w0w1 · · ·wn−1) =
n−1⋂

=0

E−R(w), (3.57)

the injectivity of E implies that also the elements of the collection of “length n

subtiles”10 Kn = {R(u) : u ∈ Lσ with |u| = n} are disjoint in measure. By
(3.56) the measure λ1 ◦ ϕ is a shift invariant probability measure on Xσ . As by
Theorem 3.5.11 there is only one such measure, μ = λ1 ◦ ϕ. Now, essential
disjointness of the elements of Kn implies that ϕ(x) �= ϕ(y) for all distinct x, y
satisfying ϕ(x), ϕ(y) ∈ R \ ⋃

n∈N,K∈Kn
∂K . As, by (3.57) and Theorem 3.7.1,

λ1(∂K) = μ(ϕ−1(∂K)) = 0 for all K ∈ Kn, n ∈ N, the map ϕ is μ-a.e. injective.

10Not to be confused with the level n subtiles introduced in Sect. 3.7.1.
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Since surjectivity follows from the definition of ϕ this proves μ-a.e. bijectivity.
Finally, using (3.56), the commutativity of the diagram (3.55) follows from the
bijectivity of ϕ.

Since C1 forms a tiling of 1⊥ by assumption, the Rauzy fractalR is a fundamental
domain of the lattice Λ = 1⊥ ∩Zd spanned by e1− ei , i ∈ A\ {1}. But as πu,1 ei ≡
πu,1 e1 (mod Λ) holds for each i ∈ A, the canonical projection of E onto the torus
1⊥/Λ ) T

d−1 is equal to the rotation T : Td−1 → T
d−1, x �→ x + πu,1 e1. Thus,

if we denote by ϕ the canonical projection of ϕ to the torus 1⊥/Λ, the diagram

X
Σ

X

ϕ ϕ

1⊥/Λ
+ πu,1 e1 1⊥/Λ

commutes. Note that ϕ is m to 1 onto, where m is the covering degree of C1,
and, hence, a bijection as C1 forms a tiling. This proves the first assertion of
Theorem 3.9.4.

The second assertion of Theorem 3.9.4 follows from the definition of a natural
coding because the rotation T was defined in terms of an exchange of domains.
Finally, due to [1, Proposition 7], theC-balance ofLσ implies that R(i) is a bounded
remainder set for each i ∈ A, which also proves the last assertion.

3.9.3 A Metric Result

As mentioned already in Remark 3.7.2(i), the assumptions of Theorems 3.7.1
and 3.9.4 allow for a metric version of these results. To be more precise, let S be a
finite set of substitutions and consider the full shift (SN,Σ, ν), where ν is an ergodic
Σ-invariant probability measure satisfying some mild conditions. Our aim is to state
a version of Theorems 3.5.11, 3.7.1, and 3.9.4 that is valid for ν-a.e. σ ∈ SN. This
second main result of the present survey is also a special case of a result from Berthé
et al. [52].

To state our result we need to introduce some new concepts. Let S be a finite
set of substitutions over the alphabet A = {1, 2, . . . , d} and consider the shift
(SN,Σ, ν), where ν is some Σ-invariant probability measure on SN. With each
σ = (σn)n≥0 we associate the linear cocycle operator A(σ ) = (M0)

t (recall that
M0 is the incidence matrix of σ0) and define the Lyapunov exponents ϑ1, . . . , ϑd of
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(SN,Σ, ν) iteratively by

ϑ1 + ϑ2 + · · · + ϑk = lim
n→∞

1

n

∫

SN
log ‖ ∧k (A(Σn−1(σ )) · · ·A(σ ))‖∞ dν(σ )

= lim
n→∞

1

n

∫

SN
log ‖ ∧k (M[0,n))t‖∞ dν (3.58)

= lim
n→∞

1

n

∫

SN
log ‖ ∧k M[0,n)‖∞ dν

for 1 ≤ k ≤ d , where ∧k denotes the k-fold wedge product. We say that (SN,Σ, ν)
satisfies the Pisot condition if

ϑ1 > 0 > ϑ2 ≥ · · · ≥ ϑd (3.59)

(cf. [44, §6.3]). Using these definitions we get the following metric version of
Theorems 3.5.11, 3.7.1, and 3.9.4.

Theorem 3.9.5 (See [52, Theorem 3.3]) Let S be a finite set of unimodular
substitutions and assume that the shift (SN,Σ, ν) is ergodic and satisfies the Pisot
condition. Assume further that ν assigns positive measure to every cylinder and
that there exists a cylinder corresponding to a substitution with positive incidence
matrix. Then, for ν-almost every σ ∈ SN the following assertions hold.

1. (Xσ ,Σ) is minimal and uniquely ergodic (denote the unique Σ-invariant
measure by μ).

2. Each subtile R(i), i ∈ A, is equal to the closure of its interior and satisfies
λ1(∂R(i)) = 0.

3. If the collection C1 associated with σ forms a tiling of 1⊥ then (Xσ ,Σ,μ) is
measurably conjugate to a rotation T on T

d−1, each element of Xσ is a natural
coding of T w.r.t. the partition {R(i) : i ∈ A} of R, and eachR(i), i ∈ A, is a
bounded remainder set for T .

3.9.4 Proof of the Metric Result

In the present section we give a quite complete proof of Theorem 3.9.5. The
idea is to show that each of the conditions posed in Theorem 3.9.4 is generic.
A prominent tool in this proof is the Multiplicative Ergodic Theorem (also called
Oseledec Theorem; see for instance [8, 3.4.1 Theorem]). Also the famous Poincaré
Recurrence Theorem (cf. e.g. [126, Theorem 1.4]), which states that a.e. orbit in
a measurable dynamical system (X, T ,μ) starting in a set of positive measure E
hits E infinitely often, will be used. In our setting, the Oseledec theorem has the
following consequence.
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Proposition 3.9.6 Let S be a finite set of unimodular substitutions over the alphabet
A = {1, 2, . . . , d} and assume that the shift (SN,Σ, ν) is ergodic with Lyapunov
exponents ϑ1, . . . , ϑd satisfying the Pisot condition (3.59). Assume further that
ν assigns positive measure to every cylinder and that there exists a cylinder
corresponding to a substitution with positive incidence matrix. Then for ν-a.e.
σ ∈ SN the following assertions hold.

(i) The sequence σ is primitive and recurrent, thus the letter frequency vector u =
u(σ ) exists.

(ii) For each ε > 0 there exists n0 = n0(ε, σ ) such that the sequence of incidence
matricesM = (Mn) = (Mn(σ )) satisfies11

‖(M[0,n))t |u⊥‖2 < e(ϑ2+ε)n

for each n ≥ n0.

Proof Since ν puts positive mass on each cylinder, ν-a.e. σ is recurrent by Poincaré
recurrence. Together with the fact that there is a cylinder corresponding to a positive
incidence matrix Poincaré recurrence also implies primitivity for ν-a.e. σ . Thus ν-
a.e. σ has a letter frequency vector u by Proposition 3.5.5. This proves (i).

In order to apply the Multiplicative Ergodic Theorem [8, 3.4.1 Theorem] we need
to assure log-integrability of the cocycle which, in our case, means that

max{0, log ‖M0(σ )‖2} ∈ L1(SN, ν). (3.60)

Since S finite, the quantity max{0, log ‖M0(σ )‖2} is bounded and therefore (3.60)
always holds. Thus, because ϑ1 is a simple Lyapunov exponent, [8, 3.4.1 Theorem]
implies that for ν-a.e. σ there is a hyperplane H = H(σ ) ⊂ R

d such that
limn→∞ 1

n
log ‖M[0,n)(σ )t |H‖2 ≤ ϑ2. This implies that for each ε > 0 there is

n0 = n0(ε, σ ) such that

‖M[0,n)(σ )t |H‖2 < e(ϑ2+ε)n (3.61)

holds for n ≥ n0. It remains to show that H = u⊥. However, this follows because
for x �∈ u⊥ we have that 〈M[0,n)(σ )tx, 1〉 = 〈x,M[0,n)(σ )1〉 is unbounded because
for large n the vector M[0,n)(σ )1 is a large vector close to the line R+u. Thus the
only hyperplane for which (3.61) can possibly hold is H = u⊥ and (ii) follows. �

Proposition 3.9.6 is now used in order to show that balance is generic for
elements of a shift (SN,Σ, ν) satisfying the Pisot condition.

Lemma 3.9.7 Let S be a finite set of unimodular substitutions over the alphabet
A = {1, 2, . . . , d} and assume that the shift (SN,Σ, ν) is ergodic and satisfies
the Pisot condition (3.59). Assume further that ν assigns positive measure to every

11Here ‖ · ‖2 is the operator norm w.r.t. the Euclidean norm on R
d .
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cylinder and that there exists a cylinder corresponding to a substitution with positive
incidence matrix. Then the sets

S(C) = {σ ∈ SN : Lσ is C-balanced} (C ∈ N)

satisfy

lim
C→∞ ν(S(C)) = 1,

i.e., balance of Lσ is a generic property of σ ∈ SN.
Proof By Proposition 3.9.6 we see that for ν-a.e. σ ∈ SN the sequence is primitive
and recurrent, and for the letter frequency vector u = (u1, . . . , ud)

t (with ‖u‖1 = 1)
we have

∑

n≥0

‖(M[0,n))t |u⊥‖2 <∞. (3.62)

We assume that σ ∈ SN has all these properties and follow the proof of [44,
Theorem 5.8]. Let w ∈ Xσ be arbitrary. Since by the proof of Proposition 3.5.3(iii)
each element of Xσ has the same language, each factor v of w is a factor of a limit
sequence of σ and, hence, by (3.4.1) can be written as

v = p0σ0(p1 . . . σN−2(pN−1σN−1(x)sN−1) . . . s1)s0 (3.63)

where pn and sn is a prefix and a suffix of σn(i) for some i ∈ A, respectively, for
each 0 ≤ n ≤ N−1 and x is a factor of σN(i) for some i ∈ A. To make the notation
easier we set pN = x and sN = ε. We mention that (3.63) is the Dumont-Thomas
decomposition of v which was first introduced in [70]. Using (3.63) and denoting
by e1, . . . , ed the standard basis vectors of Rd we have

|v|i − |v|ui =
N∑

n=0

(|σ[0,n)(pn)|i − |σ[0,n)(pn)|ui + |σ[0,n)(sn)|i − |σ[0,n)(sn)|ui)

=
N∑

n=0

〈ei − ui(e1 + · · · + ed ),M[0,n)l(pn + sn)〉
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for each i ∈ A. Since u1 + · · · + ud = 1 we see that ei − ui(e1 + · · · + ed ) ∈ u⊥.
This can be used to get

∣∣|v|i − |v|ui
∣∣ ≤

N∑

n=0

∣∣〈ei − ui(e1 + · · · + ed),M[0,n)l(pn + sn)〉
∣∣

=
N∑

n=0

∣
∣〈(M[0,n))t (ei − ui(e1 + · · · + ed )), l(pn + sn)〉

∣
∣

≤ 2
√
d

N∑

n=0

‖(M[0,n))t |u⊥‖2‖Mn‖2.

Since S is a finite set, the quantity ‖Mn‖2 is uniformly bounded in n. Thus, using
(3.62) this implies that w is finitely balanced. Since σ was taken from a set of full
measure ν of SN this finishes the proof. �

Before we can put everything together we need to deal with the genericness of
algebraic irreducibility. This has been done in [52, Lemma 8.7] in the following
fashion.

Lemma 3.9.8 Let S be a finite set of unimodular substitutions over the alphabet
A = {1, 2, . . . , d} and assume that the shift (SN,Σ, ν) is ergodic and satisfies the
Pisot condition (3.59). If ν-a.e. sequence σ ∈ SN is primitive then ν-a.e. sequence
σ ∈ SN is algebraically irreducible.

Proof (Sketch) Let σ be a generic sequence with sequence of incidence matrices
M = (Mn) and fix k ∈ N. Then for  → ∞ the matrix M[k,) maps the unit
sphere into an ellipse whose largest semiaxis tends to infinity and all of whose other
semiaxes tend to zero by the Pisot condition. We prove that for  large enough there
can be only one eigenvalue λ with |λ| ≥ 1.

Indeed, if  is large enough thenM[k,) is strictly positive, thus there is a dominant
Perron-Frobenius eigenvalue λ0 > 1. It corresponds to an eigenvector w0 with
strictly positive entries. Suppose that there is another real eigenvalue λ with |λ| ≥ 1
and corresponding eigenvector w. Since the image of the unit sphere underM[k,) is
an ellipse with the above mentioned properties, the corresponding eigenvector has
to have a direction close to w0 for  large, because otherwise its length would be
shrunk by the application of M[k,) as can be seen in Fig. 3.20. Thus, if  is large
enough then w must have strictly positive entries. However, such an eigenvector
has to belong to the Perron-Frobenius eigenvalue, a contradiction. The case of
nonreal eigenvalues can be treated similarly. Thus M[k,) has only one eigenvalue
of modulus greater than or equal to 1. Since M[k,) is an unimodular integer matrix,
it cannot have 0 as an eigenvalue. This implies that the characteristic polynomial
of M[k,) is irreducible and, hence, σ is algebraically irreducible. Indeed, we even
proved that the characteristic polynomial of M[k,) is the minimal polynomial of the
Pisot number λ0. �
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Fig. 3.20 An illustration of the elliptic image of the unit circle under M[k,). The dashed lines are
the axes of the ellipse, the largest axis being the direction of the Perron-Frobenius eigenvector w0.
If the indicated vector w is an eigenvector of M[k,) for another eigenvalue, its direction has to be
far from the direction of w0 (because not all of its entries can be positive). This entails that its
length is less than 1 and so it can only correspond to an eigenvalue less than 1 in modulus

We now have all the necessary ingredients to finish the proof of Theorem 3.9.5.

Proof (Conclusion of the Proof of Theorem 3.9.5) We show that the conditions of
Theorem 3.9.4 are satisfied for ν-a.e. σ ∈ SN. To keep things simple we give the
proof only for ν being a Bernoulli measure. Primitivity and algebraic irreducibility
hold ν-a.e. by Proposition 3.9.6(i) and Lemma 3.9.8, respectively.

It remains to deal with the condition involving recurrence and balance. We claim
that there is C ∈ N such that

ν([σ0, . . . , σ−1] ∩Σ−S(C)) > 0 for each (σn) ∈ SN and each  ≥ 0. (3.64)

Indeed, since ν is a Bernoulli measure, [σ0, . . . , σ−1] is independent from
Σ−S(C). Thus we have

ν([σ0, . . . , σ−1] ∩Σ−S(C)) = ν([σ0, . . . , σ−1])ν(S(C))

and the claim (3.64) follows because ν([σ0, . . . , σ−1]) > 0 by assumption and
ν(S(C)) > 0 for C large enough by Lemma 3.9.7. By another application of
Poincaré recurrence (3.64) yields that for ν-a.e. σ ∈ SN and for every  ∈ N there
is n > 0 such that Σnσ ∈ [σ0, . . . , σ−1] and Σn+σ ∈ S(C).

Summing up we see that the assumptions of Theorem 3.9.4 are satisfied for ν-a.e.
σ ∈ SN. Thus Theorem 3.9.5 (1) follows from Theorem 3.5.11, Theorem 3.9.5 (2)
follows from Theorem 3.7.1, and Theorem 3.9.5 (3) follows from Theorem 3.9.4.

�
Remark 3.9.9 With small amendments in the conclusion of the proof of Theo-
rem 3.9.5 it is possible to prove Theorem 3.9.5 for sofic subshifts (X,Σ, ν) of
(SN,Σ, ν). Even the case of infinitely many substitutions (i.e., |S| = ∞) can be
treated provided that the log-integrability condition (3.60) is satisfied. In this case
one has to deal with the S-adic graph introduced in [44]. As mentioned above, the
general result is contained in [52].
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3.9.5 Corollaries for Arnoux-Rauzy and Brun Systems

We now want to apply the two main theorems to Arnoux-Rauzy as well as Brun S-
adic systems. Since these systems and their related generalized continued fraction
algorithms have been studied quite well in the literature this will yield unconditional
results on measurable conjugacy to a torus rotation, natural codings, and bounded
remainder sets.

We start with the case of Arnoux-Rauzy systems. Let S = {σ1, σ2, σ3} be the
set of Arnoux-Rauzy substitutions defined in (3.18). First we give a version of
Theorem 3.9.5 for the S-adic sequences taken from SN.

Corollary 3.9.10 (See [52, Theorem 3.8]) Let S be the set of Arnoux-Rauzy
substitutions defined in (3.18) and consider the full shift (SN,Σ, ν) equipped with
an ergodic invariant measure ν that assigns positive mass to each cylinder. Then
ν-a.e. σ ∈ SN defines an S-adic system (Xσ ,Σ) that is measurably conjugate to a
rotation T on the 2-torus T2. Moreover, each element ofXσ forms a natural coding
of T w.r.t. the partition {Ri : i ∈ A} defined by the subtiles of the Rauzy fractalR.
Each of these subtiles is a bounded remainder set of T .

Proof (Sketch) It is easy to see that each cylinder containing each of the three sub-
stitutions has positive incidence matrix. Thus the result follows from Theorem 3.9.5
if we can establish that (SN,Σ, ν) satisfies the Pisot condition and that for ν-a.e.
σ ∈ SN the associated collection C1 of Rauzy fractals forms a tiling. The fact that the
Pisot condition holds was proved by Avila and Delecroix [28]. The tiling property is
a consequence of Proposition 3.8.8. Indeed, assertion (iii) of this proposition holds
by the following results. Firstly, strong coincidence follows from [37, Proposition 4]
(or [52, Section 9] where “negative coincidence” was used). The other assertion
from Proposition 3.8.8(iii) is a weaker form of the geometric finiteness property
which holds by Proposition 3.8.11 (see also [48, Theorem 4.7]). �

With help of the balance properties of Arnoux-Rauzy sequences proved in [43]
it is possible to use Theorem 3.9.4 in order to show results for concrete Arnoux-
Rauzy systems. For instance it is proved in [52, Corollary 3.9] that any linearly
recurrent Arnoux-Rauzy sequence with recurrent directive sequence generates an
S-adic system (Xσ ,Σ) that is measurably conjugate to a rotation on a 2-torus.

For the second class of examples let S = {σ1, σ2, σ3} be the set of Brun
substitutions defined in (3.32). In this case a version of Theorem 3.9.5 completely
analogous to Corollary 3.9.10 holds.

Corollary 3.9.11 (See [52, Theorem 3.10]) Let S be the set of Brun substitutions
defined in (3.32) and consider the full shift (SN,Σ, ν) equipped with an ergodic
invariant measure ν that assigns positive mass to each cylinder. Then ν-a.e. σ ∈ SN
defines an S-adic system (Xσ ,Σ) that is measurably conjugate to a rotation T on
the 2-torus T2. Moreover, each element of Xσ forms a natural coding of T w.r.t. the
partition {Ri : i ∈ A} defined by the subtiles of the Rauzy fractalR. Each of these
subtiles is a bounded remainder set of T .



3 S-adic Sequences 185

Proof (Sketch) First observe that σ1σ2σ1σ2 has positive incidence matrix. One uses
again [28] to ensure that the Pisot condition holds (see also [83, 102, 118] for
similar results). The tiling property follows from geometric coincidence which is
established in [42] for the Brun class. �

Contrary to the Arnoux-Rauzy continued fraction algorithm, the Brun algorithm
can be performed for all elements (x1, x2) ∈ Δ with Δ as in (3.24). Thus, using
Brun systems we get natural codings for a.a. torus rotations t ∈ T

2.

Corollary 3.9.12 (See [52, Corollary 3.12]) Let S be the set of Brun substitutions
defined in (3.32). Then for almost every t ∈ T

2 (w.r.t. the Haar measure on T2) there
is σ ∈ SN such that the shift (Xσ ,Σ) is measurably conjugate to the rotation Tt by
t on T2. Moreover, the sequences in Xσ form natural codings of the rotation Tt.

To create concrete examples of Brun S-adic shifts being measurably conjugate to
a rotation, one can use Theorem 3.9.4 together with the balance results established
in [68].

3.10 Concluding Remarks: Natural Extensions, Flows, and
Their Poincaré Sections

It remains to extend the ideas and results presented in Sect. 3.2.5 to generalized
continued fraction algorithms and S-adic systems on d letters. This is the subject of
the ongoing paper by Arnoux et al. [12].

It is possible to study natural extensions of generalized continued fraction
algorithms (see for instance [19, 21]). In the way we do it in [12], the analogs
of the L-shaped regions of Sect. 3.2.5 are “Rauzy-Boxes” which are defined as
suspensions of S-adic Rauzy fractals. They were introduced in the S-adic setting
in [52, Section 2.9] but have been studied earlier in the substitutive case, see for
instance Ito and Rao [91]. These Rauzy boxes allow nonstationary Markov partitions
for so-called “mapping families” in the sense studied by Arnoux and Fisher [15] that
can be visualized by restacking S-adic Rauzy fractals in a suitable way.

Also Artin’s idea of viewing continued fraction algorithms as Poincaré sections
of the geodesic flow on SL2(Z)\SL2(R) can be generalized. In this generalization
the role of the geodesic flow is played by the Weyl Chamber Flow, a diagonal
R
d−1-action on the space SLd (Z)\SLd (R) of d-dimensional lattices. It turns out

that each coordinate direction of this R
d−1-action has a Poincaré section which is

arithmetically coded by a generalized continued fraction algorithm. Geometrically,
this is visualized by deforming a given Rauzy box (one for each coordinate) by
the action of the Weyl Chamber Flow and restacking it accordingly as soon as a
Poincaré section is reached.

Details of all this will be contained in [12].
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Chapter 4
Operators, Algebras and Their
Invariants for Aperiodic Tilings

Johannes Kellendonk

Abstract We review the construction of operators and algebras from tilings of
Euclidean space. This is mainly motivated by physical questions, in particular after
topological properties of materials. We explain how the physical notion of locality
of interaction is related to the mathematical notion of pattern equivariance for
tilings and how this leads naturally to the definition of tiling algebras. We give a
brief introduction to the K-theory of tiling algebras and explain how the algebraic
topology of K-theory gives rise to a correspondence between the topological
invariants of the bulk and its boundary of a material.

4.1 Tilings and the Topology of Their Hulls

In condensed matter theory tilings are used to describe the spatial arrangement of
the constituents which make up a material, for instance a quasicrystal. They describe
the spatial structure of the material.

Associated to a tiling are various topological spaces and topological dynamical
systems. Their topology is peculiar. It takes into account the topology of the space
in which the tiling lies and, at the same time, its pattern structure, that is, the way
how finite patterns repeat over the tiling. Continuity in the tiling topology is related
to locality in physics.
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4.1.1 Basic Notions

There exist various introductions to the theory of aperiodic tilings which cover
the basic notions we need, for instance [4, 41]. We recall here only the strict
necessary.

• A tiling is a covering of Rd by tiles whose interiors do not overlap.
• A tile is here a possibly decorated compact convex polyhedron. The polyhedron

(up to translational congruence) is its shape. The decoration is by symbols from
a symbol set A and serves to distinguish equal shapes (or enforce matching
conditions). We assume that tiles match face to face.

• The tiles of a tiling at different positions are considered different. If the tiling has
only finitely many tiles up to translation and only finitely many symbols then it
is said to have finite local complexity (FLC).

Examples are Voronoi tilings (or their dual) coming from Delone sets.
A tiling T can be translated by a vector x ∈ R

d in the space it lies. By this we
mean that the individual tiles are shifted by x. We denote the tiling translated by x
as T +x (the tile which has been on the origin 0 of the space in which T lies is now
on x). A period of a tiling is a vector x ∈ R

d such that T + x = T . Aperiodicity
may occur through the shapes of the tiles, like for instance in the Penrose tilings, or
through the decorations, or through both. In order not to overburden the notation and
complexity we now consider the first two cases separately and only indicate how to
do the third.

4.1.2 Undecorated Tilings

An undecorated tiling by compact convex polyhedra without decorations can be
equivalently described as the closed subset of R

d given by the union of the
boundaries of its tiles. In the following we attach a language and a hull to any closed
subset of Rd .

Let T be a closed subset of R
d . For R ≥ 0 and x ∈ R

d , the R-patch of T
centered at x is intersection of the R-ball at x with T , union with the boundary of
the R-ball,

BR[T ; x] := (BR(x) ∩ T ) ∪ ∂BR(x).

The R-patch class of an R-patch BR[T ; x] is its translational congruence class. The
representative of theR-patch class ofBR[T ; x] at 0 isBR[T ; x]−x = BR[T −x; 0],
we simply denote it by BR[T − x].
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Using R-patches we define a metric-topology on the set of all closed subsets of
R
d . Let T , T ′ be two closed subsets, their distance is

D(T ,T ′) = inf{ε : dH (Bε−1[T ], Bε−1 [T ′]) ≤ ε}

where dH is the Hausdorff distance between the set of all compact subsets of
Bε−1(0) which contain ∂Bε−1(0). We call L(T ) =⋃

R≥0 LR(T ),

LR(T ) = {BR[T − x] : x ∈ Rd}dH

the language of T . We say that a closed subset T ′ of Rd is allowed for the language
of T if each R-patch-class of T ′ occurs in L(T ). The set of all closed subsets which
are allowed for T is called the continuous hull of T and denoted byΩ(T ). IfR′ ≤ R

we have a continuous map LR(T ) � BR[T ′] �→ BR′ [T ′] ∈ LR′(T ) associating to
the R′-patch of T ′ its restriction to the ball of smaller radius R. The hull Ω(T )
can be seen as the inverse limit of these maps. In particular, the metric topology on
Ω(T ) is the same as the inverse limit topology, namely it is the smallest topology
so that all the maps Ω(T ) � T ′ �→ BR[T ′] ∈ LR(T ) are continuous.

Examples:

1. If T is bounded then Ω(T ) is the d-sphere.
2. If Λ is a regular lattice in R

d and T has period lattice Λ then Ω(T ) is the torus
R
d/Λ.

3. If T is a hyperplane of dimension k then Ω(T ) is the d−k-sphere, its south pole
corresponds to T and its north pole to the empty set.

Applied to an undecorated tiling this construction yields its continuous hull. If
T has FLC then {BR[T − x] : x ∈ R

d} is already closed in the Hausdorff topology
and so any R-patch of LR(T ) has a translate occuring in T . Then Ω(T ) is the set
of all tilings of Rd whose R-patches occur somewhere in T .

4.1.3 Wang Tilings

Consider an (undecorated) tiling T whose vertex set V happens to lie in a regular
lattice Λ ⊂ R

d . Choose a closed fundamental domain I (a parallel epiped) for
Λ and superimpose T with the periodic tiling whose tiles are I + λ, λ ∈ Λ.
Then the boundary points of the tiles of T mark on the tiles of the periodic tiling
patterns which we can take as symbols, and thus our tiling T can be alternatively
described by a tiling by decorated parallel epipeds. The two tilings contain the
same information, they can be transformed into each other by inspection of their R-
patches. This is an example of mutual local derivability [5] the definition of which
we recall further down. The tiling by decorated parallel epipeds is a so-called Wang
tiling.
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A Wang tiling is a tiling in which all tiles are cubes meeting face to face (or a
parallel epipeds, but we can always apply a linear transformation to deform it into a
cube), but the tiles carry decorations1 and so Wang tilings may be aperiodic. Once
we have fixed which tile contains the origin 0 of our space, the set of tiles of the
tiling are in bijective correspondence to Z

d and their decorations may be described
by a map into a space of decorations, or symbols, ξ : Zd → A. This suggests a
more symbolic approach to the construction of the hull, and so we start with the
description of the symbolic hull of a Wang tiling. We suppose that A is a compact
set and if it is finite the Wang tiling is said to have finite local complexity. The
(symbolic) N-patch of a Wang tiling at n ∈ Z

d is the decoration of the cube of size
2N + 1 at n, more precisely, this is the subset {ξn+m : ‖m‖max ≤ N} ⊂ A[−N,N]d .
The (symbolic) language of ξ is (ξ) = ⋃

N N(ξ) where N(ξ) is the closure of

the set of N-patches of ξ (shifted to 0) in A[−N,N]d . We can make the same inverse
limit construction as above to obtain the symbolic hull of the Wang tiling which we
denote Ξ(ξ) or simply Ξ if the context is clear.

The additional information which is needed to construct from a the map ξ :
Z
d → A a tiling of Rd is the location of the origin, that is, a choice of point x in the

cube I . Given such a point the Wang tiling symbolized by ξ is placed in R
d in such

a way that the point x lies on the origin of our space if we identify I with the tile
corresponding to 0 ∈ Z

d (so with symbol ξ0). The continuous hull Ω of the Wang
tiling is then the quotient of I × Ξ by the following relation: If x belongs to the
boundary of I then the origin of our space will be in two or more tiles of the Wang
tiling. These possibilities have to be identified. More precisely, if α : AZ

d → AZ
d

denotes the translation action, αm(ξ)(n) = ξ(n−m), then

Ω = R
d ×Zd Ξ

which is the quotient of the cartesian product w.r.t. the diagonal action, i.e. w.r.t. the
relation (x, ξ) ∼ (x +m,αm(ξ)). The continuous hull Ω is thus a fibre bundle over
the d-torus Rd/Zd with typical fibre Ξ .

4.1.4 Pattern Equivariant Functions and Local Derivability

The notion of pattern equivariant functions has been introduced for tilings of finite
local complexity in [27]. We extend here this notion to arbitrary tilings.

Let T be a closed subset. A map f from R
d to a topological space Y is called

strongly pattern equivariant for T (or local) if there exist R ≥ 0 and a continuous
function b : LR(T )→ Y (a sort of continuous sliding block code) such that

f (x) = b(BR[T − x]).

1Originally the decorations encode matching conditions, but we will not make use of that here.
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In particular, if the R-patch of T at x, when shifted by the vector y − x coincides
with the R-patch of T at y then f (x) = f (y). If Y is a metric space then we define
(weakly) pattern equivariant functions as functions from R

d to Y which are uniform
limits of strongly pattern equivariant functions.

A closed subset T ′ is locally derivable from a closed subset T if there exists
R > 0 and a continuous function b : LR(T )→ L1(T ′) (a local rule) such that

B1[T ′ − x] = b(BR[T − x]) (4.1)

for all x ∈ R
d . In other words, we can construct the 1-patch of T ′ at x from the

R-patch class of T at x. If T ′ is locally derivable from T and vice versa we say
that the two are mutually locally derivable. Since (4.1) has to hold for all x ∈ R

d

there is, for each r > 0, a unique extension br : LR+r (T ) → L1+r (T ′) such
that B1+r [T ′ − x] = br(BR+r [T − x]). The br are also continuous and so a local
derivation extends to a continuous map from the hull of T to the hull of T ′.

Note that if S is locally derivable from T , then the local rule b allows to locally
derive a set S(T ′) for any other element of Ω(T ). Any locally derivable uniformly
discrete subset S from T defines a transversal

ΞS = {T ′ ∈ Ω : 0 ∈ S(T ′)}.

Since s ∈ S(T ′) if and only if 0 ∈ S(T ′ − s) we see that

S(T ′) = {x ∈ R
d : T ′ − x ∈ ΞS}.

Clearly, the vertex set V of a tiling T is locally derivable. We call ΞV the canonical
transversal of Ω(T ).

Let F : Rd → R
d be a differentiable function whose differential dF is strongly

pattern equivariant for an undecorated tiling T . We can apply F to the vertex set V
of T to obtain a new set V ′ = F(V) which we would like to interprete as vertex
set of a new tiling T ′. If dF is close enough to the identity we can do this by (a)
requiring that the new tiles are the convex hulls of their vertices, and (b) preserving
the combinatorial structure, that is, the information which vertices are vertices of the
same tile. One may think of F as being homotopic to the identity and the new tiling
to be obtained by a continuous deformation. At least if T is FLC it can be shown
that, if dF is close enough to the identity then F is invertible and dF−1 is strongly
pattern equivariant for T ′. This then implies that F induces a homeomorphism
F : Ω(T ) → Ω(T ′) which maps ΞV (T ) to ΞV ′(T ′). Using this technique of
deformation [10, 28] one can show the following result.

Theorem 4.1.1 ([43]) Let T be a tiling of finite local complexity. There exists a
tiling T ′ of finite local complexity whose vertices lie in a regular lattice and a
homeomorphism between the continuous hulls of T and T ′ which preserves the
canonical transversals.
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Up to homeomorphisms preserving the canonical transversals any tiling of FLC can
therefore be understood as a Wang tiling. Indeed, if the vertices V ′ lie in a regular
lattice Λ then Λ must be locally derivable from T ′ and so we may identify ΞΛ(T ′)
with {0} × Ξ where Ξ is the symbolic hull of the Wang tiling described above. It
then follows that the continuous hulls of T ′ and of the Wang tiling also agree.

4.2 Operators from Tilings

We are interested in wave phenomena in a media whose structures are modeled
by tilings. The waves might either be probability waves of quantum mechanics,
or classical waves, like light or acoustic waves. The waves are solutions of wave
equations, like the Schrödinger equation or the Helmholtz equation, which typically
are differential equations. Assuming that the waves satisfy the superposition
principle and the equations are linear, the stationary problem consists of solving
an eigenvalue equation in the Hilbert space L2(Rd ), or more precisely to determine
the spectrum of a linear differential operator H on L2(Rd ).

If no external forces are present then the locality principle requires that the
differential operator H has the form

H =
∑

α

fαD
α

where Dαψ = ∏d
i=1

(
∂
∂xi

)αiψ for α ∈ N
d , and the coefficients fα are pattern

equivariant functions on R
d for the underlying tiling, typically non-zero only for

a finite number of α. External magnetic fields can be incorporated by minimal
coupling, but we won’t consider that case here.

H is typically an unbounded operator onL2(Rd )which requires a certain amount
of care, in particular as we will want to attach it to a C∗-algebra. This could be
done by considering bounded functions of H , like the heat-kernel exp(−tH ) or the
resolvent (H−x)−1, but alternatively by considering so-called tight binding models
whose operators are from the start bounded. This is what we will do here.

4.2.1 Tight Binding Operators

Let S be a Delone set which is locally derivable from a tiling T . For instance, the
vertex set of T is locally derivable from T . A tight binding operator is an operator
on 2(S,CN) of the form

Hψ(x) =
∑

y∈S
Hxyψ(y) (4.2)
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where, for each pair (x, y), Hxy is an N × N matrix. If there is an R > 0 such that
Hxy = 0 provided |y − x| > R the model has finite range and convergence of the
sum is not an issue. The locality principle now translates into the requirement that
the Hxy are pattern equivariant in the following sense: We call double R-patch at
(x, y) ⊂ R

d ×R
d the set

BR[T ; x, y] := BR[T ; x] × BR[T ; y] ⊂ R
d ×R

d

and its class [BR[T ; x, y]] the equivalence class under the diagonal action of Rd ,
(t, t ′) + x = (t + x, t ′ + x). The distance ‖x − y‖ between x and y is called the
range of the double R-patch at (x, y). The set of double R-patch classes of closed
subsets to R

d is a metric space w.r.t. the Hausdorff metric.2 A function R
d × R

d �
(x, y) �→ Y is then strongly pattern equivariant if, for some R,M > 0, there is a
continuous function b defined on the set double R-patch classes with range smaller
or equal to M such that f (x, y) = b([BR[T ; x, y]]).

A simple example of an operator of the form (4.2) is the discrete Laplacian on
the Penrose tiling. Here S is the vertex set of the tiling, N = 1, Hxy = 1 if x and y
are vertices of a common edge whereas Hxy = 0 otherwise.

4.2.2 Tight Binding Operators for Wang Tilings

If the vertex set of T lies in a regular lattice Λ then we may take S = Λ ∼= Z
d above

and rewrite (4.2) as

Hψ(x) =
∑

n∈Zd
Hn(x)ψ(x − n) (4.3)

for ψ ∈ 2(Zd,CN), where Hn(x) = Hx x−n. H has finite rank if Hn = 0 once n is
larger than a given size. The above notion of pattern equivariance using double R-
classes simplifies and we only have to make sure thatHn : Zd → MN(C) is strongly
pattern equivariant for each n ∈ Z

d . H depends thus only on the symbolic sequence
ξ : Z

d → A of the Wang tiling derived from T and S. Using the translation
operators on Z

d , T nψ(x) = ψ(x − n) we can write

H =
∑

n∈Zd
HnT

n.

By Theorem 4.1.1, any operator of the form (4.2) on a tiling of FLC can be brought
into the form (4.3). This applies, for instance, also to the discrete Laplacian on the

2The Hausdorff metric between equivalence classes of compact sets is the infimum over the
Hausdorff distances between representatives of the classes.
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Penrose tiling, even though the version written in the form (4.3) might look a lot
more complicated and does not display its fivefold symmetry. But the form (4.3)
has important structural consequences which, in particular, allow us to work with
crossed product algebras instead of more general groupoid algebras.

4.2.3 A Simple Class of One-dimensional Models

To illustrate the different phenomena which can occur in different type of tilings we
consider four simple tight binding models defined on one-dimensional Wang tilings.
The reader may consult [31] for more details.

Given a symbolic sequence ξ ∈ AZ over some symbol space A, we consider the
following operators on 2(Z,CN).

1. H = H0 + T + T ∗ with H0(n) = b(ξn) for some real block sliding code b :
A → R of range 0 (N = 1). H is the discrete Laplacien on Z

d plus an onsite
potential which depends only on the symbol at site x.

2. H =
(

0 Q∗
Q 0

)
withQ =∑

n∈ZQnT
n withQn(m) = bn(ξm) for complex block

sliding codes of finite range bn : L(A) → C, only finitely many being non-
zero (N = 2). H is the Hamlitonian of a typical one dimensional tight binding
model of finite range with chiral symmetry, namely H anti-commutes with the

self adjoint unitary Γ =
(

1 0
0 −1

)
.

The sequences ξ we consider here are obtained from a cut & project scheme with
dimension and codimension equal to one, namely they are constructed as follows.
For a given irrational number θ ∈ [0, 1] we consider the Kronecker flow line

L := {(t, θ ′t)|t ∈ R}/Z2

on the torus R
2/Z2 with slope θ ′ = θ

1−θ (see the red sloped line in the pictures
(1–3)). A window W is a (not necessarily connected) curve in the torus which is
transversal to the flow in the sense that there exists ε > 0 such that for every point
w ∈ W and all 0 < |t| < ε, w+ (t, θ ′t) �= W . We consider three types of windows.
In picture (1) W is a closed continuous (blue) curve with a single slope, in (2) W
a closed continuous curve with more than one slope. Finally in Picture (3) W has
a single slope but is not a closed loop. It makes a jump, and we suppose that the
boundary points of W belong to W and lie on a line parallel to L, but not equal to L.
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θ

)3()2()1(

We parametrize the intersection of L with windowW by a sequence of real numbers
(tn)n∈Z, that is, (tn, θ ′tn) ∈ W + Z

2, ordered according to the standard order of the
real line (there is an irrelevant choice of which element is the zeroth one). The
symbolic sequence we are looking at is ξn = tn+1 − tn, so A is a compact subset
of R+.

If one computes the symbolic hull Ξ of ξ one finds the following. Except for
an important subtlety in the third case, all elements of the hull can be obtained by
moving W relative to L and repeating the same construction: take s ∈ S := {(t, 1−
t)|0 ≤ t < 1}, parametrize the intersection of L with s+W , (tn, θ ′tn) ∈ s+W+Z

2

and set ξn(s) = tn+1− tn. The choice of zeroth element coherent by demanding it to
change continuously with s, which is possible except at the two points s for which
(t0, θ

′t0) ∈ s + ∂W + Z
2.

(1) If the window W is a closed continuous curve with a single slope then the
sequence ξ is periodic and the hull consists of a single point. The models
introduced above with periodic ξ have a band spectrum.

(2) If the transversalW is a closed continuous curve with more than one slope, then
the sequence ξ is aperiodic and takes infinitely many values (it has infinite local
complexity). Sequences of this type are almost periodic in the sense of Bohr.
Physically they describe incommensurate structures. With an appropriate shape
for W and b(ξn) = λξn the operator H = H0 + T + T ∗ is the Harper model.
The computation of its spectral properties has a long history [34]. Its spectrum
is a Cantor set [3]. Its spectral type depends on the value of λ. Below a critical
value for λ the operator has absolute continuous spectrum, at the critical value
it has singular continuous spectrumn, and above that critical value it has pure
point spectrum (for almost all θ ) [24].

The map S � s �→ ξ(s) ∈ Ξ is bijective and continuous and so yields
a homeomorphism between the circle S and the symbolic hull Ξ . We may
parametrize S in such a way that the shift action on Ξ corresponds to the
rotation by θ .

(3) If the windowW is a discontinuous curve with a single slope then the sequences
ξ are so-called Sturmian sequences. They are aperiodic and have finite local
complexity. They are also referred to as quasi-periodic, because such structures
are used for one dimensional quasicrystals. With the choice of W as in the
picture (3) there are only two possible values for ξn, let’s call them a and b,
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a > b. If the onsite potential of the above model H = H0 + T + T ∗ takes
different values on a and b, we have the so-called Kohmoto model. Its spectrum
is expected to be a Cantor set and singular continuous; this could be rigorously
proven for the value of θ which corresponds to the Fibonacci sequence [14].

The jumps in W as in Picture (3) lead to an important subtlety. If the line
L passes through one boundary point of s +W then it passes also through the
other boundary point. This situation will occur whenever L ∩ (s + ∂W) �= ∅,
which happens for a countable dense set of values for s ∈ S. For these values,
which we call singular, ξ(s) will contain a third length c and therefore not in
the symbolic hull of the original sequence ξ . However, by selecting only one
of the two boundary points one obtains an element of the hull. Stated in terms
of sequences, if s is singular then ξ(s) contains somewhere the word bcb. If
we replace this word by either ab or ba then the resulting sequence will be in
the symbolic hull Ξ . As a consequence,Ξ contains the sequences ξ(s) coming
from the points of S which are not singular and, for each singular point of S,
two sequences corresponding to the above two choices. The sequences of Ξ
which come from singular points of S can be characterised by the fact that they
contain a pair ab (or ba) which can be flipped to ba (or ab, respectively) so that
the result lies still in Ξ . Such a flip is called a phason flip . It plays an important
role in quasi-crystal physics.

Topologically, Ξ is the circle S disconnected along its singular points [17].
By disconnecting an interval [0, 1] at some point 0 < r < 1 we mean the
following: We take r out to get two half open intervals and then add to each half
open interval individually its missing boundary point. The result is the disjoint
union of [0, r] with [r, 1] which hence has two connected components. There
is an obvious map from this disjoint union back to the interval, just identify the
two added boundary points.

Using inverse limits one can perform this procedure to a circle for a
countable subset points. If this subset is dense then the resulting disconnected
circle, which we denote Sc, is totally disconnected, the connected component
of a point will contain only that point. There will then be a map from the
disconnected circle Sc to the original circle S which is almost everywhere one
to one, and two to one at the singular points.

The shift action on the hull can be described on Sc as follows: on the non-
singular points of S the action is by rotation by θ , as in the almost periodic case,
and the single orbit of singular points of S corresponds to two orbits in Sc.

(4) In the context of the above situation there is another possibility to resolve the
issue of a third length c appearing in ξ(s) for singular s [30]. We explain
this the idea, which goes back to [16], first for the interval [0, 1] which we
disconnected above at some interior point r . Instead of adjoing two boundary
points to the half-open intervals [0, r) and (r, 1] to make them closed and
disconnected we may add an intervall [0, 1] whose boundary points become the
missing boundary points of the half-open intervals. The result is then a single
(connected) interval [0, r) ∪ [r, r + 1] ∪ (r + 1, 2] = [0, 2]. When doing this
for the circle with infinitely many points the result will be a again a circle,
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which we call the augmented circle Saug. It seems that the augmented circle has
infinite circumference, but since we are only interested in its topology this is
irrelevant. For the symbolic sequences ξ this has the following interpretation.
If ξ(s) is singular and thus contains the forbidden word bcb then, apart from
the choices ab and ba, we have the possibility to replace bcb with atbt where
at = (1−t)a+tb and bt = ta+(1−t)b, t ∈ [0, 1]. This enlarges the symbol set
to A = [a, b]. For t �= 0, 1 the resulting sequences are no longer Sturmian, but
the augmentation has a nice physical interpretation; it corresponds to making
the phason flips a continuous motion.

This has consequences for the hull with its shift action. The augmented hull
Ξ̃ is by definition the set of sequences obtained in the above way, that is, it
contains Ξ together with a countable set of intervals. Topologically we may
identify it with Saug and then the shift action corresponds to, the rotation by θ
on the points which are not singular, and a permutation of the added in intervals.
Indeed, if we require that the t-variable is kept fixed there is only one possible
continuous extension of the Z-action to Saug .

The effect on the spectrum of the associated Hamiltonian has been numeri-
cally analysed in [30]. If the underlying sequence contains atbt for t �= 0, 1, the
spectrum contains an additional eigenvalue in each gap.

4.2.4 Gaps and the Integrated Density of States

A gap in the spectrum of self adjoint operators is a connected component of its
complement in R. Physically a gap means that the material cannot have (electronic
or wave) states at energies which lie in the gap.3 In other words, the density of states
vanishes in the gaps of the spectrum. The integrated density of states at energy
E, IDS(E), is the integral over the density of states from −∞ to E. It is thus a
positive increasing function which is constant on gaps. Under suitable homogeneity
assumptions on the material (for instance, if the tiling dynamical system is uniquely
ergodic) the integrated density of states at E can be expressed as the trace per unit
volume of P≤E(H), the spectral projection of H to its states with energy lower
than E. The trace per unit volume is a linear functional which can be evaluated on
operators of 2(Zd) (provided they are trace-class w.r.t. it) which is invariant under
conjugation with unitaries and normalised so that its value on the identity operator
is 1.

We will see that, if E lies in a gap then IDS(E) is a numerical topological
invariant of the operator, which takes values in a countable sub-group of R which
depends only on the underlying tiling. The topological invariance manifests itself in
the property that the number is robust against perturbations which do not close the
gap.

3At low enough temperature.
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4.3 Algebras for Tilings

We construct C∗-algebras for tilings for two reasons. First, by assigning in a
coherent way a C∗-algebra to a tiling we can study the tiling using the tools of
C∗-theory and non-commutative topology. Second, the algebra is a natural host for
pattern equivariant operators for the tiling and so in particular contains operators
describing the physics of the material modeled by the tiling.

The abstract definition of a C∗-algebra is as a complex ∗-Banach algebra whose
norm satisfies the C∗-condition, ‖a∗a‖ = ‖a‖2. One of the fundamental theorems
in C∗-theory says that any C∗-algebra can be faithfully represented on a Hilbert
space. While this allows to view C∗-algebra s more concretely as the norm closed
sub-algebras of the bounded operators on a Hilbert space, a point of view which
is close to physics, the abstract definition has its advantages when it comes to the
study of its topological invariants.

4.3.1 The Pattern Equivariant Approach

We describe the approach to tiling algebras via pattern equivariant integral kernels.
When restricted to tilings of finite local complexity this is essentially the same than
[26, 31].

We fix a tiling T which we view as the closed subset of Rd given by the boundary
points of its tiles. We construct a C∗-algebra for T using double R-patch classes.

Recall that LR(T ) is the closure in the Hausdorff metric (between closed subsets
of the R-ball at 0) of the set of all R-patches of T which are centered at 0.
Deemphazising the role of the origin we may also describe LR(T ) as the closure
of R-patch classes of T in the Hausdorff metric, defining the Hausdorff distance
between two equivalence classes as the infimum of the distance taken over all
possible representatives. An element of the inverse limit Ω(T ) = lim+∞←R

LR(T )
can then also be described as [T ; x], the translational equivalence class of a tiling
T together with a point x in the tiling. It corresponds to the tiling T − x, that is the
representative of T which has x on the origin of Rd .

Recall furthermore the definition of a double R-class of T as the equivalence
class of a double R-patch BR[T ; x, y] = BR[T ; x] × BR[T ; y] under the diagonal
action by translation. We denote the equivalence class by

[
BR[T ; x, y]

]
and define,

for M ≥ 0,

LR,M(T ) = {[BR[T ; x, y]
] : |y − x| ≤ M}dH

the closure of the set of double R-classes of range bounded by M . Then LR(T ) =
LR,0(T ), as we may identify

[
BR[T ; x, x]

]
with BR[T − x], the R-patch of T at x

shifted to 0.
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If R > R′ we have an obvious surjection

LR,M(T ) � LR′,M(T ) (4.4)

given by
[
BR[T ; x, y]

] �→ [
BR′ [T ; x, y]

]
and if M < M ′ an obvious inclusion

LR,M(T ) ↪→ LR,M ′
(T ). (4.5)

Consider the continuous function v : LR,M(T )→ BM(0)

v(
[
BR[T ; x, y]

]
) = x − y

and define C0(LR,M(T )) to be the space of continuous functions (sliding block
codes) b : LR,M(T )→ C which vanish on v−1(∂BM(0)). Then the surjection (4.4)
and the inclusion (4.5) induce inclusions

C0(LR′,M(T )) ↪→ C0(LR,M ′
(T ))

where R′ < R and M < M ′, which are algebra homomorphisms w.r.t. pointwise
multiplication. We define the space of strongly pattern equivariant (for T ) elements
as the algebraic direct limit

A(s)(T ) = lim
R,M→∞C0(LR,M(T ))

When equipped with pointwise multiplication and complex conjugation,A(s)(T ) is
a non-unital commutative ∗-algebra. But on A(s)(T ) we have a second ∗-algebra
structure, namely the non-commutative convolution product C0(LR,M(T )) ×
C0(LR′,M ′

(T ))→ C0(LR′′,M ′′
(T ), R′′ = max(R,R′), M ′′ = M +M ′, defined by

b $ b′(
[
BR′′ [T ; x, y]

]
) =

∫

BM(x)∩BM′(y)
b(
[
BR[T ; x, z]

]
)b′(

[
BR′ [T ; z, y]

]
)dz

b∗(
[
BR[T ; x, y]

]
) = b(

[
BR[T ; y, x]

]
)

Every element of Ω(T ) defines a representation πT of A(s)(T ) on L2(Rd). Given
b ∈ C0(LR,M(T )),

πT (b)ψ(x) =
∫

BM(x)

b([BR[T ; x, z]])ψ(z)dz.

This is compatible with the inclusions and one easily sees that πT is faithful, as the
translates of T in Ω(T ) form a dense set. As a result ‖πT (b)‖ ≤ ‖πT (b)‖ for all
T ∈ Ω(T ). The continuous tiling algebra A(T ) is the completion of (A(s)(T ), $)
in the norm ‖b‖ := ‖πT (b)‖.
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We may interprete the above in the following way: Any element b ∈ A(s)(T )
lies in some C0(LR,M(T )) and thus defines a strongly pattern equivariant function
fb : Rd × R

d → C by

fb(x, y) = b(
[
BR[T ; x, y]

]
)

which we call its integral kernel.A(s)(T ) can thus be seen as the algebra of strongly
pattern equivariant integral kernels over Rd with their usual product and ∗-structure

f $ g(x, y) =
∫

Rd

f (x, z)g(z, y)dz

f ∗(x, y]) = f (y, x)

and the representation πT corresponds to the usual representation of integral kernels

πT (b)ψ(x) =
∫

Rd

fb(x, z)ψ(z)dz.

Let S be a Delone set which is locally derivable from T . The discrete tiling
algebra associated to S is obtained by restricting the above construction to double
R-patchesBR[T ; x, y]with x, y ∈ S. We denote LR,MS (T ) ⊂ LR,M(T ) the closure
of the double R-patch classes with x, y ∈ S and ‖y − x‖ ≤ M . The discrete tiling
algebra AS(T ) is the completion of the algebra (A(s)

S (T ), $) where

A
(s)
S (T ) = lim

R,M→∞C0(L
R,M
S (T ))

is the algebraic limit and

b $ b′(
[
BR′′ [T ; x, y]

]
) =

∑

z∈S
b(
[
BR[T ; x, z]

]
)b′(

[
BR′ [T ; z, y]

]
)

and the ∗-structure is b∗(
[
BR[T ; x, y]

]
) = b(

[
BR[T ; y, x]

]
). Similar to the

continuous case, every element of Ξ(T ) defines a representation πST of A(s)(T )
on L2(S(T )). Given b ∈ C0(LR,M(T )),

πST (b)ψ(x) =
∑

z∈S(T )∩BM(0)
b([BR[T ; x, z]])ψ(z) (4.6)

and the completion is taken in the norm ‖b‖ = ‖πST (b)‖. The representation πST on
2(S) can again be written using integral kernels,

πST (b)ψ(x) =
∑

z∈S
fb(x, z)ψ(z).
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This corresponds exactly to (4.2) and indeed, tight binding operators with local
coefficients are represented by elements of the discrete tiling algebra.

One advantage of discrete tiling algebras is that they are unital. Indeed, since S
is uniformly discrete, C0(L

R,M
S (T )) = C(LR,0S (T )) for some small enoughM > 0.

Therefore A(s)
S (T ) contains C(LR,0S (T )) and thus a unit.

4.3.2 The Groupoid Approach

While the definition of the tiling algebras by means of pattern equivariant functions
is very intuitive, as it mimicks local operators, a more abstract definition is needed
for K-theory calculations. In fact, the algebras can be understood as groupoid C∗-
algebra s and in the case that the groupoid is a transformation groupoid, they become
crossed product algebras for which tools in K-theory have been developed.

The Gelfand spectrum of the commutative algebra A(s)(T ) with pointwise
multiplication is given by

G(T ) =
⋃

M≥0

lim∞←R
LR,M(T ).

The elements of G are of the form [T ; x, y] where [T , x] ∈ Ω(T ). G is a the
continuous tiling groupoid, it carries the groupoid product

[T ; x, y][T ′; x ′, y ′] = [T , x, y ′] provided T ′ = T and x ′ = y.

Cc(G) with the standard convolution product for groupoid algebras is nothing else
then (A(s)(T ), $). A(T ) is therefore the groupoid C∗-algebra of G(T ).

Under the homeomorphism G(T ) � [T ; x, y] �→ ([T ; x], x − y) ∈ Ω(T )× R
d

the product becomes

([T ; x], v)([T ′, x ′], v′]) = ([T ; x], v + v′) provided [T ′; x ′] = [T , x − v]

The product encodes thus the action αv([T ; x]) := [T ; x − v] of Rd on Ω(T ). It
follows that the continuous tiling algebra is the crossed product C∗-algebra

A(T ) ∼= C(Ω(T ))�α R
d

associated to the continuous dynamical system (Ω(T ),Rd , α) of the tiling.
Also AS(T ) can be interpreted as a groupoid C∗-algebra, namely of the discrete

tiling groupoid associated to S,

GS(T ) =
⋃

M≥0

lim∞←R
LR,MS (T )
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whose unit space is the discrete hull

ΞS = lim∞←R
LR,0S (T ).

Indeed, the elements of GS are given by triples [T ; x, y] with x, y ∈ S(T ) and
T ∈ Ω(T ) and the product is the same as for G but x, y are restricted to S(T ).

4.3.3 Crossed Products with Z
d

The case which we will describe in more detail is the one in which GS(T ) is actually
a transformation groupoid so that AS(T ) is a crossed product byZd . As some details
about crossed products with Z

d are needed further down we recall them here, see
also [15]. For that we start more generally with an action α of Zd on a (unital) C∗-
algebra B. Let BαZd be the linear space of Laurent polynomials

∑
n∈Zd bnun (only

finitely many bn are non-zero) with coefficients bn ∈ B. Here u1, · · · , ud are d

variables and un = u
n1
1 · · ·undd . Define the associative product and ∗-structure

bnu
nb′mum = bnαn(b

′
m)u

n+m, (bun)∗ = α−n(b∗)u−n. (4.7)

In particular, the u1, · · · , ud commute and satisfy the relations of unitaries, uiu∗i =
u∗i ui = 1.

Any representation ρ of B on some Hilbert space H gives rise to a representation
πρ of BαZd on 2(Zd,H):

πρ(b)ψ(n) = ρ(α−n(b))ψ(n), πρ(u
m)ψ(n) = ψ(n −m)

and if ρ is faithful then the crossed product C∗-algebra B �α Z
d is the completion

of the above algebra BαZ
d w.r.t. the norm ‖ · ‖ := ‖πρ(·)‖. πρ is called the

representation induced by ρ.
We now specify to the case of discrete tiling algebras which may be written as

crossed products with Z
d . This might not always be the case and so we need to make

some assumptions. We say that T is a decoration of Zd if there exists an oriented
graph Γ , such that

1. There is an isomorphism (of oriented graphs) ν between Γ and the Caley graph
of Zd ,

2. the set of vertices S of Γ is a Delone subset of Rd which is locally derivable
from T ,

3. for all edges (x, y) of Γ , ν(x, y) is locally derivable from T ,
4. the combinatorial distance between x, y ∈ S (the minimal number of edges

needed to link x with y) is Lipschitz equivalent to their euclidean distance in
R
d .
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Before we exploit these conditions we remark that they naturally occur in many
situations. They are clearly satisfied for Wang tilings where we can take S to be the
vertices and the edges of Γ to be the edges of the cubes. The orientation can be
coherently fixed by a global choice of orientation on R

d . More generally, an tiling
from which we can locally derive a lattice S allows the construction of such a graph
Γ in a similar way. Recall that after deformation this can always be achieved for
FLC tilings. But S does not have to be a lattice, for instance, for one dimensional
tilings (with a lower and an upper bound on thel tile size) we may use the tiles to
define the edges of Γ , oriented according to a choice of orientation for R.

Let ν be an isomorphism between Γ and the Caley graph of Zd . Then we can
define a map

ṽ : GS(T )→ Z
d

as follows. Given (x, y) ∈ S × S there is a path in Γ from y to x. We map this
path with ν to a path in the Caley graph of Zd . As such the path corresponds to
an element of Zd which we denote ν(x, y). While the path need not be unique, the
group element is. We now define

ṽ([T ; x, y]) = ν(x, y).

By the above conditions 2. and 3., for any edge (x, y) of Γ there exists R > 0 such
that ṽ([T ; x, y]) can be derived from the double R-patch class [BR[T ; x, y]]. The
R depends on (x, y) but since, by 4., the combinatorial distance between x and y is
bounded by a constant times their euclidean distance, we can, given M > 0, choose
the R uniformly for all (x, y) ∈ S × S with ‖y − x‖ ≤ M . This shows that ṽ is
extends by continuity to GS(T ). From ν(x, y) = ν(x, z) + ν(z, y) for all z ∈ S

we derive that ṽ is a groupoid homomorphism. Clearly, when restricted to the orbit
of [T ; x, x] in GS(T ) (which is a group), then ṽ is a group isomorphism. Since the
orbit of T is dense by construction, the restriction of ṽ to any orbit of GS(T ) is an
isomorphism. We therefore can define an action α on ΞS by Z

d ,

αn([T ; x]) = [T , y]

where y is the unique element of S such that ṽ([T ; x, y]) = n. Since ṽ is strongly
pattern equivariant this action is continuous and the map

Gs � [T ; x, y] �→ ([T ; x], ṽ([T ; x, y])) ∈ ΞS �α Z
d

a continuous groupoid homorphism. Moreover, the map is bijective. Condition 4
now guarantees that its inverse is continuous. Indeed, it implies that ṽ−1(ei) ∈ LR,MS

for some finite R and M , where ei is a generator of Zd . Since LR,MS is compact
also ṽ−1(ei) is compact, which shows that the restriction of ṽ to ṽ−1(ei) is a
homeomorphism onto ΞS × {ei}. A similar argument works for any n ∈ Z

d .
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It now follows from the general theory [38] that the discrete tiling algebra AS(T )
is isomorphic to the crossed product C(ΞS) �α Z

d of C(ΞS) with Z
d . We find it

instructive to explain this directly: We have seen that A(s)
S (T ) containsC(LR,0S (T )).

It furthermore contains the indicator functions on compact open subsets of LR,0S (T ).
Above we saw that ṽ−1(n) is compact. It is also open and thus its indicator function
χn an element of AS(T ). Let b ∈ C(LR,0S (T )). Then

χn $ b([T ; x, y]) = χn([T ; x, y])b([T ; y, y])
b $ χn([T ; x, y]) = b([T ; x, x])χn([T ; x, y]).

Now χn([T ; x, y]) = 1 is equivalent to αn(b)([T ; x, x]) = b([T ; y, y]) and hence
we have χn $ b = αn(b) $ χn. Therefore, if un = χn, the relations (4.7) are
satisfied. This shows that A(s)

S (T ) contains BαZd with B = limR→∞ C(LR,0S (T )).
Furthermore, any b ∈ C0(L

R,M
S (T )) can be written as a finite linear combination of

elements from C(LR,0S (T )) and χn. Hence BαZd is dense in AS(T ). Since C(ΞS)

is the closure of B we have AS(T ) ∼= C(ΞS)�α Z
d .

Given [T ; x] ∈ ΞS the representation πST (4.6) is unitarily equivalent to a
representation on 2(Zd) in which χn acts as the translation operator T n. Indeed,
the unitary intertwining the representation corresponds to the bijection ν(x, ·) :
S(T − x)→ Z

d . Furthermore, the representation on 2(Zd ) obtained in this way is
the d-fold iterated induced representation of the representation ρT : C(ΞS) → C

given by ρT (f )ψ(x) = f ([T ; x])ψ(x).
For Wang tilings, the symbolic hull Ξ plays the role of ΞS .

4.3.4 Extensions and Exact Sequences

One of the basic building blocks of algebraic topology are extentions. An extension
of a C∗-algebra A is a C∗-algebra E together with a surjective morphism q : E →
A. Let J = ker q . J is a closed two-sided ideal of E. Denoting by i : J → E the
inclusion map we have a short exact sequence (SES)

0→ J
i→ E

q→ A→ 0

that is, a chain of algebras with morphisms i, q such that i is injective, im i = ker q
and q is surjective.

Of particular importance is the Toeplitz extension T (B, β) of the crossed product
A = B �β Z. Its construction is close to that of B �β Z, but instead of the
algebra BβZ generated by the elements of B and a unitary u subject to the relation
ub = β(b)u we now take the algebra generated by the elements of B and a (proper)
isometry û and its ∗-adjoint û∗, which are subject to the relations

ûb = β(b)û, bê = êb
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where ê = 1 − ûû∗, and b ∈ B. Saying that û is an isometry means that û∗û = 1
and implies that ê is a projection, properness requires ê to be neither 0 nor 1. We
denote this algebra by BβN. Elements of BβN are thus finite sums of finite products
of elements from B, û and û∗. The above relation imply that also û∗b = β−1(b)û∗.

We have a surjective ∗-algebra morphism q : BβN→ BβZ which is given by

q(b) = b, q(û) = u

and hence satisfies q(ê) = 0. The kernel of q is the subalgebra generated by ê.
Identifying ê with the half-infinite Jacobi matrix which has as only non-zero entry
a 1 at the upper left corner, and û with the Jacobi matrix which is 1 on the lower
diagonal, we see that ker q can be identified with the algebra of half-infinite matrices
with entries from B of which only finitely many are non-zero. This is the tensor
product B ⊗ F where F is the algebra of half-infinite complex matrices with only
finitely many are non-zero entries. We thus have a SES

0 → B ⊗ F → BβN
q→ BβZ→ 0

The Toeplitz extension is the universal C∗-completion of BβN and gives rise to the
SES of C∗-algebra s

0 → B ⊗K→ T (B, β) q→ B �β Z→ 0 (4.8)

Here K is the algebra of compact operators. Recall that a representation ρ of B on H
induces a representation πρ of B �β Z on 2(Z,H). It also induces a representation
π̂ρ of T (B, β) on 2(N,H), namely

πρ(b)ψ(n) = ρ(α−n(b))ψ(n), πρ(û)ψ(n) = ψ(n− 1) with ψ(−1) = 0.

4.4 K-Theoretic Invariants for Tilings

Having assigned to a tiling various C∗-algebra s, their K-groups yield invariants
for the tiling. These invariants can serve to distinguish tilings, or even classify them
under weaker notions of equivalence. But they also aquire physical significance, as
the algebra is physically motivated.

In turns out that the discrete tiling algebras constructed above for a given tiling
and a Delone set S which is locally derivable from the tiling are all strongly Morita
equivalent to the continuous tiling algebra. Since K-groups do not distinguish
strongly Morita equivalent algebras, the different algebras lead to the same K-
groups. Having said that, K-groups can come with extra structure. The K0-group
can be ordered, for instance, and scaled (this is then called a dimension group)
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[40]. Whereas the order structure is again the same for strongly Morita equivalent
algebras, the scale is not, and different choices for S lead to different scales.

4.4.1 Short Definition of K-Theory

We provide a definition of the K-groups which is motivated by physics. The
elements of the groups are essentially homotopy classes of Hamiltonians which
have a gap in their spectrum. This approach is based on van Daele’s formulation
of K-theory [12] and has been adapted to topological phases in [29], though we
consider only the complex case here. For the more traditional approach we refer the
reader to [9, 40].

If the local arrangement of atoms in a solid are described by a tiling (in the sense
of being mutually locally derivable with the tiling) then it is natural to consider the
tiling algebra as the C∗-algebra of observables. But what follows can in principle be
carried out with any C∗-algebra A which is motivated by the physical system one
wants to consider.

The energy observable corresponds to a self-adjoint element H of A (the
Hamiltonian, or a bounded function of the Hamiltonian), represented in the relevant
physical representation of A. A gap in the spectrum ofH indicates that the system is
an insulator, provided the Fermi energy lies in that gap. The topological phase of the
insulator is, by definition, the homotopy class of H under continuous deformation
which preserves self-adjointness and the presence of a gap at the Fermi energy.
Assuming that A is unital we may shift the gap and the Fermi energy to 0 and thus
say that the topological phase of H is its connected component in the set of self-
adjoint invertible elements GL(As.a.) of A. Following a standard procedure one can
construct an abelian group K0(A) whose elements are generated by the homotopy
classes of GL(As.a.). K1(A) is obtained by a similar construction, but for the set
of connected components of GL(A), that is, without the self-adjointness constreint.
In physics, the role of an invertible element Q ∈ A is as the chiral half of an
insulator with chiral symmetry; the Hamiltonian of such an insulator has the form

H =
(

0 Q∗
Q 0

)
.

To construct a group out of the homotopy classes of GL(A) we consider homo-
topy classes in all GL(Mn(A)), n ≥ 1, the invertible elements in the matrix algebras
over A. To compare matrices of different sizes we use the inclusion GL(Mn(A)) �
x �→ x ⊕ 1 ∈ GL(Mn+1(A)) which induces an inclusion of homotopy classes. The
direct limit of the quotient spaces by homotopy limn GL(Mn(A))/ ∼h admits an
addition [x] + [y] = [x ⊕ y] ([x] denotes the homotopy class of x). It turns out
that x ⊕ y is homotopic to x ⊕ y in GL(M2(A)), and also to xy ⊕ 1. The addition
law defined above is therefore the abelianization of the product in A and yields an
abelian group structure with neutral element [1] and inverse −[x] = [x−1]. K1(A)

is this abelian group.
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The construction of K0(A) follows similar lines, except one requires self-
adjointness, and therefore considers the direct limit limn GL(Mn(A)

s.a.)/ ∼h.
Addition is still defined by [x] + [y] = [x ⊕ y], but since a product of two self-
adjoint elements need not to be self-adjoint, it is not the abelianization of the product
in A and V (A) := limn GL(Mn(A)

s.a.)/ ∼h does not contain inverse elements.
Instead V (A) is an abelian monoid with neutral element [1].K0(A) is the associated
Grothendieck group V (A) × V (A)/ ∼. Here ([x1], [y1]) ∼ ([x2], [y2]) if there
exist [z] ∈ V (A) such that [x1] + [y2] + [z] = [x2] + [y1] + [z] and addition is
componentwise, ([x1], [y1])+ ([x2], [y2]) = ([x1] + [x2], [y1] ⊕ [y2]).

The more conventional picture of K0(A) uses homotopy classes of projections.
Any H ∈ GL(As.a.) is homotopic to a self-adjoint unitary, that is, an element of the
form 1− 2p where p is a projection. This projection is the spectral projection onto
the negative spectral part of H . A homotopy class of invertible self-adjoint elements
corresponds therefore to a homotopy class of projections.

Similarily, any invertible element is homotopic to a unitary. This yields the
conventional picture of K1(A) as homotopy classes of unitaries.

4.4.1.1 Basic Properties of K-Theory

We list the basic properties of K0 and K1.

1. Functoriality. Whenever we have an algebra homomorphism ϕ : A → B

between two unitalC∗-algebra s and ϕ preserves the unit, then we obtain a group
homomorphism ϕ∗ : Ki(A)→ Ki(B) simply by setting ϕ∗([x]) = [ϕ(x)]where
ϕ is extended to Mn(A) entrywise. Furthermore (ψ ◦ ϕ)∗ = ψ∗ ◦ ϕ∗.

2. Ki preserves direct sums. Ki(A⊕ B) = Ki(A)⊕Ki(B).
3. Stability. The map x �→ x ⊕ 1 induces an isomorphism Ki(Mn(A)) →

Ki(Mn+1(A)). In particular, Ki(K ⊗ A) ∼= Ki(A), where K are the compact
operators, and (strongly) Morita equivalent algebras have the same K-theory.

4. Continuity. Ki commutes with limits, Ki(limn An) = limn Ki(An).

4.4.1.2 Definition of Ki(A) for Non-unital Algebras

The definition we gave above for Ki(A) needs invertibility, and hence a unit for A.
If A is not unital we have to add a unit to A. This is done in the following way.

LetA+ = A×C with product (a, λ)(b, μ) = (ab+λb+μa, λμ) and ∗-structure
(a, λ)∗ = (a∗, λ). This is a unital algebra with unit (0, 1). We have a surjective
algebra homomorphism π : A+ → C, π(a, λ) = λ, whose kernel is A. Since A+ is
unital we may define its Ki-groups in the above way (A+ is aC∗-algebra in a natural
way). We thus get a group homomorphism π∗ : Ki(A

+)→ Ki(C). By definition,

Ki(A) = kerπ∗.
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4.4.1.3 More Involved Properties of K-Theory

The definition, in particular of K0(A) for non-unital A is not very direct, but it is
crucial to obtain the following important properties.

1. Bott periodicity. We have not given a definition of Ki(A) for i > 1, but the
reasonable definition of Ki(A) for i even, or odd, turns out to be isomorphic to
K0(A), or K1(A), respectively. This is called Bott periodicity.

2. Six term exact sequence (boundary maps). Given a short exact sequence of
C∗-algebra s

0→ J
i→ E

q→ A→ 0

there are group homomorphisms (boundary maps) δi : Ki(A) → Ki−1(J )

making the following long sequence of K-groups exact

Ki(J )
i∗→ Ki(E)

q∗→ Ki(A)
δi→ Ki−1(J ) · · ·

Due to Bott periodicity, the above sequence is of period 6. We will provide
formulas for the boundary maps below which can be interpreted physically.

4.4.2 Calculating K-Groups for Tiling Algebras

There are tools to calculate the K-groups for the continuous tiling algebra C(Ω)�

R
d and tools to calculate them in the case there is a transversal ΞS such that the

corresponding discrete tiling algebra is a crossed product C(ΞS) �α Z
d . We saw

that the latter is guaranteed if the tiling has FLC. Apart from the scale, the K-
groups of C(Ω) � R

d and C(ΞS) �α Z
d coincide, as the algebras are strongly

Morita equivalent. Both calculations need extra structure and boil down to express
the K-groups as cohomology groups.

4.4.2.1 Via the Connes-Thom Isomorphism and Approximants

One method of computation of their K-groups makes use of the approximants
LR(T ) of the tiling discussed above. This method is feasible if the approximates
are subject to a strong hierarchical order, as, for instance, substitutional tilings
[1, 31, 42].

The Connes-Thom isomorphism [11] is one of the fundamental results in K-
theory which allows to relate the K-theory of a crossed product algebra with R,
B �β R, to the K-theory of B. Indeed, for any (continuous) action β of R on a
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C∗-algebra B one has

Ki(B �β R) ∼= Ki−1(B).

Starting with the continuous algebra C(Ω) �α R
d we can apply iteratively the

Connes-Thom isomorphism to get

Ki(C(Ω)�α R
d) ∼= Ki−d (C(Ω)).

As Ω(T ) = lim← LR(T ) the algebra C(Ω) is the C∗-completion of the limit

lim→ C(LR(T )) so that, using the continuity of the K-functor we get

Ki(C(Ω)) = lim
R→+∞Ki(C(LR))

The LR are flat branched manifolds. For low enough dimension (d ≤ 3)Ki(C(LR))

is isomorphic to the singular cohomology of the space LR which is computable. If
T has a hierarchical structure relating LR for different R (or suitable modifications
thereof) then the direct limit can be computed. For substitution tilings a computer
code is available to perform these calculations [18].

4.4.2.2 Via Iteration of the Pimsner-Voiculescu Sequence and Group
Cohomology

A second approach to the calculation of K-groups of tilings which are decorations
of Zd is based on the iteration of the Pimsner-Voiculescu sequence [35]. It is useful
if one has good control on the action α of Zd on the discrete hull Ξ [17, 19, 23, 25].

Consider an isomorphism φ : M → M of an abelian group. The quotient
CφM := coker(id−φ) is called the group of coinvariants and the subgroup IφM :=
ker(id − φ) the group of invariants of M w.r.t. to φ. These are the cohomology
groups of the group Z with coefficients in M , namely H 0(Z,M) = IφM and
H 1(Z,M) = CφM . Any isomorphism β on B induces a isomorphism β∗ on Ki(B).

The Toeplitz extension (4.8) gives rise to a 6-term exact sequence, the Pimsner-
Voiculescu sequence, which can be split into two short exact sequences (i = 1, 2)

0 → Cβ∗Ki(B)
ı∗→ Ki(B �β Z)

δi→ Iβ∗Ki−1(B)→ 0. (4.9)

where ı∗ is induced by the inclusion B ↪→ B �β Z and δi is the boundary map
from Sect. 4.4.1.3. By iteration we can express theK-group of C(Ξ)�α Z

d through
similar short exact sequences with coinvariants and invariants of Ki(C(Ξ)). If d ≤
3 then all these sequence split and we obtain [23]

Ki(C(Ξ)�α Z
d) ∼=

⊕

k

H i+2k(Zd , C(Ξ,Z))
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The group cohomology is computable if we have a good understanding of the Z
d -

action α on Ξ . This is, for instance, the case for almost canonical cut & project
tilings, and also here computer codes are available to perform the calculations [18].

4.4.3 Numerical Invariants for Pattern Equivariant Operators

We have seen that a pattern equivariant operator is an element in the representation
πT , or πST , of the continuous or discrete algebra of some tiling T . We denote this
algebra now simply by A.

If the operator is self-adjoint and invertible it comes from a self-adjoint invertible
element h ∈ A and so defines a class in K0(A). This class is the equivalence class
of ([h], [1]) ∈ V (A)× V (A) under the relation∼ defining the Grothendieck group
which we discussed above, but we simply denote this class by [h], as the further
calculations depend essentially only on the homotopy class of h.

If the operator is only invertible thus coming from an invertible element Q ∈ A

then its homotopy class defines an element in K1(A).
The K-classes are the abstract topological invariants of the operators. They

are invariants in the sense that they are stable under continuous deformation in
GL(As.a.) or GL(A), respectively.

Numerical topological invariants for pattern equivariant operators can now be
obtained from additive functionals on Ki(A). Such functionals can be given by
index pairings with K-homology classes of A [22], or by Chern characters [11]. We
will discuss here only the simplest cases, namely the functional on K0(A) defined
by a trace, and the winding number on K1(A) defined by a trace and a derivation.
These have physical interpretation in the examples we consider below.

4.4.3.1 Traces and Gap Labelling

Gap-labelling means the assignment of labels to the gaps in the spectrum of a
self-adjoint operator. These labels are supposed to be stable under continuous
deformations of the operator which do not close the gap. In Bellissard’s approach
to the gap-labelling by means of the K0-group of the C∗-algebra A of observables
[6, 7] the operator is an element of A and continuity means continuity in the norm
of that algebra.

A (positive) trace on A is a linear functional tr : A → C which satisfies
tr(uau∗) = tr(a) for all a ∈ A and unitary u ∈ A+, and tr(a∗a) ≥ 0. It follows that
tr(p) = tr(p′) for two homotopic projections. Let P−(h) be the spectral projection
onto the negative energy part of h. Note that P−(h) ∈ A since h has a spectral gap
at energy 0. Thus h �→ tr(P−(h)) is homotopy invariant in GL(As.a.) and

tr∗([h]) = tr(P−(h))
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extends to a functional on K0(A) with values in R. Indeed, if h is in GL(Mn(A)
s.a.)

we extend tr to Mn(A) using the matrix trace.
We can therefore formulate the gap labelling in the following way: If h is a self-

adjoint element of A and Δ a gap in the spectrum of h then, for any E ∈ Δ the
shifted element h − E belongs to GL(As.a.) and so defines an element of K0(A).
This class [h− E] is the abstract gap-label of the gap Δ of h.

If we have a trace tr on A such that, for a ∈ A, tr(a) corresponds to the trace
per unit volume of πT (a) (or of πST (a) in a tight binding representation), then the
integrated density of states at E of the operator πT (h) is given by tr(P−(h)). The
latter is the numerical gap-label of the gap Δ of h.

The traces on A = C(Ξ) �α Z
d are given by α-invariant Borel-probability

measures on Ξ . Indeed, if μ is such a measure then

trμ(anun) =
∫

Ξ

a0(ξ)dμ(ξ)

defines a trace on A which is normalised, tr(1) = 1. If μ is ergodic, then for μ-
almost sure ξ ∈ Ξ the trace per unit volume of πξ (a) equals tr(a). In particular,
if Ξ carries a unique α-invariant ergodic probability measure μ then for all ξ the
integrated density of πξ (h) takes the same value IDS(E) = trμ(P−(h−E)) [8, 26].

4.4.3.2 Derivations and the Winding Number

A ∗-derivation on A is a densely defined linear map d : A → A which satisfies
the Leibniz rule, d(ab) = (da)b + a(db) and commutes with the ∗-operation. This
implies that d1 = 0 and thus for any invertible Q (in the domain of d) dQ−1 =
−Q−1dQQ−1. Moreover, if Q is unitary then (Q−1dQ)∗ = −Q−1dQ.

If we have in addition a trace tr which is invariant under the derivation d , that is,
tr ◦ d = 0, then

Wtr,d (Q) := 1

2πi
tr(Q−1dQ)

defines a real number which is stable under homotopy in GL(A). It is called the
winding number w.r.t. to (tr, d). W extends to a functional on K1(A), again by
extending tr with the matrix trace if Q ∈ GL(Mn(A)) [11].

There is a little subtlety related to the fact that d is only densely defined. We need
to be sure that the homotopy classes of invertibles in the domain of d are in bijection
to the homotopy classes of GL(A). This can be done in the above cases [11].
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4.5 Bulk Boundary Correspondence

A tiling covers the whole space R
d and so models a material which does not have

a boundary. A real material has, of course, a boundary. The pattern equivariant
operators above describe therefore properties in the interior of the material, that is,
properties which do not depend on its boundary. Such properties are referred to as
bulk properties. The bulk-boundary correspondence principle states that certain bulk
properties correspond to boundary properties, i.e. properties which are confined to
the boundary of the material.

The bulk-boundary correspondence, in the form we discuss it, is of topological
nature. It is a correspondence between the topological invariants of the material
when seen without boundary and topological invariants localised near the boundary.
It manifests itself through a so-called boundary map in algebraic topology which
maps the elements of the K-group of our algebra into the K-group of an algebra
which contains the operators describing the boundary physics.

The topological nature of the bulk-boundary correspondence has physical conse-
quences. Since topological invariants are robust against perturbations it explains the
emergence of robust boundary spectrum in topological insulators.

There is a continuous and a discrete version of the bulk boundary correspon-
dence. We discuss the discrete version for Wang tilings which is based on the
Toeplitz extension.

4.5.1 General Philosophy

The bulk-boundary correspondence was first formulated by Halperin [20] for the
Quantum Hall Effect and by Hatsugai [21] in the context of band theory for periodic
tight binding operators. Its topological nature and universality comes to full light
through its formulation based on theK-theory ofC∗-algebras. This was first worked
out for the Quantum Hall Effect in [33], and later put into a general framework [32].
Today it is quite developed and we can refer the reader to the book [37] for further
information.

Let A be the algebra containing all pattern equivariant operators of the tiling
describing the spatial structure of the material. The bulk invariants, that is the
topological invariants associated to pattern equivariant operators, are elements of
K∗(A). The first goal is to find a short exact sequence

0→ J → E
q→ A→ 0 (4.10)

such that the elements of the ideal J can be represented as operators localised at the
boundary. The boundary map δ from the 6-term exact sequence associated with the
above short exact sequence

δi : Ki(A)→ Ki+1(J )
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maps the bulk invariants to invariants which are expressed in terms of operators of J
and therefore localised at the boundary. This is the heart (abstract form) of the bulk
boundary correspondence. While there is no reason for δi to define a one-to-one
correspondence, it will define a correspondence between some of the invariants.

Let us have a closer look at the boundary maps δi . Let h ∈ GL(A)s.a., the
Hamiltonian of an insulator. It has a gap Δ at 0 and the inverse of the gap width
|Δ| is a characteristic time tΔ = 2π

|Δ| . h defines an element of K0(A) or, if it has
chiral symmetry, an element of K1(A). To construct the image of these elements
under the boundary map we need a lift ĥ ∈ Es.a. of h, that is, q(ĥ) = h.

We consider first the situation δ0 = exp, the so-called exponential map. It is
given by

exp([h]) = [UΔ], UΔ = PΔ(ĥ)
⊥ − e−itΔ(ĥ−E0)PΔ(ĥ)

where E0 = infΔ and PΔ(ĥ) is the spectral projection of ĥ to energies in Δ and
PΔ(ĥ)

⊥ its orthocomplement. The homotopy class of UΔ does not depend on the
chosen lift ĥ. By construction UΔ − 1 belongs to the ideal J . If ĥ is invertible then
[ĥ] ∈ K0(E) is a preimage of [h] and exp([h]) is trivial. If however no invertible lift
can be found, then ĥ has spectrum inside the gap Δ of h, and UΔ is the unitary of
time evolution by the characteristic time tΔ of the states of ĥ in Δ. More generally,
if ĥ has a spectral gap overlapping withΔ and it is not protected by chiral symmetry,
then it is homotopic to an invertible lift and so we see that non-triviality of exp([h])
implies that any self-adjoint lift h in E must have spectrum covering Δ. It then
follows that the spectrum of UΔ covers the circle of complex numbers of absolute
value 1 and no homotopy can retract that spectrum to a point.

We consider the case δ1 = ind, referred to as the index map. As already
mentionned h ∈ GL(A)s.a. defines an element of K1(A) if it has so-called
chiral symmetry and we consider topological phases which are protected under
this symmetry. We assume that the chiral symmetry is inner and thus given by a
generator Γ , a self-adjoint unitary, and h anti-commutes with Γ . It gives rise to an
isomorphism between A and M2(A++) where A++ = Π+AΠ+, Π± = 1

2 (1 ± Γ ).
Written as an element of M2(A++), h and Γ have the form

h =
(

0 Q∗
Q 0

)
, Γ =

(
1 0
0 −1

)

and Q ∈ GL(A++). The homotopy class of Q defines an element of K1(A++),
which is isomorphic to K1(A) since A and A++ are strong Morita equivalent. Now
the index map is given as follows

ind[Q] = [
PΔ(ĥ)

⊥Γ − PΔ(ĥ)
(

cos(tΔĥ)Γ − sin(tΔĥ)
)]
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as one computes using van Daele’s formula applied to the class of h [13].4 If ĥ
is invertible and has chiral symmetry then ind([Q]) is trivial. Conversely, non-
triviality of ind([Q]) implies that any lift ĥ ∈ E with chiral symmetry must
have spectrum at energy 0. Finally, if 0 is an isolated point of the spectrum of
ĥ then the spectral projection P0(ĥ) of ĥ onto energy 0 is an element of J and
PΔ(ĥ)

⊥Γ −PΔ(ĥ)
(

cos(tΔĥ)Γ − sin(tΔĥ)
)

homotopic to P0(ĥ)
⊥ −P0(ĥ), indeed,

a homotopy is given by contracting tΔĥ to P0(ĥ)+ π
2

(
P>0(ĥ)− P<0(ĥ)

)
.

4.5.2 The Toeplitz Extension as Half Space Algebra

We now specify to the algebra A = C(Ξ) �α Z
d for a Wang tiling. We follow

[32, 33, 37] to describe an extension of this algebra which describes the physics on
half-space, the proto type of space with a boundary. We choose one direction in Z

d ,
let’s say along the d’th coordinate, and define the boundary to be perpendicular to it.
The material with boundary is now described by the restriction of the tiling to half
space, that is, we restrict the symbolic content ξ ∈ Ξ to Z

d−1 × N. We can rewrite
A = B �β Z where B = C(Ξ) �α‖ Z

d−1 and β = α⊥. We argue that the Toeplitz
extension T (B, β) describes the physics on the half space. This is best seen by
looking at its iterated induced representation. Recall that the physically motivated
representation (4.6) is the iterated induced representation of ρT : C(Ξ) → C,
ρT (f )ψ(x) = f ([T ; x])ψ(x) on 2(Zd). Applying this idea to T (B, β) we iterate
the induction on ρT d − 1 of times to get a representation of B = C(Ξ) �α‖ Z

d−1

on 2(Zd−1) and then once for the Toeplitz extension to get a representation of
T (B, β) on 2(Zd−1 × N). The operators in this representation are precisely the
pattern equivariant operators restricted to the half space. The elements of the ideal
J in the short exact sequence are restrictions of pattern equivariant operators to the
half space which are non-zero only near the boundary.

The exact sequence in K-theory arising from the Toeplitz extension (4.8) gives
rise to the bijective correspondences

Ki(C(Ξ)�α Z
d )/ı∗Ki(C(Ξ)�α‖ Z

d−1)
δi∼= Iα⊥∗ Ki−1(C(Ξ)�α‖ Z

d−1). (4.11)

This is the K-theoretic bulk boundary correspondence. We refer to the case with
i = 0 as even, and that with i = 1 as the odd correspondence. Note that the
boundary maps are explicit, as a lift ĥ of h in the Toeplitz extension is simply
given by replacing the translation operator in the dth coordinate by its truncation
to Z

d−1 × N.

4 In [37] one finds a formula for the same class with a different representative, the above is also be
valid if A is a real C∗-algebra.
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4.5.3 One-dimensional Examples

If the dimension is d = 1 then (4.11) becomes, for odd i,

K1(C(Ξ) �α Z)/ı∗K1(C(Ξ))ind ∼= Iα∗K0(C(Ξ)). (4.12)

Since Ξ is the closure of a single orbit, Iα∗K0(C(Ξ)) has a single generator, the
class of−1, which corresponds to a Hamiltonian whose spectrum is purely negative.
Likewise the invariants of K0(C

k) are generated by the class of −1. One computes
that [u] is a pre-image for [−1], that is, ind([u]) = [−1].

Let μ be an ergodic α-invariant probability measure on Ξ and recall that
it defines a trace tr on C(Ξ) and C(Ξ) �α Z. Consider the ∗-derivation δ :
C(Ξ)αZ → C(Ξ)αZ given by δ(bun) = 2πinbun. The trace tr defines a tracial
state on K0(C(Ξ)) and, together with the derivation δ a winding number Wtr,δ on
K1(C(Ξ)�αZ). One finds thatWtr,δ(u) = tr(1). Thus applying the winding number
to the left hand side and the tracial state to the right hand side of (4.12) one obtains
the odd numerical bulk-boundary correspondence

Wtr,δ([Q]) = tr(ind[Q]). (4.13)

This has the following physical interpretation: If h =
(

0 Q∗
Q 0

)
is the Hamiltonian

with chiral symmetry and gap Δ at energy 0 then the spectrum of any lift ĥ of h
has at most finitely many values in Δ. Moreover, these values are eigenvalues to
eigenfunctions localized at the edge. Hence ind[Q] = [P0(ĥ)

⊥ − P0(ĥ)] and thus
tr(ind[Q]) is equal to the number of 0 energy eigenstates of ĥ. We thus have the
following well-known result (see also [36, 37]).

Odd Bulk Boundary Correspondence The winding number Wtr,δ of Q is the
number of 0 energy boundary states of ĥ.

For even i (4.11) is

K0(C(Ξ)�α Z)/ı∗K0(C(Ξ))
exp∼= Iα∗K1(C(Ξ)) (4.14)

Other than in the case of odd i the situation depends on the nature of the hull Ξ .
Again, given an ergodic α-invariant measure on Ξ we obtain a trace tr and a tracial
state, now for the left hand side. To obtain a winding number for the right hand side
we need a derivation on C(Ξ).

We discuss these issues here for the one-dimensional systems of Sect. 4.2.3.

1. We consider a periodic sequence ξ . If the period is k the discrete hull Ξ consists
of k isolated points on which Z acts by a cyclic permutation. Hence C(Ξ) = C

k

and the unique invariant probability measure is the uniform probability measure
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on k points. But we have K1(C
k) = 0 and hence the even bulk-boundary

correspondence is trivial.
2. We consider an almost periodic sequence ξ . The discrete hull Ξ is homeomor-

phic to the circle S and α is rotation by the irrational number θ ∈ [0, 1]. Now
K1(C(S)) ∼= Z with generator given by the class of the function z(s) = e2πis .
Hence also the coinvariants and the invariants of K1(C(S)) are generated by [z].
Furthermore, K0(C(S)) ∼= Z with generator given by the class of −1, which
then is also the generator of the coinvariants and the invariants of K0(C(S)).
K1(C(S) �α Z ∼= Z

2 with generators [z] and [u]. K0(C(S) �α Z ∼= Z
2 with

generators [−1] and [hθ ]. The second generator is the class of the function
hθ = 1− 2Pθ where Pθ is the famous Rieffel projection [39].

The exponential map can be computed on the generators and one finds that
the even bulk-boundary correspondence is given by

exp([hθ ]) = −[z], exp([−1]) = 0.

Since θ is irrational, the unique ergodic invariant measure on the circle is the
Lebesgues measure. Furthermore, functions of class C1 in C(S) can be derived
and thus we have a densely defined derivation ∂s . Applying the resulting tracial
state to the left and the winding number Wtr,∂s to the right hand side we get
tr(1) = 1, tr(Pθ ) = θ [39], Wtr,∂s (u) = 0, Wtr,∂s (z) = 1, so that the even
numerical bulk boundary correspondence is given by

tr([h])+ θWtr,∂s (exp[h]) ∈ N. (4.15)

This has the following interpretation. The bulk invariant tr([h]) is the IDS of h at
energy 0 (Fermi energy) and it can take real values of the form mθ + N where
N,m ∈ N and N is such that mθ + N ∈ [0, 1]. Thus, except if m = 0, N is
determined by the value of m as θ is irrational.

The boundary invariant Wtr,∂s (exp[h]) is a response coefficient related to a
mechanical force. The derivation ∂s is the infinitesimal generator of translation
in the hull and translation has the effect of changing the position of the atoms
(boundary points of the tiles) in the structure. This atomic motion corresponds to
a variation of the potential which the electrons at the edge are subjected to, and
hence they feel a gradient force. The above winding number of UΔ corresponds
to the expectation value of the gradient force on all edge states with energy inside
Δ, integrated over one cycle of the circle Ξ , in units of |Δ| [30]. We summarize:

Even Bulk Boundary Correspondence If mθ + N is the IDS of h at 0 then
the work exhibited by the atomic motion through a cycle around S, on the edge
states of energy inside Δ, is −m|Δ|.
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3. We consider a quasi periodic sequence ξ , more precisely a Sturmian sequence.
Now Ξ is the cut up circle Sc. It is totally disconnected and therefore
K0(C(Ξ)) ∼= CαC(Ξ,Z) and K1(C(Ξ)) ∼= 0. It follows that the even bulk-
boundary correspondence is trivial, as in the periodic case. There is nevertheless
a difference with the periodic case, namely CαC(Ξ,Z) has two generators. Next
to the class [−1] it contains the class [1 − 2χθ ] where χθ is the characteristic
function on a clopen subset of Ξ which has measure θ w.r.t. the unique ergodic
invariant probability measure.

4. The reason why the even BBC is trivial in the periodic and the quasi-periodic case
is, that in these cases the K1-group of the ideal in the Toeplitz extension is trivial.
This is due to the fact that the connected component of a point in the hull contains
only that point. There is also no obvious definition of a winding number, as there
is no notion of continuous translation in such spaces, any translation pushes a
point out of its connected component. Likewise we can’t define a gradient force.
It is here where the augmented system comes into play.

Recall that we can make the phason flips continuous by augmenting the
system, that is, adding sequences in which the phason flip is only partially carried
out. Since Ξ̃ is a circle, K1(C(Ξ̃)) is non-trivial and the even bulk boundary
correspondence becomes non-trivial as well. But this means that we abandon the
simple Toeplitz extension for C(Ξ) �α Z and replace it by a more complicated
short exact sequence. We outline the construction refering the reader to [30] for
more details.

The augmented hull Ξ̃ contains Ξ as a closed shift-invariant subset. The
Toeplitz extension T (C(Ξ̃), α) of the augmented model is therefore also an
extension of C(Ξ) �α Z. If we take this extension for (4.10) then we end up
with the short exact sequence

0 → Cα∗K0(C(Ξ̃))
ĩ∗−→ K0(C(Ξ)�α Z)

ẽxp−→ Iα∗K1(C(Ξ̃))→ 0

where ĩ∗ is induced by the inclusion after restriction C(Ξ̃) → C(Ξ) →
C(Ξ) �α Z. Again α∗ is the identity and K0(C(Ξ̃)) ∼= K1(C(Ξ̃)) ∼= Z. Of
the two generators of K0(C(Ξ) �α Z), the class [−1] and the class [1 − 2χθ ],
the first lies in the kernel of the exponential map and for the second one finds
exp([1 − 2χθ ]) = −[z̃] where z̃ : Ξ̃ → C is the function with winding number
−1.

There is a unique ergodic invariant probability measure on Ξ (when identify-
ing Ξ with Sc, which is from the point of view of measure theory the same as S,
the above measure is the Lebesgues measure) which we use to define the trace
and tracial state on K0(C(Ξ) �α Z). To define the winding number on C(Ξ̃)

we use the derivation w.r.t. the parameter t describing the continuous phason
motion and the trace t̃r coming from the Lebesgue measure on the added intervals
(see [30] for more details). We then get the non-trivial even bulk boundary
correspondence: tr([χθ ]) = −θWt̃r,∂t ([z̃]) modulo Z. As in the almost periodic
case the winding number of the boundary invariant has a physical interpretation;
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it is the work the phason flips exhibit on the boundary states with energy in the
gap Δ, in units of |Δ| [30]. We summarize:

Even Bulk Boundary Correspondence If n+mθ is the IDS of h at 0 then the
work exhibited by a cycle of phason flips on the edge states of energy insideΔ is
−m|Δ|.

This identity has been experimentally observed [2].
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Chapter 5
From Combinatorial Games
to Shape-Symmetric Morphisms

Michel Rigo

Abstract Siegel suggests in his book on combinatorial games that quite simple
games provide us with challenging problems: “No general formula is known for
computing arbitrary Grundy values of Wythoff’s game. In general, they appear
chaotic, though they exhibit a striking fractal-like pattern.”. This observation is the
first motivation behind this chapter. We present some of the existing connections
between combinatorial game theory and combinatorics on words. In particular,
multidimensional infinite words can be seen as tilings of Nd . They naturally arise
from subtraction games on d heaps of tokens. We review notions such as k-
automatic, k-regular or shape-symmetric multidimensional words. The underlying
general idea is to associate a finite automaton with a morphism.

5.1 Introduction

Combinatorial game theory (CGT) uses many tools from other fields: number
theory, continued fractions, numeration systems, cellular automata, etc. We will
limit ourselves to subtraction games played on heaps of tokens. When analyzing
Sprague–Grundy values of some well-known and popular subtraction games—like
Nim or Wythoff’s game—notions such as k-automatic, k-regular and morphic (also
called substitutive) multidimensional sequences enter naturally the picture. The aim
of this chapter is to introduce these concepts and present the interplay existing
between CGT and combinatorics on words (COW). The focus is put on infinite
(multidimensional) words generated by iterated morphisms. The organization of this
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chapter faithfully reflects the course presented during the school1 “Tiling Dynamical
System” organized during the Jean Morlet Chair attributed to Professor Shigeki
Akiyama.

After setting notation in Sect. 5.2, minimal requirements and basic results about
CGT are given in Sect. 5.3. Well-known facts about k-automatic and k-regular
(unidimensional) sequences are presented in Sect. 5.4. For some general references,
see [8, 62, 72, 73]. Let PW : N2 → {0, 1} be the bidimensional infinite word defined
by PW(m, n) = 1 if and only if (m, n) is a P-position, i.e., a loosing position or a
zero of the Sprague–Grundy function, of Wythoff’s game. Section 5.5 deals with
the syntactic characterization of these P-positions in terms of representations in the
Fibonacci numeration system. This result by Fraenkel is proved using the infinite
Fibonacci word and a transducer computing the successor function in the Fibonacci
numeration system. In particular, we make explicit the general fact that morphic
words can be generated by finite automata. We look at the sequence of states
reached by all the accepted words when they have been genealogically ordered. The
transformation from morphisms to automata is recurrent in this chapter: uniform
and non-uniform morphisms for words, uniform and non-uniform morphisms in a
multidimensional setting.

The multidimensional point of view begins with Sect. 5.6. We first look at k-
automatic and k-regular multidimensional words. It turns out that characterizing the
P-positions of Wythoff’s game leads to a shape-symmetric morphism as introduced
and studied by A. Maes in a logical setting. The word PW depicted in Table 5.5
is the fixed point of a morphism ϕW and it has the shape-symmetric property with
respect to ϕW . These notions are well fitted to a volume dedicated to tilings and
are presented in Sect. 5.7. We introduce a generalization of numeration systems
whose language of representations is regular: abstract numeration systems. Indeed,
a multidimensional infinite word is S-automatic, for some abstract numeration
system S, if and only if it is the image by a coding of a shape-symmetric word.
Hence we prove that PW codes the P-positions of the Wyhtoff’s game. We conclude
this chapter with a short discussion about games with a finite set of rules and some
bibliographic notes.

5.2 Notation and Conventions

We assume that 0 belongs to the set N of non-negative integers. An alphabet is just
a finite set. A (finite) word over an alphabet A is a finite sequence of elements in
A, i.e., a map from a finite set {0, . . . ,  − 1} to A. The length of the word w is
denoted by |w|. The set of finite words over A is denoted by A∗. Equipped with
the concatenation product, it is a free monoid. A (right) infinite word is a map from
N to A. It is indeed more convenient (when working with automatic sequences)

1A video is available at http://library.cirm-math.fr/.

http://library.cirm-math.fr/
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to start indexing with 0. We will indifferently use the terminology infinite word or
sequence. Compared with other chapters of this book, we will never encounter bi-
infinite words. Let d ≥ 2 be an integer. By extension, we say that a map from N

d to
an alphabet A is a (multidimensional) infinite word or sequence. Infinite words will
be denoted using a bold face letter such as x or PW .

Let k ≥ 2 be an integer. We let repk(n) denote the usual base-k expansion
of n ≥ 0. It is a word over the alphabet {0, . . . , k − 1}. We set repk(0) to be
the empty word denoted by ε. Except when stated otherwise (when dealing with
a transducer computing the successor function in the proof of Theorem 5.5.20
or, when considering an automaton realizing addition in base 2 in the proof of
Lemma 5.6.8), we use the most significant digit first convention (MSDF): if n > 0,
the most significant digit of repk(n) is written on the left—as a prefix—and is non-
zero. If w = w · · ·w0 is a word over an alphabet A ⊂ Z, then the k-numerical
value of w (w.r.t. A) is given by the map

valk : A∗ → Z, w �→
∑

i=0

wi k
i .

In this chapter, we will also encounter other numeration systems, i.e., bijections
from N to some (infinite) formal language L. We will adapt the corresponding
notation to repL : N→ L and valL : L→ N.

We assume that the reader is familiar with basic concepts from graph theory. If
G = (V ,E) is a directed graph and u, v ∈ V are two of its vertices, we write
(u, v) ∈ E or u→ v to denote an edge of G. Nevertheless, we recall the definition
of a finite automaton. We will encounter automata in Sect. 5.4. For more, see, for
instance, [79, 83, 86].

Definition 5.2.1 A deterministic finite automaton (DFA for short) is a 5-tupleM =
(Q, q0, A, δ, F ) where Q is a finite set of states, q0 ∈ Q is the initial state, A is the
alphabet of the automaton, δ : Q×A→ Q is the transition function and F ⊆ Q is
the set of final states.

For a DFA M, the transition function is extended to δ : Q × A∗ → Q by
δ(q, ε) = q and δ(q, aw) = δ(δ(q, a),w) for all q ∈ Q, a ∈ A, w ∈ A∗. If the
automaton is clear from the context, we simply write q · w instead of δ(q,w). The
state reached when reading w from the initial state will also be written M · w. The
language accepted or recognized by M is

L(M) = {w ∈ A∗ |M · w ∈ F } .

A language is regular if it is accepted by some DFA.

Definition 5.2.2 A deterministic finite automaton with output (DFAO for short)
is given by a 5-tuple M = (Q, q0, A, δ, μ) where the first four components are
defined as for a DFA and μ : Q→ B is the output map (where B is some alphabet).
A DFAO where the output map takes at most two values is a standard DFA.
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Definition 5.2.3 A non-deterministic finite automaton (NFA for short) over an
alphabet A is given by a 5-tuple N = (Q, I,A,Δ,F) where Q is a finite set of
states, I ⊆ Q is the set of initial states, Δ ⊂ Q × A∗ ×Q is the (finite) transition
relation and F ⊆ Q is the set of final states. A word w is accepted by N if there
exist an integer i, some (possibly empty) words v1, . . . , vi and a sequence of states
q1, . . . , qi+1 such that w = v1 · · · vi and

• (q1, v1, q2), (q2, v2, q3), . . . , (qi, vi , qi+1) ∈ Δ
• q1 ∈ I , qi+1 ∈ F .

Otherwise stated, there is at least one accepting path with label w from an initial
state to some final state. The language accepted by N is the set of accepted words.
One can assume that (q, ε, q) belongs to Δ for all q ∈ Q.

5.3 Bits of Combinatorial Game Theory

They are many kinds of games that you can think of. We deliberately restrict
ourselves to one of the most simple classes: subtraction games (taking and breaking
games) [48]. In this setting, we have two players acting in turns. They have a finite
number of tokens organized in piles to start with. The tokens are given in some
initial position. Typically, the players have to remove some tokens complying to
prescribed rules. A player may not pass: at least one token must be removed. The
set of rules is known in advance and we have the same rules for both players. There
is no chance involved (no randomness) and the information is completely known
for both players—no hidden information for one of the two players [1, 67]. Finally
we will assume a normal play convention: the first player unable to move loses the
game. Nim game and Wythoff’s game will provide us with quite enough material.

I do not assume that the reader has any particular knowledge about CGT. Some
general references are [2, 13, 85]. I was also inspired by Ferguson’s lecture notes
from UCLA. This section serves as a self-contained introduction to the topic. It is
not at all aimed to be exhaustive.

Example 5.3.1 (Finite Subtraction Game) Starting from a single finite pile of
tokens, the players may remove either 1, 2 or 4 tokens. The player taking the last
token wins the game. An example of game is given by the following sequence

9
−2−→ 7

−1−→ 6
−1−→ 5

−2−→ 3
−2−→ 1

−1−→ 0.

For instance, we can immediately see that when a player is in a position with 3
tokens left, he/she will lose the game because the only available options are to
remove either 1 or 2 tokens. We will encounter finite subtraction game with several
piles of tokens in Sect. 5.8.
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Example 5.3.2 (Game of Nim) Let p ≥ 1 be the number of piles of tokens to
play with. If we assume here that the piles are ordered, a position is coded by a
p-tuple of non-negative integers. An initial position is given: a game starts with p

piles containing respectively x1, . . . , xp ≥ 0 tokens. In their turn to play, the player
chooses a non-empty pile and removes a positive number of tokens from it. Thus,
from a position of the form (x1, . . . , xp) the available options are given by p-tuples
of the form (y1, . . . , yp) ∈ N

p where there exists j such that yj < xj and yi = xi
for all i �= j . In particular, the number of options available from (x1, . . . , xp) is
just

∑p
i=1 xi . The game is lost for the player left in the position (0, . . . , 0). Loosing

positions will be determined in Theorem 5.3.13.

In this section, to avoid any confusion, generic positions are denoted by Greek
letters: α, β, γ . Formally, if α and β are two positions of a subtraction game, we
say that β is an option of α, if there is a move permitting the players to go from α

to β. The set of options of α is denoted by Opt(α). We can extend Opt to a set X
of positions in a natural way: Opt(X) = ∪α∈X Opt(α). The reflexive and transitive
closure of Opt is denoted by Opt∗: β belongs to Opt∗(α) if and only if there exists
a finite (possibly empty) sequence of moves from α to β. In graph-theoretic terms,
one can speak of successor instead of option.

Example 5.3.3 (Wythoff’s Game) Consider the following modification of the game
of Nim on two piles. We add extra rules to the set of Nim rules. A player can,
as for Nim, either remove a positive number of tokens from one pile, or remove
simultaneously the same number of tokens from both piles. So from a position
(x1, x2) �= (0, 0), a player can move to either (x1 − i, x2) with 0 < i ≤ x1, or
(x1, x2 − i) with 0 < i ≤ x2, or (x1 − i, x2 − i) with 0 < i ≤ min{x1, x2}. An
example of play, starting with the position (4, 3), is given below:

(4, 3)
−(2,0)−→ (2, 3)

−(1,1)−→ (1, 2)
−(0,1)−→ (1, 1)

−(1,1)−→ (0, 0).

The chosen move is indicated on the arrows. The reader may already notice this:
the player in position (1, 2) whatever the chosen move is, will give a position for
the other player from which the game can always be won. Loosing positions will be
determined by Theorem 5.3.14.

Note that it is a quite natural setting to encounter subtraction games whose rule-
set extends the game of Nim.

Definition 5.3.4 (Game-Graph) A subtraction game is given (notation will not
refer to the chosen game). The game-graph Grγ , for an initial position γ , is the
finite directed graph whose set V (Grγ ) of vertices is the set of positions that can
be reached from γ by a finite sequence of allowed moves, i.e., V (Grγ ) = Opt∗(γ ).
There is an edge from α to β if and only if β belongs to Opt(α). The set of edges is
denoted by E(Grγ ).

Remark 5.3.5 In a subtraction game, consider two positions α and β. If β can be
reached from α, i.e., β ∈ Opt∗(α), then the game-graph Grβ associated with β is a



232 M. Rigo

subgraph of the game-graph Grα associated with α. More precisely, we have

E(Grβ) = E(Grα) ∩
(
V (Grβ)× V (Grβ)

)

and there is no edge in Grα from V (Grβ) to V (Grα) \ V (Grβ).

For subtraction games, the corresponding game-graph is obviously acyclic: the
total number of tokens left is decreasing. Thus, there exists at least one vertex with
out-degree equal to zero.2

Definition 5.3.6 Let G = (V ,E) be a directed graph. To stick to the game setting,
we denote by Opt(u) the set of vertices v such that (u, v) ∈ E. In particular, the
out-degree of u is # Opt(u). A kernel of G is a subset K of V with the following
two properties:

• K is stable: ∀u ∈ K,Opt(u) ∩K = ∅;
• K is absorbing: ∀v ∈ V \K,Opt(v) ∩K �= ∅.

Let G = (V ,E) be a finite directed acyclic graph (it is common in the literature
to find the acronym DAG). For instance, DAG are the graphs with a topological sort
of the vertices [74]. Let us describe an algorithm to compute a kernel of G [12]. Let
G0 = G. We will build a finite sequence of subgraphs (Gi)i≥0.

• Let P0 be the set of vertices of G0 with out-degree equal to zero (sometimes
called sink vertices),

P0 = {v ∈ V (G0) | Opt(v) = ∅}.

• Let N0 be the set of vertices x of G0 such that Opt(x) ∩ P0 �= ∅.

Due to the absorbing property, the vertices of P0 must belong to any kernel of G.
Therefore, the vertices in N0 do not belong to any kernel of the graph due to stability.
Let G1 be the subgraph obtained by removing the vertices in P0 ∪ N0. This graph
is again acyclic. We repeat the procedure and define P1 and N1 accordingly. If a
vertex v belong to P1, it has no option in V (G1). In the original graph G0, it has no
option in P0 because otherwise we would have v ∈ N0. Thus again the vertices of
P1 must belong to any kernel of G and the vertices in N1 are in no kernel of G. We
define a sequence of subgraphs where Gi+1 is obtained by removing Pi ∪Ni from
Gi . The procedure halts when we reach an empty subgraph. We directly get the next
proposition.

Proposition 5.3.7 Let G = (V ,E) be a finite directed acyclic graph. Applying the
above algorithm, the set ∪iPi is the unique kernel of G.

2Consider a simple path v0 → v1 → · · · → vr of maximal length r in a finite acyclic graph. Then
vr has out-degree zero. Proceed by contradiction and assume that there is an edge starting from vr .
Either it goes to one of the vi ’s with i < r and it creates a cycle. Or, it goes to some other vertex
and we may build a longer simple path. Both situations lead to a contradiction.
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Remark 5.3.8 If the graph is not acyclic, the situation is not so nice. Consider a
simple (oriented) cycle of length n. It is easy to see that if n is odd (resp. even), then
the graph has no kernel (resp. two kernels). Moreover, the reader may notice that
the previous algorithm does not work anymore.

Consider a subtraction game. For a game-graph Grβ , since it is acyclic, we have
a partition of the set of vertices of Grβ into two subsets: those belonging to the
kernel and those out of it. The first ones will be called P-positions, the other ones
N -positions. Moreover, thanks to Remark 5.3.5, we see that the status of a position
is invariant with respect to the initial position: if α, β are two positions such that
β ∈ Opt∗(α), then the kernel of Grβ is a subset of the kernel of Grα . The following
definition is thus meaningful.

Definition 5.3.9 (N - and P-Positions) Consider a subtraction game. A position is
a losing position, or P-position, if all its options are N -positions. A position is a
winning position, or N -position, if there exists an option which is a P-position. The
set of P-positions (resp. N -positions) is denoted P (resp. N ).

The classical meaning of P or N in CGT refers to the “previous” player or the
“next” move. In a P-position, the previous player (so not the one being in that actual
position) is able to win the game. In a N -position, the actual player may choose the
correct next move to win the game. This choice is the notion of a winning strategy:
selecting for every P-position one available N -position among the options.

Remark 5.3.10 In a subtraction game on p piles of tokens, if there is a move from
(x1, . . . , xp) to (y1, . . . , yp), then

∑
i xi >

∑
i yi . Let C ≥ 0 be an integer. If we

know the status N or P of all positions (x1, . . . , xp) such that
∑

i xi ≤ C, then we
can determine the status of any position (x1, . . . , xp) such that

∑
i xi = C + 1.

Example 5.3.11 Consider the finite subtraction game of Example 5.3.1. Prove that
n is a P-position if and only if n ≡ 0 (mod 3).

Even though the status N or P of positions can be determined by some naive
methods, let us stress the fact that in terms of algorithmic complexity, computing the
kernel of the game-graph or, equivalently using the above remark, has an exponential
cost compared to the size of the input (size of the game position) [44]. Indeed,
when playing a game like Wythoff’s game, a position (x1, x2) is coded by a word
(let us think about the base-2 expansions of x1 and x2 that are the inputs given
to the algorithm) whose length is proportional to logx1 + log x2 = log(x1.x2).
But the game-graph has a number of vertices equal to (x1 + 1).(x2 + 1) which is
exponentially larger than the size of the input. One can therefore ask for an algorithm
determining the status of a position whose complexity is a polynomial in the length
of the coding. We will see in Sect. 5.5 that deciding the status of a position of the
Wythoff’s game can be done in polynomial time.

Definition 5.3.12 Let m,n be two non-negative integers. Let x = x · · · x0 and
y = y · · · y0 be two words over {0, 1} such that val2(x) = m and val2(y) = n.
In other words, x and y are the base-2 expansions of m and n up to some leading
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zeroes ensuring that we have two words of the same length. The Nim-sum of m and
n is the integer

m⊕ n =
∑

j=0

(
xj + yj mod 2

)
2j .

As an example, 7⊕ 2⊕ 9 = 12. It is an easy exercise to show that (N,⊕) is an
Abelian group.

Theorem 5.3.13 (Bouton’s Theorem [15]) For the game of Nim played on p ≥ 1
piles of tokens, a position (x1, . . . , xp) is in P if and only if

p⊕

i=1

xi = 0.

Proof From Definition 5.3.9, we have to prove that the set K of p-tuples with zero
Nim-sum is stable and absorbing. If we consider a p-tuple whose Nim-sum is zero,
playing one move of Nim will change exactly one of the piles of tokens. Thus we
modify exactly one term, let us say xj , of the Nim-sum. Therefore, at least one bit
of rep2(xj ) is modified and thus the Nim-sum is no more equal to zero. This shows
that the set K is stable.

Now we have to prove that K is absorbing. Consider a p-tuple whose Nim-sum s

is non-zero. There exists  ≥ 0 such that 2 ≤ s < 2+1. Let xj be a component such
that the base-2 expansion of xj has a non-zero digit in the position corresponding
to 2 (such an element exists), i.e., rep2(xj ) = v1w where |w| = . We can thus
replace xj with a smaller integer in such a way that the total Nim-sum is zero. �

Two years after Bouton’s result, Wythoff proposed a modification of the game of
Nim and characterized the corresponding set of P-position [87].

Theorem 5.3.14 (Wythoff’s Theorem) A pair (x, y) is a P-position of the game
of Wythoff if and only if it is of the form

(
�nϕ�, �nϕ2�

)
or

(
�nϕ2�, �nϕ�

)
, for some n

where ϕ is the Golden ratio (1+√5)/2.

For a proof, see the original paper of Wythoff. It is enough to prove that for the
game-graph associated with Wythoff’s game, the above set is stable and absorbing.
This can be considered as a “difficult” exercise (one has to deal with integer and
fractional parts of multiple of the Golden ratio).

Definition 5.3.15 (MeX) If S is a strict subset of N, then MeX(S) = min(N \ S).
So it is the least non-negative integer not in S. It stands for “minimal excluded”
value. In particular, MeX(∅) = 0.



5 From Combinatorial Games to Shape-Symmetric Morphisms 235

For a subtraction game, we introduce a map associating a non-negative integer
with each position. This map is defined recursively. Its use will be clear when we
introduce the sum of games.

Definition 5.3.16 The Sprague–Grundy function G (of a game with an acyclic
game-graph) is defined by

G(x) = MeX ({G(y) | y ∈ Opt(x)}) .

Example 5.3.17 (Continuing Example 5.3.1) If the players are allowed to remove
1, 2, 4 tokens from a single pile, the first values of the Sprague–Grundy function are
given in Table 5.1. It is an easy exercise (left to the reader) to prove that this function
is periodic of period 3: G(n) = n mod 3. We will reconsider games with a finite
set of moves in Sect. 5.8. See Proposition 5.8.1.

Proposition 5.3.18 Consider a subtraction game. A position α is a P-position if
and only if G(α) = 0.

Proof One has to prove that {α | G(α) = 0} is the kernel of the game-graph. This
is a direct consequence of the use of the MeX operator in the definition of G. �

The reader may wonder why Sprague–Grundy functions, or simply Grundy
functions, could be useful. It turns out that we can consider the (disjunctive) sum of
games. Assume that we have several games G1, . . . ,Gn in front of the two players,
e.g. a Wythoff’s game G1 in position (3, 4), a game of Nim G2 in position (1, 2, 3)
and another Wythoff’s game G3 in position (2, 2). The idea is that, at each turn, the
actual player chooses the game where he/she plays a move. We use the same normal
convention: when there is no more available move (in any of the n games), the game
is lost.

Definition 5.3.19 (Sum of Games) Let Gr1, . . . ,Grn be the game-graphs of n
games G1, . . . ,Gn respectively. The game-graph of the sum of G1, . . . ,Gn has
the Cartesian product

V (Gr1)× · · · × V (Grn)

as set of vertices. If (α1, . . . , αn) is a vertex, i.e., αi is a position ofGi , for all i, then
there is an edge to (β1, . . . , βn) whenever there exists j such that βj ∈ Opt(αj )
(being understood that βj is an option of αj in the game Gj ) and βi = αi for all
i �= j .

Table 5.1 First few values of G for a finite subtraction game

n 0 1 2 3 4 5 6 7 8 9 10 · · ·
G(n) 0 1 2 0 1 2 0 1 2 0 1 · · ·
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This theory has been independently developed by R. P. Sprague and
P. M. Grundy.3

Theorem 5.3.20 (Sprague–Grundy Theorem) Let Gi be impartial combinato-
rial games with Gi as respective Grundy functions, i = 1, . . . , n. Then the sum of
gamesG1 + · · · +Gn has a Grundy function G given by

G(α1, . . . , αn) = G1(α1)⊕ · · · ⊕ Gn(αn)

where, for all i, αi is a position in Gi .

Proof Let (α1, . . . , αn) be an arbitrary position in the sum of the n games. Let b be
the integer G1(α1)⊕ · · · ⊕ Gn(αn). We will prove that

1. for all non-negative integers a < b, there is an option from (α1, . . . , αn) with
G-value a;

2. no option of (α1, . . . , αn) has G-value b.

If the two items are proved, by definition of the Sprague–Grundy function, this
means that G(α1, . . . , αn) = b = G1(α1)⊕ · · · ⊕ Gn(αn).

Let d = a⊕ b and  be the length of the base-2 expansion of d , i.e., 2−1 ≤ d <

2. Since a < b, the base-2 expansion of b must have a 1 in position  and a must
have 0 in that position. Indeed, if the most significant digits of a and b are the same,
then these digits will cancel each other in the Nim-sum; the position corresponding
to 2−1 is the most significant one where they differ:

rep2(a) = u0v, rep2(b) = u1v′, |v| = |v′| = − 1 .

But b = G1(α1)⊕· · ·⊕Gn(αn). Hence, there exists i such that the base-2 expansion
of Gi (αi) has a 1 in position . Hence, d ⊕ Gi (αi) < Gi (αi). In the ith game, by
definition of the Sprague–Grundy function Gi , there is thus a move from αi to some
position α′i such that Gi (α′i ) = d ⊕ Gi (αi). In the sum of the games, there is a move
from (α1, . . . , αi , . . . , αn) to (α1, . . . , α

′
i , . . . , αn) and

G1(α1)⊕ · · · ⊕ Gi (α′i )⊕ · · · ⊕ Gn(αn)

= d ⊕ G1(α1)⊕ · · · ⊕ Gi (αi)⊕ · · · ⊕ Gn(αn)

= d ⊕ b = a.

Let us consider the second item and proceed by contradiction. Assume that the
position (α1, . . . , αi , . . . , αn) has an option (α1, . . . , α

′
i , . . . , αn) with the same G-

value. Hence,

G1(α1)⊕ · · · ⊕ Gi (αi)⊕ · · · ⊕ Gn(αn) = G1(α1)⊕ · · · ⊕ Gi (α′i )⊕ · · · ⊕ Gn(αn)

3The following proof is inspired by the one found in Thomas S. Ferguson’s lecture notes on CGT.
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and we conclude that Gi (αi) = Gi (α′i ) which contradicts the fact that Gi is a
Sprague–Grundy function and that α′i is an option of αi (in the ith game). �
Remark 5.3.21 A game of Nim on p piles of tokens can be seen as the sum of p
games of Nim on a single pile. Consequently, if we have p piles with respectively
x1, . . . , xn tokens, then the corresponding Grundy value for this position is⊕p

i=1xi .
Also, with a single pile, the Grundy value of the position n ≥ 0 is simply n. Thus,
Bouton’s theorem can retrospectively be seen as a corollary of Proposition 5.3.18
and Sprague–Grundy theorem.

In Table 5.2, we give the first few values of the Sprague–Grundy sequence
(GNIM(m, n))m,n≥0 for Nim on two piles. Our interest in this example comes from
Exercises 21 and 22 found in [8, Section 16.6, p. 451].

Of course, values in this table can easily be obtained by computing a Nim-sum
but we would like to know more about the structure of this table. Can we find some
general pattern or recurrence occurring in it? We can also ask the same question for
Wythoff’s game. The following table can easily be computed using Remark 5.3.10.
It will turn out that the analysis of Tables 5.2 and 5.3 are quite different.

Table 5.2 First few values of the Grundy function for Nim on two piles

9 9 8 11 10 13 12 15 14 1 0
8 8 9 10 11 12 13 14 15 0 1
7 7 6 5 4 3 2 1 0 15 14
6 6 7 4 5 2 3 0 1 14 15
5 5 4 7 6 1 0 3 2 13 12
4 4 5 6 7 0 1 2 3 12 13
3 3 2 1 0 7 6 5 4 11 10
2 2 3 0 1 6 7 4 5 10 11
1 1 0 3 2 5 4 7 6 9 8
0 0 1 2 3 4 5 6 7 8 9

0 1 2 3 4 5 6 7 8 9

Table 5.3 First few values of the Grundy function for Wythoff’s game

9 9 10 11 12 8 7 13 14 15 16
8 8 6 7 10 1 2 5 3 4 15
7 7 8 6 9 0 1 4 5 3 14
6 6 7 8 1 9 10 3 4 5 13
5 5 3 4 0 6 8 10 1 2 7
4 4 5 3 2 7 6 9 0 1 8
3 3 4 5 6 2 0 1 9 10 12
2 2 0 1 5 3 4 8 6 7 11
1 1 2 0 4 5 3 7 8 6 10
0 0 1 2 3 4 5 6 7 8 9

0 1 2 3 4 5 6 7 8 9
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It is indeed an old open problem to obtain non-trivial information about the values
given in Table 5.3. Not much is known, even for the positions with G-value equal to
1. See Sect. 5.6.2.

5.4 Automatic and Regular Sequences

The question concluding the previous section motivates us for introducing first,
k-automatic sequences and then, k-regular sequences (k ≥ 2 is an integer).
The main difference between the two concepts is that the first one is limited to
sequences taking values in an alphabet. We will see, in Sect. 5.6 where concepts are
generalized to a multidimensional setting, that the bidimensional infinite sequence
(GNIM(m, n))m,n≥0 is 2-regular. This will provide us with a general construction
scheme and recurrence relations for (GNIM(m, n))m,n≥0.

There are many good references dealing with automatic and regular sequences.
To cite just a few, we mention Allouche and Shallit’s book [8], the original paper by
Cobham [31] and the survey [17].

Many characterizations of these sequences do exist. A k-automatic sequence can
be defined as the image under a coding, i.e., a mapping4 on a smaller alphabet, of
a fixed point of a k-uniform morphism (see Definition 5.4.5). It is the sequence of
outputs of a DFA fed with base-k expansions (see Theorem 5.4.12). For every letter,
the set of indices corresponding to this letter is defined by a first order formula in
〈N,+, Vk〉. This is the so-called Büchi–Bruyère theorem [17]. When k is a prime
power, it can be defined in terms of algebraic formal power series (this is the so-
called Christol–Kamae–Mendès France–Rauzy theorem [28]). It also appears as a
column of the space-time diagram of a cellular automaton [78], see Theorem 5.4.16
below. Finally, it can be defined in terms of finiteness of the its k-kernel (see
Theorem 5.4.19).

5.4.1 Generalities on Sequences and Morphisms

Let us take some time to define properly some important notions. We first define
a distance turning AN into a complete ultrametric space for which the notion of
convergence is usual. For general references, see, for instance, [8, 27, 62, 72].

Definition 5.4.1 Let w, x be two distinct infinite words in AN. We let Λ(w, x)
denote the longest common prefix of w and x and we define a map d : AN×AN →
[0,+∞) by

d(w, x) = 2−|Λ(w,x)| .

4A coding is a morphism from A∗ to B∗ where the image of every letter has length 1.
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Note that |Λ(w, x)| = inf{i ∈ N | wi �= xi}. Moreover, we set d(w,w) = 0. Hence,
the longer prefix two words share, the closer they are. It is obvious that d(w, x) > 0
whenever w �= x.

Definition 5.4.2 Let (wn)n≥0 be a sequence of infinite words over the alphabet A.
This sequence converges to the word z ∈ AN if d(wn, z)→ 0 whenever n→+∞.
Otherwise stated, for all  ∈ N, there exists N such that, for all n ≥ N , wn and z
share a common prefix of length at least . We say that z is the limit of the converging
sequence (wn)n≥0.

Let (wn)n≥0 be a sequence of finite words over A. If # is an extra symbol that
does not belong to A, then any word u ∈ A∗ is in one-to-one correspondence with
the infinite word u #ω ∈ (A ∪ {#})N where #ω means the concatenation of infinitely
many copies of #. We say that the sequence (wn)n≥0 converges to the infinite word
w if the sequence of infinite words (wn#ω)n≥0 converges to w.

Let f : A∗ → A∗ be a morphism, i.e., a map such that f (uv) = f (u)f (v) for all
words u, v ∈ A∗. Observe that a morphism is completely defined from the images
of the letters. Let a be a letter in the alphabet A. If there exists a finite word u such
that f (a) = au, then

lim
n→+∞ f n(a) = a u f (u) f 2(u) f 3(u) · · · . (5.1)

Note that this limit denoted by f ω(a) is well defined in the above topology. It can
possibly be equal to a finite word if, for some k ≥ 1, we have f k(u) = ε. To avoid
this situation, a morphism f : A∗ → A∗ is said to be prolongable on the letter
a ∈ A, not only if there exists a finite word u such that f (a) = au but also, if

lim
n→+∞ |f

n(a)| = +∞ .

We will encounter a more general situation, where a second morphism is applied
to the infinite word obtained by iterating a first morphism. If g : A∗ → B∗ is a non-
erasing morphism, i.e., for all a ∈ A, g(a) �= ε, it can be extended to a map from
AN to BN as follows. If x = x0x1 · · · is an infinite word overA, then the sequence of
words (g(x0 · · · xn−1))n≥0 converges to an infinite word over B. Its limit is denoted
by g(x) = g(x0)g(x1)g(x2) · · · .

Note that we can always consider non-erasing prolongable morphisms and
codings.

Theorem 5.4.3 Let f : A∗ → A∗ be a (possibly erasing) morphism that is
prolongable on a letter a ∈ A. Let g : A∗ → B∗ be a (possibly erasing)
morphism. If the word g(f ω(a)) is infinite, there exists a non-erasing morphism
h : C∗ → C∗ prolongable on a letter c ∈ C and a coding j : C∗ → B∗ such that
g(f ω(a)) = j (hω(c)).
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This result was already stated by Cobham in 1968 [29]. For a proof, see [8]. An
alternative short proof is given in [53]. This result is also discussed in details in [21]
and [23].

Definition 5.4.4 (Morphic Word) An infinite word obtained by iterating a pro-
longable morphism is said to be purely substitutive or purely morphic. In the
literature, one also finds the term pure morphic. If x ∈ AN is pure morphic and if
g : A→ B is a coding, then the word y = g(x) is said to be morphic or substitutive.

5.4.2 Iterating a Constant-Length Morphism

It is now time to present k-automatic sequences. See the original paper of Cobham
[30] and the comprehensive book [8].

Definition 5.4.5 (Uniform Morphism) Let k ≥ 2. A morphism f : A∗ → B∗
satisfying |f (a)| = k, for all a ∈ A, is said to be of constant length k or k-uniform.
A 1-uniform morphism is a coding.

Definition 5.4.6 Let A,B be two alphabets. An infinite word w ∈ BN is k-
automatic if there exist a k-uniform morphism f : A∗ → A∗ prolongable on a ∈ A,
and a 1-uniform morphism g : A∗ → B∗, such that w = g(f ω(a)).

The quotient �j/k� of the Euclidean division of j by k is denoted by j DIV k.
So to speak, for any symbol xj occurring in x = f ω(a), we can track its history,
see Fig. 5.1: xj has been produced by f from xj DIV k . The latter symbol appears
itself in the image by f of x(j DIV k) DIV k , and so on and so forth. Note that if the
base-k expansion of j is repk(j) = ci · · · c1c0, then the base-k expansion of j DIV k

is ci · · · c1. This simple observation permits one to easily track the past of a given
symbol xj by considering the prefixes of repk(j). In other words, we have the next
result.

Lemma 5.4.7 Let f : A∗ → A∗ be a k-uniform morphism prolongable on a and
x = x0x1x2 · · · = f ω(a). Let j such that km ≤ j < km+1, for some m ≥ 0. Then
j = kq + r with km−1 ≤ q < km and 0 ≤ r < k and the symbol xj is the (r + 1)st
symbol occurring in f (xq).

The next construction will be crucial in this chapter. In particular, it explains
where the term “automatic sequence” comes from. The automaton that we introduce
encodes exactly the same information as the morphism f . The fact that the

Fig. 5.1 Tracking a symbol
in a k-automatic word

k
k2
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morphism has constant length implies that the DFA is complete, i.e., the transition
function is defined for all (b, i) ∈ A× {0, . . . , k − 1}.
Definition 5.4.8 (DFA Associated with a Morphism) We associate with a k-
uniform morphism f : A∗ → A∗ and a letter a ∈ A, a DFA Af =
(A, a, {0, . . . , k − 1}, δf ,A) where δf (b, i) = wb,i if f (b) = wb,0 · · ·wb,k−1.
We assume that the letter a is clear from the context, if it is not the case, one can
use a notation such as Af,a . If a state b has a loop labeled by 0, then the morphism
is prolongable on the letter b.

It is a bit tricky, but the alphabet A is the set of states of this automaton.

Example 5.4.9 Consider the morphism f and the associated automaton depicted in
Fig. 5.2.

Proposition 5.4.10 Let x = f ω(a) = x0x1 · · · with f a k-uniform morphism
prolongable on the letter a. With the above notation, for the DFA Af associated
with f , we have, for all j ≥ 0,

xj = δf (a, repk(j)) = Af · repk(j) .

Proof This is a direct consequence of Lemma 5.4.7. Reading an extra symbol in
Af corresponds to append a digit on the right (least significant digit) of a base-k
expansion. The reader can also look at the proof of Theorem 5.5.6 expressed in a
more general setting. �

The converse also holds.

Proposition 5.4.11 Let (A, a, {0, . . . , k − 1}, δ, A) be a DFA s.t. δ(a, 0) = a.
Then the word x = x0x1x2 · · · defined by xj = δ(a, repk(j)), for all j ≥ 0,
is the fixed point of a k-uniform morphism f prolongable on a where f (b) =
δ(b, 0) · · · δ(b, k − 1) for all b ∈ A.
Proof This is a direct consequence of Lemma 5.4.7. �

0

1
2

0, 2

1 1
0

2

Fig. 5.2 A uniform morphism and its automaton



242 M. Rigo

Theorem 5.4.12 Let w = w0w1w2 · · · be an infinite word over an alphabet B. It
is of the form g(f ω(a)) where f : A∗ → A∗ is a k-uniform morphism prolongable
on a ∈ A and g : A∗ → B∗ is a coding if and only if there exists a DFAO

(A, a, {0, . . . , k − 1}, δ, μ : A→ B)

such that δ(a, 0) = a and, for all j ≥ 0, wj = μ(δ(a, repk(j))).

A proof of this result can essentially be derived from Lemma 5.4.7. One has
simply to put together the previous two propositions and consider an extra coding
and thus an output function for the DFA. Nevertheless, we will prove later on (see
Theorems 5.5.6, 5.7.26, and Proposition 5.7.27) a general statement that includes
the case discussed above.

The next notion will permit us to easily discuss recognizable series.

Definition 5.4.13 (TransitionMatrices) With a DFA or a DFAO over the alphabet
A = {0, . . . , k − 1}, we may associate k square matrices of N

A×A, a transition
matrix Mi for each label i < k. The matrix Mi is defined by

[Mi]a,b =
{

1 , if a · i = b;
0 , otherwise.

Note that each row of these matrices contains exactly one 1. Multiplying such a
matrix on the left by a row vector of the form

(
0 · · · 0 1 0 · · · 0

)
gives a vector of

the same form.

Example 5.4.14 Let us continue Example 5.4.9. The corresponding three matrices
are given by

M0 =
⎛

⎝
1 0 0
0 0 1
0 1 0

⎞

⎠ M1 =
⎛

⎝
0 1 0
0 1 0
0 0 1

⎞

⎠ , M2 =
⎛

⎝
0 0 1
0 1 0
1 0 0

⎞

⎠ .

The next observation is a prelude to the notion of a linear representation of a
recognizable series.

Remark 5.4.15 If the initial state is the first one, then the state reached when reading
a word w1 · · ·w in the automaton (from the initial state) can be determined by the
following matrix product:

(
1 0 · · · 0

)
Mw1 · · ·Mw.

We obtain the characteristic vector of the reached state (all entries are 0 except one).
This is easily shown by induction on the length of the input word. If the input word is
empty, the matrix product is empty hence equal to the identity matrix and we get the
initial characteristic vector. If

(
1 0 · · · 0

)
Mw1 · · ·Mwi is the characteristic vector of
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the state s reached when readingw1 · · ·wi then the multiplication by Mwi+1 is equal
to s ·wi+1 by definition of the matrix.

We would like to mention a connection with cellular automata.

Theorem 5.4.16 (Rowland and Yassawi [78]) A sequence over a finite field Fq of
characteristic p is p-automatic if and only if it occurs as a column of the space-time
diagram, with eventually periodic initial conditions, of a linear cellular automaton
with memory over Fq .

5.4.3 k-Kernel of a Sequence

The next characterization of k-automatic sequences will be extensively used in this
chapter. It will lead to the notion of k-regular sequence which is based on a property
of the module generated by the k-kernel of a sequence. Note that the next notion
introduced by Eilenberg [39] is not related to the graph-theoretic notion introduced
in Definition 5.3.6 (the standard terminology is a bit unfortunate).

Definition 5.4.17 Let k ≥ 2. The k-kernel of a sequence x = (x(n))n≥0 is the set
of subsequences:

Kerk(x) =
{
(x(kin+ s))n≥0 | i ≥ 0, 0 ≤ s < ki

}
.

An alternative way to define the k-kernel is first to introduce k operators of k-
decimation, for r ∈ {0, . . . , k − 1}, we set

∂k,r((x(n))n≥0) := (x(kn+ r))n≥0 . (5.2)

The k-kernel of x is thus the set of sequences of the form

∂k,r1 ◦ · · · ◦ ∂k,rm((x(n))n≥0), r1, . . . , rm ∈ {0, . . . , k − 1}. (5.3)

Remark 5.4.18 Notice that considering a subsequence of the form (x(kin+ s))n≥0
with repk(s) = rm · · · r1, m ≤ i, corresponds exactly to extracting the subse-
quence of indices whose base-k expansions have a suffix of length i of the form
0i−mrm · · · r1. (We assume that expansions of length less than i may be preceded by
leading zeroes.)

Theorem 5.4.19 (Eilenberg) A sequence is k-automatic if and only if its k-kernel
is finite.

A proof can be found in [8, Thm. 6.6.2]. We provide an alternative proof of the
fact that automaticity implies finiteness of the kernel.
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Table 5.4 The 3-kernel of f ω(a) for the morphism given in Example 5.4.9

ε 0 1 2 01 02 10 20 22 010 020 022 201 202 220 0220 2022

a a a b c b c c b a c b a b c a a a

b b c b c c a c b a b a c b c a b a

c c b c a b c b a c c b a b c b a a

Proof We make use of Theorem 5.4.12. Let x be a k-automatic sequence obtained
by feeding a DFAO M with base k-expansions, i.e., for all n ≥ 0, x(n) = M ·
repk(n). We first assume that there is no extra coding involved. Words of {0, . . . , k−
1}∗ act on the set Q of states of M. For all words u ∈ {0, . . . , k − 1}∗, we have a
map

fu : Q→ Q, q �→ q · u .

The set of such maps endowed with composition is referred to as the transition
monoid of M. It is finite because the number of such maps is bounded by #Q#Q.
Let u ∈ {0, . . . , k − 1}∗. We observe that the subsequence (x(k|u|n + valk(u)))n≥0
is obtained as follows

x(k|u|n+ valk(u)) =M · (repk(n)u) = fu(M · repk(n)).

Hence the number of subsequences in the k-kernel is equal to the cardinality of
the transition monoid of M (assuming that every state of M can be reached from
the initial state5). If there is an extra coding to be applied to f ω(a), since we are
considering a mapping onto a smaller alphabet, the number of distinct subsequences
decreases. �

How to compute the transition monoid of a DFA? Assume that the set of states
Q is {q1, . . . , qn}. Then starting with the n-tuple (q1, . . . , qn), we compute (q1 ·
a, . . . , qn · a) for all letters a. We list the pairwise distinct and newly created n-
tuples. For each such tuple, we iterate the process and build a labeled graph where
transitions are of the form

(r1, . . . , rn)
a−→ (r1 · a, . . . , rn · a).

This algorithm explores all the n-tuples of the form (q1 ·w, . . . , qn ·w) where w is
a word. Paths from (q1, . . . , qn), in this graph, correspond to the possible maps fu.
In particular, if two words u and v lead to same vertex, then fu = fv . We apply this
algorithm to the automaton depicted in Fig. 5.2 and start with the 3-tuple (a,b,c)
(Table 5.4). More details can, for instance, be found in [58].

5This means that every letter of the alphabet appears at least once in x.
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Example 5.4.20 (Thue–Morse Word) The Thue–Morse word is the fixed point
f ω(a) of the morphism f : a �→ ab,b �→ ba,

abbabaabbaababbabaababbaabbabaab · · ·

Its 2-kernel is finite and contains 2 elements. This word is ubiquitous in COW [7].
For instance, it is well-known that the Thue–Morse word is overlap-free: it does not
contain any factor of the form cvcvc where c is a letter and v belongs to {a,b}∗. In
particular, the Thue–Morse word is not ultimately periodic.

5.4.4 Changing the Base

Example 5.3.17 shows that the sequence (G(n))n≥0 (when removing 1, 2 or 4
tokens) is periodic: (0, 1, 2)ω. It is not difficult to devise a k-automatic sequence
equal to (0, 1, 2)ω. For instance, assume that k = 2. We consider the following
2-uniform morphism and coding

f : a �→ ab, b �→ cd, c �→ ef, d �→ ab, e �→ cd, f �→ ef

g : a,d �→ 0, b,e �→ 1, c,f �→ 2.

More generally, every ultimately periodic word uvω , v �= ε, is k-automatic for all
k ≥ 2.

What could happen when computing the 3-kernel of the Thue–Morse word? It
turns out that this 3-kernel is infinite. This can be obtained from a famous result on
numeration systems.

Theorem 5.4.21 (Cobham’s Theorem [30]) Let k,  ≥ 2 be two multiplicatively
independent integers, i.e., log k/ log  is irrational. If a sequence is both k-automatic
and -automatic, then it is ultimately periodic.

Proposition 5.4.22 Let k ≥ 2 and n ≥ 1 be integers. A sequence is k-automatic if
and only if it is kn-automatic.

Cobham’s theorem can be considered as difficult. No immediate proof seems6 to
be known [69, 76]. On the other hand, Proposition 5.4.22 is an easy exercise. Each
digit in base kn corresponds to n digits in base k and the image by a morphism
preserves the regularity of languages.

Cobham’s theorem has been extended to various settings (multidimensional and
logical frameworks [17], non-constant length morphism, . . . ). In the non-constant

6When writing this chapter, a paper by Thijmen J. P. Krebs appeared on arXiv [55].
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length setting, what replaces the base k is the Perron–Frobenius eigenvalue of the
matrix associated with the morphism. See the theorem of Cobham–Durand [38].

5.4.5 k-Regular Sequences

We have seen that k-automatic sequences take values in an alphabet. Nevertheless,
when studying unbounded sequences (which is the case of most Grundy functions)
we need to replace k-automaticity with a more general concept.

Regular sequences (again the usual terminology could be misleading) can
be studied in a more general algebraic setting than the one considered here.
Since, we are exclusively dealing with sequences taking integer entries, e.g.
(GNIM(m, n))m,n≥0, we will limit ourselves a bit and have a simple presentation
with Definition 5.4.23. In this section, we still consider the case of infinite words.
The multidimensional setting will be presented later on.

Definition 5.4.23 The sequence x ∈ Z
N is k-regular, if the Z-module generated by

Kerk(x) is finitely generated, i.e., there exists t1, . . . , t ∈ Z
N such that

〈Kerk(x)〉 = 〈t1, . . . , t〉. (5.4)

The ring Z is embedded in fields such as Q, R or C. Thus sequences we are
considering can be seen as elements of Q

N which is a Q-vector space (instead
of considering a Z-module). So another way to describe k-regularity is to say
that the orbit of x under the action of compositions of the operators (5.2) of k-
decimation ∂k,r remains in a finite dimensional vector space.

Remark 5.4.24 The original definition given by Allouche and Shallit [6] is the
following one. Let R be a ring containing a commutative Noetherian ring R′, i.e.,
every ideal of R′ is finitely generated. A sequence x in RN is (R′,k)-regular, if
there exists t1, . . . , t ∈ RN such that every sequence in Kerk(x) is an R′-linear
combination of t1, . . . , t.

Observe that if x is (R′,k)-regular, then 〈Kerk(x)〉 is a submodule of a finitely
generated R′-module. In general, this does not imply that the submodule itself
is finitely generated. This means that we only have the inclusion 〈Kerk(x)〉 ⊂
〈t1, . . . , t〉 instead of equality in (5.4). Nevertheless, since R′ is assumed to be
Noetherian, one can show (using more algebra) that every submodule of a finitely
generated R′-module is finitely generated and thus 〈Kerk(x)〉 is finitely generated.
From that (up to taking other generators), we can assume equality in (5.4). Dealing
with integer sequences, we can take R = R′ = Z.

Similarly to recognizable formal series, with every k-regular sequence
(s(n))n≥0 ∈ Z

N is associated a linear representation (λ, μ, ν). There exist a
positive integer r , a row vector λ ∈ Z

1×r and a column vector ν ∈ Z
r×1, a
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matrix-valued morphism μ : {0, . . . , k − 1} → Z
r×r such that

s(n) = λ μ(c0 · · · c) ν = λ μ(c0) · · ·μ(c) ν

for all c, . . . , c0 ∈ {0, . . . , k − 1}∗ such that valk(c · · · c0) = ∑
i=0 ci k

i = n.
The converse also holds: if there exists a linear representation associated with the
canonical k-ary expansion of integers (one has to take into account the technicality
of representations starting with leading zeroes), then the sequence is k-regular.
See, for instance, [8, Theorem 16.2.3]. As a corollary, the nth term of a k-regular
sequence can be computed with �logk(n)� matrix multiplications.

Remark 5.4.25 These matrix multiplications are a natural extension of those
encountered in Remark 5.4.15. Instead of a classical DFA, the linear representation
can be seen as a weighted automaton with r states.

Proof (Existence of a Linear Representation) Let s = (s(n))n≥0 ∈ Z
N be a k-

regular sequence. By definition, there exists a finite number of sequences t1, . . . , t
such that 〈Kerk(s)〉 = 〈t1, . . . , t〉. In particular, each tj is a Z-linear combination
of elements in the k-kernel of s. We have finitely many tj ’s, so t1, . . . , t are Z-
linear combinations of finitely many elements in Kerk(s). Thus we can assume that
〈Kerk(s)〉 is generated by finitely many elements from Kerk(s) itself. Without loss
of generality, we assume from now on that t1, . . . , t belong to Kerk(s).

From (5.3), for all r ∈ {0, . . . , k−1} and all i ∈ {1, . . . , }, ∂k,r(ti ) is a sequence
in Kerk(s) and thus, there exist coefficients (Ar)1,i , . . . , (Ar),i such that

∂k,r (ti ) =
∑

j=1

(Ar)j,i tj .

Notice that Ar is an ×  matrix. Roughly, if we were in a vector space setting, this
means that the matrices Ar represent the linear operators ∂k,r in the basis t1, . . . , t.
Let p ≥ 0 be an integer. Notice that if repk(p) = rm · · · r0, then s(p) is the first
term, i.e., corresponding to the index n = 0, of the sequence

(s(bm+1n+ p))n≥0 = ∂k,r0 ◦ · · · ◦ ∂k,rm
(
(s(n))n≥0

)
.

We will use the fact that ∂k,r is linear, i.e., if α, β are coefficients and v,w are two
sequences, then ∂k,r(αv + βw) = α∂k,r (v)+ β∂k,r(w). It is easy to see that

∂k,r0 ◦ · · · ◦ ∂k,rm (ti ) =
∑

j=1

(Ar0 · · · · ·Arm)j,i tj .
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If we have the following decomposition of s (in a vector space setting, we would
have a unique decomposition of s in the basis t1, . . . , t)

s =
∑

i=1

σi ti

then, by linearity,

(s(bm+1n+ p))n≥0 =
∑

i=1

σi

∑

j=1

(Ar0 · · · · ·Arm)j,i (tj (n))n≥0 =
∑

j=1

τj (tj (n))n≥0

where

⎛

⎜
⎝

τ1
...

τ

⎞

⎟
⎠ = Ar0 · · · · ·Arm

⎛

⎜
⎝

σ1
...

σ

⎞

⎟
⎠ .

Consequently, s(p) is obtained as

s(p) =
∑

i=1

τi ti (0) =
(
t1(0) · · · t(0)

)

︸ ︷︷ ︸
=:λ

Ar0 · · · · · Arm

⎛

⎜
⎝

σ1
...

σ

⎞

⎟
⎠

︸ ︷︷ ︸
=:ν

and μ(c) = Ac. �
Example 5.4.26 For the sum-of-digits function given by

s2(n) =
∑

i=0

ni whenever rep2(n) = n · · · n0,

the sequence s = (s2(n))n≥0 has a (base-2) linear representation given by

λ = (
0 1

)
, μ(i) =

(
1 0
i 1

)
, ν =

(
1
0

)
, i = 0, 1.

We let 1 denote the constant sequence (1)n≥0. It does not belong to the 2-kernel of
s but it belongs to the Z-module generated by it because it is equal to ∂2,1(s) − s.
Nevertheless, it is enough to see that ∂2,0(1) = ∂2,1(1) = 1 and take s and 1 as
generators to proceed as in the proof above. From the following relations, we deduce
the two columns of the matrix μ(0)

∂2,0(s) = 1 · s+ 0 · 1, ∂2,0(1) = 0 · s+ 1 · 1
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and, for μ(1),

∂2,1(s) = 1 · s+ 1 · 1, ∂2,1(1) = 0 · s+ 1 · 1 .

The vector λ is given by s2(0) = 0 and 1(0) = 1. The vector ν is obtained from
s = 1 · s + 0 · 1. To compute s2(19), observe that rep2(19) = 10011. Thus we
compute

(
0 1

)
μ(1)μ(1)μ(0)μ(0)μ(1)

(
1
0

)
= 3 .

Remark 5.4.27 In [9, Section 6], a practical procedure to guess relations a possibly
k-regular sequence will satisfy is described. Consider a sequence (s(n))n≥0. The
idea is to construct a matrix in which the rows represent truncated versions of
elements of the k-kernel of (s(n))n≥0, together with row reduction. Start with a
matrix having a single row, let us say corresponding to the first m elements of the
sequence. Then, in view of the first paragraph of the proof providing the existence of
a linear representation, repeatedly add subsequences of the form (s(kn+r))n≥0 not
linearly dependent of the previous stored sequences. From this, you have candidate
relations that remain to be proved.

Remark 5.4.28 There is an intermediate notion of a k-synchronized sequence s

where a DFA, in the sense discussed in Sect. 5.6, accepts pairs of base-k expansions
corresponding to (n, s(n)). See [18].

5.5 Characterizing P-Position of Wythoff’s Game
in Polynomial Time

First let us explain what we mean by “the Fibonacci word is coding the P-
positions of Wythoff’s game”. From that result, we will introduce Zeckendorf [88]
(or Fibonacci) numeration system and reobtain a well-known result by Fraenkel,
Theorem 5.5.20, characterizing P-positions of Wythoff’s game from Fibonacci
expansions of integers. In this section, we will deal with two copies of the Fibonacci
word! One is defined as a map whose domain is N and the other one has domain
N>0, we will try to avoid any confusion using notation f and f′ respectively. The
alphabet of f and f′ can be either {a,b} or, {1, 2}. It does not really matter.

Definition 5.5.1 (Fibonacci Word) The Fibonacci word over {a,b}

f = abaababaabaababaababaaba · · ·

is the unique fixed point of the morphism F : a �→ ab, b �→ a.
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A (homogeneous) Beatty sequence is just the sequence of integer part of positive
multiples of an irrational number. In our setting, Theorem 5.3.14 provides us with
a pair of complementary Beatty sequences because 1

ϕ
+ 1

ϕ2 = 1. Thus (�nϕ�)n≥1

and (�nϕ2�)n≥1 make a partition of N>0. This is a consequence of Beatty theorem
(sometimes known as Rayleigh theorem). Regarding this result, papers of interest
are [41, 68].

Theorem 5.5.2 (Beatty Theorem) Let α, β > 1 be irrational numbers such that
1/α + 1/β = 1. Then (�nα�)n≥1 and (�nβ�)n≥1 make a partition of N>0.

There are various characterizations of Sturmian words (the Fibonacci word is
Sturmian). One of those is given in terms of irrational mechanical words, i.e., the
sequence of first differences of a Beatty sequence. See, for details, [63, Sec. 2.1.2].
Also see [40]. Here we start indexing infinite words with 1, because of Beatty
theorem and the first non-zero P-position of Wythoff is (1, 2). In particular, using
those mechanical words, one can show that the nth letter in the Fibonacci word

f′ = f1f2f3 · · · = 212212122122 · · · (5.5)

over {1, 2} can be obtained as

fn = �(n+ 1) ϕ� − �nϕ�, ∀n ≥ 1.

Wythoff’s result, Theorem 5.3.14, can therefore be restated as follows.

Proposition 5.5.3 The nth P-position
(�nϕ�, �nϕ2�) of Wythoff’s game is given by

the indices (starting with 1) of the nth a and nth b in the Fibonacci word f′.

Proof Since fn = �(n+ 1) ϕ�− �nϕ�, if fn = 1, this means �nϕ� and �(n+ 1) ϕ�
are consecutive positive integers. If fn = 2, this means that there exists m such
that �nϕ�, �mϕ2� and �(n+1) ϕ� are three consecutive integers. Indeed, because of
Beatty theorem, the gap between two consecutive multiples of ϕ must be filled with
a multiple of ϕ2.

Apply the morphism 1 �→ a and 2 �→ ab to f′ = 21221 · · · . We get exactly
the Fibonacci word over {a,b} because the Fibonacci word is the fixed point of the
morphism F : a �→ ab, b �→ a and we may replace 1, 2 by b and a respectively.
The effect of 2 �→ ab is to insert an extra symbol b between two a’s (the images of
1 and 2 both start with a). Thus the multiples �nϕ� are exactly given by the indices
of the a’s in the Fibonacci word f′. The remaining indices (filling the partition of
N>0) corresponding to b’s are thus given by the multiples �nϕ2�. �
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5.5.1 From Morphic Words to Automatic Words

Since the Fibonacci morphism F is not of constant length (it is not uniform in
the sense of Definition 5.4.5), it is time to extend Definition 5.4.8. Note that the
automaton defined below is not necessarily complete: the transition function could
be partial.

Definition 5.5.4 We associate with a morphism f : A∗ → A∗ and a letter a ∈ A, a
DFA

Af = (A, a, {0, . . . ,max
b∈A |f (b)| − 1}, δf ,A)

where δf (b, i) = wb,i if f (b) = wb,0 · · ·wb,|f (b)|−1. We assume that the letter a is
clear from the context, if it is not the case, one can use a notation such as Af,a .

Definition 5.5.5 (Genealogical Order) Let (A,<) be an ordered alphabet. We
can order A∗ using the genealogical ordering (also called radix order). Words are
first ordered by increasing length and for words of the same length, one uses the
lexicographic ordering induced by the order < on A. The order is denoted by <gen.

Compared with the lexicographic order, the genealogical order is a well-order,
that is, every non-empty subset has a minimal element. For instance, the set a+b =
{anb | n > 0} has no minimal element for the lexicographic order.

Here is the natural generalization of Proposition 5.4.10, base-k expansions are
replaced with words accepted by Af . We will proceed to the proof of this result at
the end of this section.

Theorem 5.5.6 Let (A,<) be an ordered alphabet. Let x ∈ AN be an infinite
word, fixed point f ω(a) of a morphism f : A∗ → A∗ prolongable on a. Consider
the language Lf of words accepted by Af except those starting with 0. If Lf is
genealogically ordered: Lf = {w0 <gen w1 <gen w2 <gen · · · }, then the nth
symbol of x, n ≥ 0, is the state Af · wn.

Remark 5.5.7 Adding an extra coding and considering the word g(f ω(a)) does
not lead to any difficulty. The DFA is replaced with a DFAO where the output
function is simply g. Thus, the nth symbol of g(f ω(a)) is given by g(Af · wn).
See Example 5.5.10.

Let us apply this theorem to the Fibonacci word f. The corresponding automaton
is depicted in Fig. 5.3. The language accepted by this DFA (excluding words

Fig. 5.3 DFA associated
with a �→ ab, b �→ a 1

0

0
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starting with 0) is 1{0, 01}∗ ∪ {ε}. This is the set of words over {0, 1} avoiding
the factor 11. This is exactly the language of the Fibonacci numeration: the greedy
expansions of the non-negative integers in this positional numeration system. Details
on numeration systems are presented in the next section.

Remark 5.5.8 For a morphism f of constant length k, the language Lf given by
Theorem 5.5.6 is {1, . . . , k − 1}{0, . . . , k − 1}∗ ∪ {ε} which is exactly the language
of the base-k numeration system. For the Fibonacci morphism F , the corresponding
language is associated with the so-called Fibonacci numeration system.

Nevertheless, the language Lf given by Theorem 5.5.6 is not always related
to a “well-known” numeration system. The term “well-known” means associated
with a positional numeration system defined in Sect. 5.5.2. In the general situation:
genealogically ordering a regular language leads to abstract numeration systems
discussed in Sect. 5.7.1.

Prior to the proof of Theorem 5.5.6, we need the following lemma. If x =
x0x1x2 · · · is an infinite word, then the shifted word σ(x) is the word x1x2x3 · · · .
Lemma 5.5.9 Let A = {a1 < · · · < an} be a totally ordered alphabet. Let z �∈ Q.
Let A = (Q, q0, A, δA, F ) be a DFA where δA : Q × A → Q is (in general) a
partial7 function. Define the morphismψA : (Q∪{z})∗ → (Q∪{z})∗ by ψA(z) =
z q0 and, for all q ∈ Q,

ψA(q) = δA(q, a1) · · · δA(q, an).

In this latter expression if δA(q, ai) is not defined for some i, then it is replaced by
ε. Let L be the regular language accepted by (Q, q0, A, δ,Q) where all states of
A are final. Then the shifted word σ(ψω

A(z)) is the sequence (xn)n∈N of the states
reached in A by the words of L in genealogical order, i.e., for all n ∈ N,

xn = A · wn

where wn is the (n+ 1)th word of the genealogically ordered language L.

Proof By definition of ψ , first observe that we have the following factorization,
see (5.1):

ψω
A(z) = z x0 x1 x2 · · · = z q0 ψA(q0) ψ

2
A(q0) · · ·

and x0 = q0 = δA(q0, ε). Then by the definition of ψA, if xn = δA(q0, wn), n ≥ 0,
then the factor

un = ψA(xn) = δA(q0, wna1) · · · δA(q0, wnan) (5.6)

7Compared with complete functions in Definition 5.4.8.
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appears in ψω
A(z) with the usual convention of replacing the undefined transitions

with ε. Indeed, zx0x1x2 · · · is a fixed point of ψA and each xn produces a factor
ψA(xn) = un appearing later on in the infinite word, similar to the situation depicted
in Fig. 5.1. Moreover this factor is preceded by

δA(q0, wn−1a1) · · · δA(q0, wn−1an)

and followed by

δA(q0, wn+1a1) · · · δA(q0, wn+1an) .

It is therefore clear that we get all states reached from the initial state when
considering the labels of all the paths in A in increasing genealogical order. �
Proof of Theorem 5.5.6 From Cobham’s theorem on morphic words (The-
orem 5.4.3), we assume that f is non-erasing. We consider the alphabet
C = {0, . . . ,maxb∈A |f (b)| − 1} and the DFA Af = (A, a,C, δ,A) from
Definition 5.5.4 having a as initial state.

Let L ⊆ C∗ be the language recognized by Af . Since f (a) = au for some non-
empty word u, it is clear that if w ∈ L then 0w ∈ L. Indeed by definition of Af , its
initial state a has a loop labeled by 0, the first letter in C. If we apply Lemma 5.5.9
to this automaton Af , we obtain a morphism ψAf

generating the sequence of the
states reached by the words of L. This morphism is defined as follows. Let z �∈ A.
We have ψAf

(z) = za and, for all b ∈ A, ψAf
(b) = f (b).

The main point leading to the conclusion is to compareψω
Af

(z) and f ω(a). Since

f (a) = au, using (5.1) we have the following factorizations

f ω(a) = au f (u) f 2(u) f 3(u) · · ·

and

ψω
Af

(z) = za a u f (a) f (u) f 2(a) f 2(u) f 3(a) f 3(u) · · · .

If we erase the factors z, a, f (a), f 2(a), . . . occurring in that order in the above
factorization of ψω

Af
(z), we recover f ω(a). Recall that ψω

Af
(z) is, except for

z, the sequence of states reached in Af by considering all the possible paths in
genealogical order. The second occurrence of a in ψω

Af
(z) is the state reached in

Af when reading 0 ∈ L. By the property (5.6) of ψAf
, the factor f n(a) in the

above factorization corresponds to the states reached in Af when reading the words
in L of length n + 1 starting with 0. Consequently, when giving to Af the words
of Lf := L \ 0C∗ in increasing genealogical order, we build exactly the sequence
f ω(a) = (yn)n≥0, i.e., if w0 <gen w1 <gen w2 <gen · · · are the words of Lf in
genealogical order, then yn = A ·wn. �
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Example 5.5.10 Consider the alphabets A = {a,b,c}, B = {d,e} and the
morphisms

f : A∗ → A∗,

⎧
⎨

⎩

a �→ abc
b �→ bc
c �→ aac

and g : A∗ → B∗,
{

a �→ d
b,c �→ e.

The corresponding automaton Af is given in Fig. 5.4 and the output function is
represented on the outgoing arrows.

The infinite word generated by the morphism f is f ω(a) = (xn)n≥0 =
abcbcaacbcaacabcabcaac · · · .

Corollary 5.5.11 Let (A,<) be an ordered alphabet. Let x ∈ AN be an infinite
word, fixed point f ω(a) of a morphism f : A∗ → A∗ prolongable on a. Consider
the language Lf = {w0 <gen w1 <gen w2 <gen · · · } of words accepted by Af

except those starting with 0.
Let n ≥ 0. If Af · wn = b and |f (b)| = rb, then the factor f (b) occurs in x in

position corresponding to wn0, . . . , wn(rb − 1).

In Example 5.5.10, the fifth b occurring in f ω(a) in position 17 corresponds to
the word 211 inLf . Deleting the last one gives the word 21 which corresponds to the
third a occurring in f ω(a). In particular, this symbola gives the factor f (a) = abc
corresponding to the words 210, 211, 212. Finally, the first c corresponds to the
word 2, so the second and third a occur in f (c).

d

e

e

0

0

2

1

2 1

0, 1

w0 = ε w8 = 100 w16 = 210
w1 = 1 w9 = 101 w17 = 211
w2 = 2 w10 = 110 w18 = 212
w3 = 10 w11 = 111 w19 = 220
w4 = 11 w12 = 112 w20 = 221
w5 = 20 w13 = 200 w21 = 222
w6 = 21 w14 = 201
w7 = 22 w15 = 202

Fig. 5.4 The automaton Af associated with a �→ abc, b �→ bc, c �→ aac and the first few
words in the associated language Lf
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5.5.2 Positional Numeration Systems

A numeration system is a sequence U = (Un)n≥0 of integers such that U is
increasing, U0 = 1 and that the set {Ui+1/Ui | i ≥ 0} is bounded. This latter
condition ensures that there exists an alphabet of digits used to represent integers. If
w = w · · ·w0 is a word over an alphabet A ⊂ Z then the numerical value of w is

valU(w) =
∑

i=0

wi Ui.

Using a greedy algorithm [43], every integer n has a unique (normal) U -represen-
tation or U -expansion repU(n) = w · · ·w0 which is a finite word over a minimal
alphabet called the canonical alphabet of U and denoted by AU . The normal U -
representation satisfies

valU(repU(n)) = n and for all i ∈ {0, . . . , − 1}, valU(wi · · ·w0) < Ui+1.

Remark 5.5.12 We call these systems positional because the position of a digit
within an expansion is relevant. A digit in ith position (i = 0 corresponding to
the rightmost digit) is multiplied by Ui to get the numerical value of the expansion.

For some general references on numeration systems, see Frougny’s chapter in
[63] or [72, 73]. The greediness of the expansion has the following consequence.

Proposition 5.5.13 (Order Preserving Map) Let m,n be two non-negative inte-
gers. We havem < n if and only if repU(m) is genealogically less than repU(n).

Definition 5.5.14 Let B ⊂ Z be an alphabet. If w ∈ B∗ is such that valU(w) ≥ 0,
then the function that maps w to repU(valU(w)) is called normalization.

Definition 5.5.15 A numeration system U is said to be linear if there exist k ∈
N \ {0}, d1, . . . , dk ∈ Z, dk �= 0, such that, for all n ≥ k, Un = d1Un−1 + · · · +
dkUn−k . The polynomial PU(X) = Xk − d1X

k−1 − · · · − dk−1X − dk is called the
characteristic polynomial of U .

Definition 5.5.16 Recall that a Pisot-(Vijayaraghavan) number is an algebraic
integer β > 1 whose Galois conjugates have modulus less than 1. We say that
U = (Un)n≥0 is a Pisot numeration system if the numeration system U is linear and
PU(X) is the minimal polynomial of a Pisot number β. Integer8 base numeration
systems are particular cases of Pisot systems. For instance, see [16] where it is
shown that most properties related to integer base systems, can be extended to Pisot
systems. For a Pisot system β, there exists some c > 0 such that |Un − c βn| → 0,
as n tends to infinity.

8Integer are the only rational numbers that are Pisot numbers.



256 M. Rigo

Example 5.5.17 With the Fibonacci sequence F = 1, 2, 3, 5, 8, 13, . . ., we have a
Pisot numeration system associated with the Golden ratio. Thanks to the greediness
of the expansions, we have repF (N) = 1{0, 01}∗ ∪ {ε}.

Thanks to the observation stated in Proposition 5.5.13, we can directly reformu-
late Theorem 5.5.6.

Corollary 5.5.18 Let (A,<) be an ordered alphabet. Let w ∈ AN be an infinite
word, fixed point f ω(a) of a morphism f : A∗ → A∗ prolongable on a. Let Lf be
the language of words accepted by Af except those starting with 0. If there exists a
numeration system U such that repU(N) = Lf , then the nth symbol of w, n ≥ 0, is
Af · repU(n).

Remark 5.5.19 The above corollary implies that if the state a ∈ A is reached in Af

when reading a word w from the initial state, then the symbol with index valU(w)
occurring in the fixed point w is a. Moreover, the ordered outgoing transitions from
state a with respective labels 0, . . . , |f (a)| − 1 are such that f (a) = (a · 0) · · · (a ·
(|f (a)| − 1)).

Let us apply this result to the Fibonacci word f = f0f1f2 · · · = abaab · · ·
starting with index 0. It is important to note that in Theorem 5.5.6 and the above
corollary, indices start with 0 (which is not the case in Proposition 5.5.3 and this
difference has to be dealt with). Applying the above corollary with the DFA depicted
in Fig. 5.3, we get that

• fj = a if and only if repF (j) ends with 0;
• fj = b if and only if repF (j) ends with 1.

As for k-automatic sequences and Lemma 5.4.7, we can still “keep track of the
past”: since F : a �→ ab, b �→ a, we have

fj = a for some repF (j) = u if and only if fvalF (u0) = a and fvalF (u1) = b

and similarly,

fj = b for some repF (j) = v if and only if fvalF (v0) = a and fvalF (v1) = a.

In particular, the nth symbol b occurring in f belongs to the image by the morphism
F of the nth a in f. Otherwise stated, the nth a and the nth b in the Fibonacci word
occur at indices (we recall, starting with 0) of the form:

valF (u0) and valF (u01) with u ∈ repF (N) . (5.7)

If repF (j) = ci · · · c2c1c0, then fj belongs to F(xvalF (ci ···c1)). The symbol
xvalF (ci ···c1) appears itself in the image by the morphism F of the letter xvalF (ci ···c2);
xj appears in F2(xvalF (ci ···c2)), and so on and so forth. For k-automatic sequences,
we were simply using DIV k iteratively, here the result is similar: at each step, we
remove the last digit of the F -representation of j .
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5.5.3 Syntactic Characterization of P-Positions of Wythoff’s
Game

We can now put together all the results and material of this section to obtain the
following result. It provides us with a polynomial time algorithm to decide whether
or not a pair is a P-position. Note that (x, x) is a N -position because one can
directly play to (0, 0).

Theorem 5.5.20 (Fraenkel [42]) A pair (x, y), with x < y, is a P-position of
Wythoff’s game if and only if repF (x) ends with an even number of zeroes and
repF (y) = repF (x)0.

Proof From Proposition 5.5.3, we know that a pair (x, y), with 0 < x < y, is a
P-position if and only if there exists n such that x is the index (starting with 1) of
the nth a (resp. nth b) occurring in the Fibonacci word f′.

We now make use of Corollary 5.5.18 and observation (5.7): (x, y) is a P-
position if and only if there exists a (valid) F -representation u such that

(
repF (x−1), repF (y−1)

) = (u0, u01). (5.8)

We subtract 1 because Corollary 5.5.18 deals with the word f whose indices start
with 0 and not 1 as in f′. From (5.8) what can be said about the form of repF (x) and
repF (y)? First, we have

repF (x) = repF (valF (u0)+ 1) and repF (y) = repF (valF (u01)+ 1)

• First case:9 Assume that u is of the form u′0. We easily get valid F -
representations:

repF (x) = repF (valF (u′00)+ 1) = u′01 ends with no zero,

repF (y) = repF (valF (u
′001)+ 1) = u′010 previous word shifted by zero.

• Second case: Assume that u is of the form u′1 (where u′ ends with 0 to have a
valid F -representation). We get

repF (x) = repF (valF (u′10)+ 1) = repF (valF (u′11)),

repF (y) = repF (valF (u
′101)+ 1) = repF (valF (u

′110)).

9The first few values may be checked by hand.
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Fig. 5.5 Transducer
computing the successor
function from right to left
(Fibonacci system)

s r q p
1

1 0

0 01
0 0, 1 1

101

0 0

0

This means that we need to normalize u′11 and u′110 (in the sense of Def-
inition 5.5.14) or equivalently, to compute the successor of u′10 and u′101.
Hopefully, a transducer computing the successor function from right to left, i.e.,
least significant digit first, for the Fibonacci system is well-known. See [47].
This transducer is depicted in Fig. 5.5. If we feed the transducer with a valid F -
representation u′10, it is either of the form w100(10)n10 or, 10(10)n10, for some
n ≥ 0 (because we are considering large enough numbers). A computation for
the first form is depicted below:

s
(w1
w1)←− s

( 0
01)←− r

[
(0

0)←− q
(1

0)←− r

]n
(0

0)←− q
(1

0)←− r
(0
.)←− p :from right to left.

So in the first situation, the successor of u′10 is

w10(01)n0
︸ ︷︷ ︸

u′
10→ w101(00)n00 ends with 2n+ 2 zeroes, n ≥ 0

and for the successor of u′101, we get

w10(01)n0︸ ︷︷ ︸
u′

101→ w101(00)n000 the previous word shifted by one zero.

In the second situation, we have for the successor of u′10

1(01)n0︸ ︷︷ ︸
u′

10→ 100(00)n00 2n+ 4 zeroes, n ≥ 0

and the successor of u′101

1(01)n0︸ ︷︷ ︸
u′

101→ 100(00)n000 the previous word shifted by one zero.

Putting together the different cases gives the expected result. �
To conclude with this section, let us present the bidimensional word PW coding

the P-positions of Wythoff’s game. We have PW(m, n) = 1 if and only if (m, n)
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Table 5.5 The bidimensional word w(m, n) coding P-positions of Wythoff

10 0 0 0 0 0 0 1 0 0 0 0
9 0 0 0 0 0 0 0 0 0 0 0
8 0 0 0 0 0 0 0 0 0 0 0
7 0 0 0 0 1 0 0 0 0 0 0
6 0 0 0 0 0 0 0 0 0 0 1
5 0 0 0 1 0 0 0 0 0 0 0
4 0 0 0 0 0 0 0 1 0 0 0
3 0 0 0 0 0 1 0 0 0 0 0
2 0 1 0 0 0 0 0 0 0 0 0
1 0 0 1 0 0 0 0 0 0 0 0
0 1 0 0 0 0 0 0 0 0 0 0

0 1 2 3 4 5 6 7 8 9 10

is a P-position. Thanks to Proposition 5.3.18, it is a projection of (G(m, n))m,n≥0
given in Table 5.3.

We ask the same kind of (not yet answered) questions as before for the tables
(GNIM(m, n))m,n≥0 or (GW(m, n))m,n≥0. We would like to have insight about
the structure of the table, find some patterns, etc. The main difference between
Table 5.5 and (GNIM(m, n))m,n≥0 or (GW(m, n))m,n≥0 is that we are with PW over
an alphabet {0, 1}.

In Sect. 5.6.1, we prove that (GNIM(m, n))m,n≥0 is 2-regular. It is well-known
that the mapping on a finite alphabet of a 2-regular word is 2-automatic [6]. In
Sect. 5.7, we prove that (PW(m, n))m,n≥0 is a morphic shape-symmetric word.

5.6 Extension to a Multidimensional Setting

This extension is pretty straightforward. The only technical part is that one has to
pad shorter expansions to deal with words of the same length. In the first sections
of this chapter, we have considered DFA over alphabets such as {0, . . . , k − 1}. But
there is no objection to consider other finite sets as alphabets such as

{0, 1}2 = {0, 1} × {0, 1} =
{(

0
0

)
,

(
0
1

)
,

(
1
0

)
,

(
1
1

)}
. (5.9)

With this alphabet, the corresponding languages are subsets of ({0, 1}2)∗. We make
no distinction between pairs written horizontally or vertically, but it seems more
natural to write them as column vectors because that is what the machine should read
simultaneously. Examples of DFA over ({0, 1}2)∗ are given in Figs. 5.8 and 5.20.
There is no objection to take d-tuples instead of pairs and also, we can have
alphabets with more than two symbols. A DFA over ({0, 1}3)∗ is given in Fig. 5.9.
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Definition 5.6.1 Let d ≥ 1, k ≥ 2 be integers. The base-k expansion of a d-tuple
of non-negative integers is defined by

repk : Nd →
(
{0, . . . , k − 1}d

)∗
, (n1, . . . , nd) �→

⎛

⎜
⎝

0−| repk(n1)| repk(n1)
...

0−| repk(nd )| repk(nd)

⎞

⎟
⎠

where  = max{| repk(n1)|, . . . , | repk(nd)|}.
Let d ≥ 1, k ≥ 2 be integers. A map f : A→ Akd where the image of a letter in

A is a d-dimensional cube of size k, can be extended to a k-uniform morphism over
the set of d-dimensional cubes. The image of a cube of size  is a cube of size k · .
The morphism is prolongable on the letter a ∈ A if the “lower-left” corner of f (a)
is equal to a.

Example 5.6.2 (Pascal Triangle mod 2) Consider the morphism

ψ : 0 �→ 0 0
0 0

, 1 �→ 1 0
1 1

.

Iterating n times the morphism ψ from 1 gives (explanations will follow) the
first 2n rows of the binomial coefficients modulo 2 (up to a rotation of 3π/4). The
binomial coefficient

(
m
n

)
(mod 2) corresponds to the point of coordinates (m−n, n)

in the picture on the left of Fig. 5.6. It is important to keep in mind this “change
of variables”. Note that the sequence of normalized sets with ratio 1/2n where
1’s (resp. 0’s) are full (resp. empty) unit squares, is a sequence of compact sets
converging, for the Hausdorff distance, to the Sierpiński gasket [3, 11]. On fractal
patterns of the Pascal triangle and generalizations, see, e.g., [4, 5, 50, 61].

Lemma 5.4.7 and thus Theorem 5.4.12 are translated verbatim.

Lemma 5.6.3 Let f be a k-uniform d-dimensional morphism prolongable on a

and x = f ω(a) = (x(n1, . . . , nd))n1,...,nd≥0. Let (j1, . . . , jd) such that kmi ≤ ji <

kmi+1, for some mi ≥ 0, for all i. Then ji = kqi + ri with kmi−1 ≤ qi < kmi and
0 ≤ ri < k and the symbol x(j1,...,jd) occurs in the d-cube of size k f (x(q1,...,qd )) in
position (r1, . . . , rd ).

Fig. 5.6 Third iterate of ψ
and the corresponding Pascal
triangle modulo 2
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Fig. 5.7 Tracking the past of
a symbol in a bidimensional
2-automatic word

Example 5.6.4 With notation of the previous lemma, k = d = 2, consider Fig. 5.7.
The symbol in position (12, 10), where rep2(12) = 1100 and rep2(10) = 1010,
is in the image of the symbol which is in position (val2(110), val2(101)) =
(6, 5). Moreover, since the last letter of 1100 and 1010 are both 0, x(12, 10)
is the lower-left corner of f (x(6, 5)). Now, x(6, 5) appears in the image of
x((val2(11), val2(10)) = x(3, 2). Since the last digits in the base-2 expansion of
6 and 5 are respectively 0 and 1, x(6, 5) is the upper-left corner of f (x(3, 2)). We
can continue this way until we reach x(1, 1).

Theorem 5.6.5 [81, 82] Let w : Nd → B be an infinite d-dimensional word over
an alphabet B. It is of the form g(f ω(a)) where f : A → Akd is a k-uniform
morphism, prolongable on a ∈ A and g : A → B is a coding if and only if there
exists a DFAO

(A, a, {0, . . . , k − 1}d, δ, μ : A→ B)

such that δ(a, (0, . . . , 0)) = a and, for all (j1, . . . , jd ) ∈ N
d ,

w(j1, . . . , jd) = μ(δ(a, repk(j1, . . . , jd)))

with the base-k expansion given in Definition 5.6.1.

The next example should suffice to explain how to derive a suitable DFAO from
a morphism. If images of letters are d-dimensional cubes of size k, then transitions
are labeled by d-tuples of digits in {0, . . . , k − 1}.
Example 5.6.6 (Pascal Triangle Modulo 2) We associate with the morphism ψ an
automaton with input alphabet (5.9). Let r, s, t, u, v ∈ {0, 1}. If

ψ(r) = u v

s t
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Fig. 5.8 An automaton
generating the Pascal triangle
modulo 2 (left of Fig. 5.6)

1 0

then, we have the transitions

r

⎛

⎝0
0

⎞

⎠

−→ s, r

⎛

⎝1
0

⎞

⎠

−→ t, r

⎛

⎝0
1

⎞

⎠

−→ u, r

⎛

⎝1
1

⎞

⎠

−→ v.

The morphism from Example 5.6.2 corresponds to the DFA depicted in Fig. 5.8.
We can make use of Lucas’s theorem (recalled below) for p = 2. From (5.10),

the binomial coefficient
(
m
n

)
, with m ≥ n, is even if and only if rep2(m, n) contains

the pair of digits
(0

1

)
(because the other three pairs give binomial coefficients equal

to 1). To prove that the morphism ψ generates the Pascal triangle modulo 2, recall
that we have some change of variables. It suffices to observe that rep2(m, n) contains
the pair of digits

(0
1

)
if and only if rep2(m− n, n) contains the pair of digits

(1
1

)
. The

reader can probably carry on a proof of this necessary and sufficient condition.10

We take the opportunity of Lemma 5.6.8 to give a proof involving automata. The
latter condition is recognized by the DFA depicted in Fig. 5.8 and associated with
the morphism ψ .

Theorem 5.6.7 (Lucas’s Theorem) Let p be a prime. Let m and n be two non-
negative integers. If

repp(m, n) =
(
mk mk−1 · · · m1 m0

nk nk−1 · · · n1 n0

)

then the following congruence relation holds

(
m

n

)
≡

k∏

i=0

(
mi

ni

)
mod p, (5.10)

using the following convention:
(
m
n

) = 0 if m < n.

Lemma 5.6.8 Let m ≥ n. The pair rep2(m, n) contains the pair of digits
(0

1

)
if and

only if rep2(m− n, n) contains the pair of digits
(1

1

)
.

10One can relate this result to a theorem of Kummer. The p-adic valuation of
(
m
n

)
is the number of

carries when adding n to m− n in base p. See, e.g., [77] and the references therein.
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0 1

Fig. 5.9 A DFA accepting rep2(x, y, x + y) ⊂ {0, 1}3

Proof The DFA depicted in Fig. 5.9 is mimicking base-2 addition. It recognizes 3-
tuples of words (u, v,w) such that u, v and w have the same length and val2(u) +
val2(v) = val2(w). Successful paths are those starting and ending in state 0. The
DFA reads least significant digits first. State 1 corresponds to the situation where
there is a carry to take into account. The undefined transitions lead to some sink
state.

We can make use of this DFA to recognize rep2(m − n, n,m). Notice that
whenever rep2(n,m) contains a pair

(1
0

)
(the last two of the three components), in a

successful path, we must use the unique transition from state 0 to state 1. This means
that rep2(m− n, n) contains the pair

(1
1

)
(the first two of the three components) and

conversely. �
Definition 5.6.9 For the sake of simplicity, consider the case d = 2. Consider
a bidimensional sequence x = (x(m, n))m,n≥0. The k-kernel of x is the set of
bidimensional subsequences

Kerk(x) =
{
(x(kim+ r, kin+ s))m,n≥0 | i ≥ 0, 0 ≤ r, s < ki

}
.

Note that we have the same multiplicative factor ki for both components. One
element of the k-kernel corresponds to selecting two suffixes

(0i−prp · · · r1, 0i−qsq · · · s1)

where repk(r) = rp · · · r1 and repk(s) = sq · · · s1. Theorem 5.4.19 can be extended
to this setting: a d-dimensional word satisfies the conditions of Theorem 5.6.5 if and
only if its k-kernel is finite. See, for instance, [8, 81, 82].

Example 5.6.10 (Pascal Triangle Modulo 2) Let (p2(m, n))m,n≥0 be the fixed point
of the morphism ψ given in Example 5.6.2. We compute its 2-kernel as follows.
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From Lemma 5.6.3 and the form of ψ , we derive that, for all m,n ≥ 0,

p2(2m, 2n) = p2(m, n),

p2(2m+ 1, 2n) = p2(m, n),

p2(2m, 2n+ 1) = p2(m, n),

p2(2m+ 1, 2n+ 1) = 0.

These relations can also be deduced from the DFA in Fig. 5.8: Reading the pair of
digits

(1
1

)
leads to state 0, reading another pair does not change the state. Hence, the

2-kernel only contains the sequence itself and the null sequence. An alternative is
to proceed as in the Proof of Theorem 5.4.19 and compute the transition monoid of
the DFA in Fig. 5.8.

5.6.1 2-Regularity for Grundy Values of the Game of Nim

Compared with Example 5.6.10 where the 2-kernel of the Pascal triangle modulo 2
is finite, we can define a multidimensional k-regular sequence: the Z-module
generated by Kerk(x) is finitely generated. It is now time to reconsider Table 5.2.

Proposition 5.6.11 (Exercises 21 and 22, Section 16.6, p. 451 [8]) If we consider
the game of Nim on two token piles, the bidimensional sequence (GN(m, n))m,n≥0
is 2-regular.

Proof From Bouton’s theorem and simple base-2 manipulations, we get

GN(2m, 2n) = 2m⊕ 2n = 2GN(m, n),
GN(2m+ 1, 2n) = (2m+ 1)⊕ 2n = 2GN(m, n)+ 1,
GN(2m, 2n+ 1) = 2m⊕ (2n+ 1) = 2GN(m, n)+ 1,

GN(2m+ 1, 2n+ 1) = (2m+ 1)⊕ (2n+ 1) = 2GN(m, n).

Hence the 2-kernel is generated by (GN(m, n))m,n≥0 and the constant sequence
(1)m,n≥0. �
Remark 5.6.12 To prove that a sequence (s(n))n≥0 is k-regular, it is enough to find
some j ≥ 1 and kj linear relations expressing, for all r < kj , s(kj n+ r) in terms of
elements of the form s(kin + t) with i < j and t < ki . This observation is similar
in a multidimensional setting.

From the relations given in the proof of Proposition 5.6.11, we can express any
element (GN(2jm + r, 2jn + t))m,n≥0 of the 2-kernel as a linear combination of
(GN(m, n))m,n≥0 and (1)m,n≥0. An example should be enough to understand the
reasoning. Can (GN(8m+ 5, 8n+ 2))m,n≥0 be expressed as a Z-linear combination
of these two sequences?
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GN(8m+ 5, 8n+ 2) = GN (2(4m+ 2)+ 1, 2(4n+ 1))

= 2GN(4m+ 2, 4n+ 1)+ 1

= 2GN(2(2m+ 1), 2.2n+ 1)+ 1

= 2 [2GN(2m+ 1, 2n)+ 1]+ 1

= 4GN(2m+ 1, 2n)+ 3

= 4 [2GN(m, n)+ 1]+ 3

= 8GN(m, n)+ 7.

We can discuss a bit further the meaning of the relations given in the proof of
Proposition 5.6.11. The situation is similar to the one of Lemma 5.6.3 and Fig. 5.7.
The only difference is that we have a function whose domain is not necessarily
bounded. A 2 × 2 block in the bidimensional word (GN(i, j))i,j≥0 whose lower-
left corner has coordinates (2m, 2n) is completely determined from the value of
GN(m, n):

GN(m, n) �→ 2GN(m, n)+ 1 2GN(m, n)
2GN(m, n) 2GN(m, n)+ 1

(5.11)

The situation is depicted within Table 5.6. The value of GN(2, 1) determines the
2 × 2 block with lower-left corner of coordinates (4, 2). The four elements of that
block give the 4× 4 block whose lower-left corner has coordinates (8, 4) and so on
and so forth.

Table 5.6 First few values of GN(m, n) highlighting the action of the map (5.11)

9 8 11 10 13 12 15 14 1 0
8 9 10 11 12 13 14 15 0 1
7 6 5 4 3 2 1 0 15 14 13 12
6 7 4 5 2 3 0 1 14 15 12 13
5 4 7 6 1 0 3 2 13 12 15 14
4 5 6 7 0 1 2 3 12 13 14 15
3 2 1 0 7 6 5 4 11 10
2 3 0 1 6 7 4 5 10 11
1 0 3 2 5 4 7 6 9 8
0 1 2 3 4 5 6 7 8 9
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Fig. 5.10 Graph of
GW(5, n) − n for
50 ≤ n ≤ 150

5.6.2 Grundy Values of the Game of Wythoff

Even though it looks quite similar to the situation encountered with the game of
Nim, Table 5.3 is challenging! We quote the book [85, p. 200]: “No general formula
is known for computing arbitrary G-values of Wythoff. In general, they appear
chaotic, though they exhibit a striking fractal-like pattern. . .Despite this apparent
chaos, the G-values nonetheless have a high degree of geometric regularity.”

We collect some results from Blass and Fraenkel about GW(m, n) [14]:

• On every parallel to the main diagonal, (GW(n, n + j))n≥0 takes every possible
value.

• Points with Grundy value 1 are “close” to those with value 0.
• Recursive algorithms to determine the points with Grundy value 1 are provided.

Definition 5.6.13 A sequence (aj )j≥0 is additively periodic if

∃p, q, ∀j ≥ q : aj+p = aj+p.

Note that (aj )j≥0 is additively periodic if and only if (aj − j)j≥0 is ultimately
periodic.

Example 5.6.14 As an example, the row GW(5, n) is such that for all n ≥ 27,
GW(5, n+ 24) = GW(5, n)+ 24 (Fig. 5.10).

Every row and column of GW(m, n) is additively periodic, see [32, 56].

5.7 Shape-Symmetry

Table 5.5 will permit us to introduce the notion of shape-symmetry. Our aim in
this section is to prove Theorem 5.7.14 stating that Table 5.5 is the fixed point
of a morphism with the shape-symmetry property. A picture is the analogue in a
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multidimensional setting of a finite word. It is a bit more intricate to define the
concatenation of pictures. The results and material presented in this section come
from [64] and [22]. We first start with formal definitions, Example 5.7.4 is presented
afterwards.

Definition 5.7.1 (Picture) Let A be an alphabet. Let s1, . . . , sd ≥ 1 be in N>0 ∪
{∞}. A d-dimensional picture over A is a map

x : {0, . . . , s1 − 1} × · · · × {0, . . . , sd − 1} → A

and (s1, . . . , sd ) is the shape of x. It is denoted by |x| and |x|i = si . If si <∞, for
all i, x is bounded. The set of bounded pictures over A is denoted by Bd(A).

Definition 5.7.2 (Factor) Let x ∈ Bd(A) be a bounded picture of shape
(s1, . . . , sd ). Let i1, j1, . . . , id , jd be integers such that 0 ≤ ik ≤ jk < sk for
all k ∈ {1, . . . , d}. We let

x[(i1, . . . , id), (j1, . . . , jd )]

denote the picture y of shape (j1 − i1 + 1, . . . , jd − id + 1) defined by

y(n1, . . . , nd) = x(i1 + n1, . . . , id + nd)

for all n1 < j1 − i1, . . . , nd < jd − id . In 2 dimensions, this just means that we
specify the lower-left and upper-right corner of a sub-picture.

We let 0 (resp. 1) denote the row vector (of convenient dimension) whose entries
are all equal to zero (resp. one). Let i ∈ {1, . . . , s}. If z is a d-tuple, we let ẑi denote
the (d − 1)-tuple where the ith coordinate has been removed.

Definition 5.7.3 (Concatenation) Let x, y ∈ Bd(A). If we have for some i ∈
{1, . . . , d}, |x |̂i = |y |̂i = (s1, . . . , si−1, si+1, . . . , sd ), then we define the concate-
nation of x and y along the ith direction to be the d-dimensional picture x /i y of
shape

(s1, . . . , si−1, |x|i + |y|i, si+1, . . . , sd ).

satisfying

1. x = (x /i y)[0, |x| − 1] and
2. y = (x /i y)[(0, . . . , 0, |x|i, 0, . . . , 0), (0, . . . , 0, |x|i , 0, . . . , 0)+ |y| − 1].

In our examples, taking the usual convention for matrices, we first count the
number of rows, then the number of columns. Concatenation along the direction 1
(resp. 2) follows the vertical (resp. horizontal) axis.
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Example 5.7.4 Consider the two pictures

x = a b

c d
and y = a a b

b c d

of respective shape |x| = (2, 2) and |y| = (2, 3). Since |x |̂2 = |y |̂2 = 2, we get

x /2 y = a b a a b

c d b c d
and y /2 x = a a b a b

b c d c d
.

However x /1 y is not defined because 2 = |x |̂1 �= |y |̂1 = 3. The pictures x /2 y

and y /2 x both have shape (2, 5). Thus we can, for instance, define

z = (x /2 y)/1 (y /2 x) =
a a b a b

b c d c d

a b a a b

c d b c d

.

Remark 5.7.5 A map γ : A → Bd(A) cannot necessarily be extended to a
morphism γ : Bd(A)→ Bd(A). As an example, consider the map defined by

γ : a �→ b d

a a
, b �→ b

c
, c �→ a a , d �→ d .

Take the following bounded picture

x = c d

a b
.

Considering the two rows of x, we may apply /2 because |γ (a)|̂2 = |γ (b)|̂2 = 2
and |γ (c)|̂2 = |γ (d)|̂2 = 1. Considering the two columns of x, we may apply /1

because |γ (a)|̂1 = |γ (c)|̂1 = 2 and |γ (b)|̂1 = |γ (d)|̂1 = 1. Hence the image of x
by γ is well-defined:

γ (x) =
a a d

b d b

a a c

but γ 2(x) is not well-defined! Indeed, see Fig. 5.11, if we try to put together the
images by γ of the different letters, we do not get a picture: Conditions to have a
well-defined morphism are given in (5.12) and Theorem 5.7.13.
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Fig. 5.11 A map cannot
necessarily be extended to a
morphism

b d
a a

b d
a a

d

b
c

d
b
c

b d
a a

b d
a a

a a

Consider the section of a picture by a hyperplane. In this discrete setting, all the
hyperplanes that we consider have equation of the form xi = k for some i.

Definition 5.7.6 (Section) Let x be a d-dimensional picture of shape |x| =
(s1, . . . , sd ). For all i ∈ {1, . . . , d} and k < si , we let x|i,k denote the (d − 1)-
dimensional picture of shape

|x |̂i = (s1, . . . , si−1, si+1, . . . , sd )

defined by setting the ith coordinate equal to k in x, that is,

x|i,k(n1, . . . , ni−1, ni+1, . . . , nd) = x(n1, . . . , ni−1, k, ni+1, . . . , nd)

for all nj < sj with j ∈ {1, . . . , d} \ {i}.
What is the exact meaning for a morphism to be well-defined on a given picture?

Let γ : A→ Bd(A) be a map and x be a bounded d-dimensional picture such that

∀i ∈ {1, . . . , d},∀k < |x|i ,∀a, b ∈ Alph(x|i,k) : |γ (a)|i = |γ (b)|i . (5.12)

We let Alph(x|i,k) denote the set of letters occurring in x|i,k . Then the image of x by
γ is the d-dimensional picture defined as

γ (x) = /1
0≤n1<|x|1

(
· · ·

(
/d

0≤nd<|x|d γ (x(n1, . . . , nd))
)
· · ·

)
.

Note that the ordering of the products in the different directions is unimportant. If a
bounded picture x does not satisfy (5.12), then γ (x) is undefined. This means that
the map γ can be extended to a subset of Bd(A). It is a quite restrictive requirement.

In two dimensions, condition (5.12) simply means that the images by γ of all the
elements belonging to the same column (resp. rows) are pictures having the same
number of columns (resp. row), see Fig. 5.12. With d dimensions, (5.12) means that,
for all sections by a hyperplane xi = k, the images of all letters in this section have
a shape with the same component along the direction orthogonal to that hyperplane.
This ensures that building γ (x) by concatenating the images of letters, we will not
obtain “holes” or “overlaps”.
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Fig. 5.12 Illustration of the
condition (5.12)

x

x2 = 2

x1 = 6

Definition 5.7.7 (Multidimensional Morphism) If for all a ∈ A and all n ≥ 1,
γ n(a) is well-defined from γ n−1(a), then γ is said to be a d-dimensional morphism.
If there exists a letter b such that γ (b)0,...,0 = b and, for all i, |γ n(b)|i →+∞when
n→ +∞, then γ is said to be prolongable on b. We assume that the picture grows
in every direction. It is not a strong assumption. If this is not the case and one of the
direction remains constant, then we have a finite union of hyperplanes and words of
lower dimension.

Remark 5.7.8 Let x, y be two bounded pictures such that |x |̂i = |y |̂i and a
morphism γ . Assume that γ (x) and γ (y) are well-defined pictures. If γ (x /i y)

is well-defined, then it is equal to γ (x) /i γ (y) which is thus well-defined. On
the other hand, if γ (x) /i γ (y) is defined, there is no reason for γ (x /i y) to be
well-defined. As an example, take

γ : a �→ b b

a a
, b �→ b b and x = a

b
y = b

a

We have

x /2 y = a b

b a
, γ (x)/2 γ (y) =

b b b b

a a b b

b b a a

but γ (x/2 y) is undefined because (5.12) is not satisfied. The images by γ of letters
on each row of x /2 y have different number of rows.

Definition 5.7.9 (Projection) Let γ : A→ Bd(A) be a d-dimensional morphism
prolongable on a. The ith projection of γ is a unidimensional morphism γi defined
as follows. For all b, γi(b) is the intersection of the picture γ (b)with the hyperplane
xi = 0.
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Definition 5.7.10 (Shape-Symmetry) Let γ : Bd(A) → Bd(A) be a d-dimen-
sional morphism having the d-dimensional infinite word x as a fixed point. This
word is shape-symmetric with respect to γ if, for all permutations ν of {1, . . . , d},
we have, for all n1, . . . , nd ≥ 0,

|γ (x(n1, . . . , nd))| = (s1, . . . , sd )⇒ |γ (x(nν(1), . . . , nν(d)))| = (sν(1), . . . , sν(d)).

Note that, on the diagonal, γ (x(j, . . . , j )) must be a cube.

Example 5.7.11 The multidimensional k-automatic words are trivially shape-
symmetric with respect to a morphism that sends letters to hypercubes of size
k.

Example 5.7.12 The following morphism will be extensively used

ϕW : a �→ c d

a b
b �→ e

i
c �→ i j d �→ i e �→ f b

f �→ h d

g b
g �→ h d

f b
h �→ i m i �→ h d

i m

j �→ c

k
k �→ c d

l m
l �→ c d

k m
m �→ h

i

with the coding

μW : a, e, g, j, l �→ 1, b, c, d, f, h, i, k,m �→ 0.

The fourth iterate of ϕ4
W(a) is given in Table 5.7.

It can be shown that ϕW is a two-dimensional morphism, see the next theorem.
The size of the nth iterate from a is given by the nth Fibonacci number. The infinite
word with a in position (0, . . . , 0) and which is a fixed point of ϕW , is shape-

Table 5.7 The fourth iterate
of ϕ4

W(a)
i m i i j i m i

h d h c d h d h

i m i l m i m i

h d c h d h d e
i m k i m g b i

i j i f b i m i

c d e h d h d h

a b i i m i m i
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symmetric with respect to ϕW . For instance, the image of e (second row, third
column) has shape (1, 2) and the image of j (second column, third row) has a
transposed shape (2, 1).

The two projections of ϕW are given by

[ϕW ]1 : a �→ ac, c �→ i, i �→ ih, h �→ i (5.13)

and

[ϕW ]2 : a �→ ab, b �→ i, i �→ im, m �→ i . (5.14)

Up to some renaming of letters, these two morphisms are equal.

The following result can be found in Maes’s thesis [64]. In this thesis, Maes
provides two different proofs. We only present the one using automata.

Theorem 5.7.13 (A. Maes) Let d ≥ 1. Let A be an alphabet.

• Determining whether or not a map μ : A → Bd(A) can be extended to a d-
dimensional morphism, prolongable on a letter a, is a decidable problem.

• If μ is prolongable on the letter a, then it is decidable whether or not the fixed
point μω(a) is shape-symmetric with respect to μ.

Sketch of the Proof The reader should be used to the construction. We associate a
DFA Aμ, just as in Example 5.6.6, with the map μ : A → Bd(A) and a specified
initial symbol a. The set of states is A and transitions are labeled by d-tuples of
digits: if μ(b) has shape |μ(b)| = (s1, . . . , sd ), we have a transition (c1, . . . , cd )

for 0 ≤ ci < si and for all i ∈ {1, . . . , d}. So the number of outgoing transitions
from b ∈ A is

∏
i |μ(b)|i. The DFA associated with the map γ of Remark 5.7.5 is

depicted in Fig. 5.13. From this DFA, we build d new NFAs. Let i ∈ {1, . . . , d}.
We define a NFA Ni where, for every transition, we only keep the ith component of
the label (we proceed to a projection that explains the non-determinism). Moreover,
the set Ii of initial states is made of all the states that can be reached from a when
reading a word in 0∗ (Fig. 5.14).

Fig. 5.13 The DFA
associated with the map γ of
Remark 5.7.5

a b

d c
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Fig. 5.14 The NFAs N1 and
N2 derived from Aγ

a b

d c

a b

d c

0, 1

0

1

0

0
0, 1

0

0

1

1

1

0
0

0

We apply the subset construction (Rabin–Scott theorem) to these NFAs. The
corresponding DFAs are denoted by Di , i = 1, . . . , d . Recall that states of Di are
subsets of states of Ni and thus of Aμ, i.e., a state of Di is a subset of the alphabetA.
Observe that the initial state Ii of Di is made of the states that can be reached in Aμ

by a word in (Nd )∗ whose ith component is in 0∗. If μ is a morphism prolongable on
a, then Ii is exactly the set of letters occurring in the intersection of μω(a) with the
hyperplane xi = 0. Therefore, in view of (5.12), for all b ∈ Ii , the quantities |μ(b)|i
must all be the same. Let Q be a state of Di . There exists a word w ∈ N

∗ such that,
for all b in Q, there exists a word in (Nd)∗ which is the label of a path from a to b in
Aμ and whose ith component is in 0∗w. If μ is a morphism prolongable on a, then
w can be chosen in Lμi whereμi is the ith projection ofμ (see Definition 5.7.9) and
Lμi is the language given by Theorem 5.5.6 where words do not start with 0. If w
is the (n+ 1)st word, n ≥ 0, in the genealogically ordered language Lμi , then Q is
exactly the set of letters occurring in the intersection of μω(a) with the hyperplane
xi = n. In view of (5.12), for all b ∈ Q, the quantities |μ(b)|i must all be the same.
We conclude that, if μ is a morphism prolongable on a, then:

• For all i ∈ {1, . . . , d}, for any two letters b, c belonging to the same state of Di ,
we have |μ(b)|i = |μ(c)|i .
Conversely, if the above condition holds, then proceed by induction on the iterate

j ≥ 0. Assume that μj (a) exists. Let n ≥ 0. Then the set of letters occurring in
the intersection of μj(a) with xi = n is a subset of some state in Di . Therefore,
the above condition and (5.12) permit us to define μj+1(a). In Table 5.8, we have
applied the subset construction to N1. This shows that, starting with a, the map γ
cannot be extended to a morphism. The last column contains the first component of
the shape of γ (e) for the letters e in the corresponding subset.

Table 5.8 Subset
construction applied to N1

State of D1 |γ (·)|1
D1 · ε = I1 {a, b, c} 2, 2, 1

D1 · 1 {a, d} 2, 1

D1 · 10 {a, b, d} 2, 2, 1

D1 · 100 {a, b, c, d} 2, 2, 1, 1
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Let us now turn to the second decision problem. From Definition 5.7.10, it should
be clear that:

• Given a morphism μ prolongable on a letter a, the fixed point μω(a) is shape-
symmetric with respect to μ if and only if the languagesLμ1 , . . . , Lμd are equal.

It is well-known that testing equality of regular languages is decidable (see, e.g.,
[86]). For instance, from (5.13) and (5.14), we directly see that if ϕωW(a) exists then
it is shape-symmetric with respect to ϕW . �

In Fig. 5.15, we have depicted the first iteration (two viewpoints) of what a shape-
symmetric morphism looks like in three dimensions.

We can already state the main result related to Wythoff’s game because it is
related to shape-symmetric morphisms.

Theorem 5.7.14 The morphism ϕW defined in Example 5.7.12 and the coding μW
give the two-dimensional infinite word coding the P-positions of Wythoff.

The proof will be given in Sect. 5.7.3. In particular, the DFA associated with
ϕW is depicted in Fig. 5.20. If we apply the procedure described in the proof of
Theorem 5.7.13, when determinizing the two NFAs we get the following Table 5.9
showing that ϕW is a prolongable morphism.

Example 5.7.15 (Product of Substitutions) Let μ : A∗ → A∗ and ν : B∗ → B∗
be two morphisms prolongable respectively on a ∈ A and b ∈ B. We define the
product (called direct product in Priebe Frank’s chapter (this volume)) μ × ν :
A × B → Bd(A × B) where (μ × ν)(c, d) is the picture obtained as the cross
product of the two finite words μ(c) and ν(d). It is easy to check that the map μ×ν
is a morphism prolongable on (a, b). The corresponding fixed point is the cross
product of μω(a) and νω(b). Take the Thue–Morse morphism f : 0 �→ 01, 1 �→ 10

Fig. 5.15 Initial blocks of some two-dimensional shape-symmetric morphism
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Table 5.9 Applying Maes’s
procedure to ϕW

State of D1 |γ (·)|1
D1 · ε = I1 {a, b, i,m} 2, 2, 2, 2

D1 · 1 {c, d, e, h} 1, 1, 1, 1

D1 · 10 {b, f, i, j,m} 2, 2, 2, 2, 2

D1 · 11 {}
D1 · 100 {b, g, i, k,m} 2, 2, 2, 2, 2

D1 · 1000 {b, f, i, l,m} 2, 2, 2, 2, 2

State of D2 |γ (·)|2
D2 · ε = I2 {a, c, h, i} 2, 2, 2, 2

D2 · 1 {b, d, j,m} 1, 1, 1, 1

D2 · 10 {c, e, h, i, k} 2, 2, 2, 2, 2

D2 · 11 {}
D2 · 100 {c, f, h, i, l} 2, 2, 2, 2, 2

D2 · 1000 {c, g, h, i, k} 2, 2, 2, 2, 2

of Example 5.4.20 and the Fibonacci morphism F : a �→ ab,b �→ a of
Definition 5.5.1.

f ×F : (0,a) �→ (0,b) (1,b)
(0,a) (1,a)

, (0,b) �→ (0,a) (1,a) ,

(1,a) �→ (1,b) (0,b)
(1,a) (0,a)

, (1,b) �→ (1,a) (0,a) .

Note that we get a word shape-symmetric with respect to μ × ν if and only if Lμ
and Lν are equal (where the languages are given by Theorem 5.5.6). In particular,
the product of a morphism by itself gives shape-symmetry. See also [80].

5.7.1 Abstract Numeration Systems

Abstract numeration systems are based on an infinite (regular) language over a
totally ordered alphabet. They are natural generalizations of classical systems such
as integer base systems or Pisot systems [16]. Recall that the genealogical ordering
was introduced in Definition 5.5.5. For a survey chapter introducing abstract
numeration systems, see [59].
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Definition 5.7.16 An abstract numeration system (or ANS for short) is a triple S =
(L,A,<) where L is an infinite regular11 language over a totally ordered alphabet
(A,<). The map repS : N→ L is the one-to-one correspondence mapping n ∈ N

to the (n+ 1)st word in the genealogically ordered language L, which is called the
S-representation of n. The S-representation of 0 is the first word in L. The inverse
map is denoted by valS : L → N. If w is a word in L, valS(w) is its S-numerical
value.

ANS were introduced in [60]. Note that valS (w) is sometimes called the rank
of w. See, for instance, [26].

Remark 5.7.17 A motivation for studying abstract numeration systems is that it is
quite convenient to have a regular language of admissible representations. Given a
finite word, one can decide in linear time with respect to the length of the entry,
using a DFA, whether or not this word is a valid representation.

Another motivation comes from Cobham’s theorem about base dependence. See
Theorem 5.4.21 for its statement in terms of k-recognizable12 sets of integers. In
view of this theorem of Cobham, if a set of integers is recognizable within two
“sufficiently different” systems, then this set is ultimately periodic. Moreover, every
ultimately periodic set is always k-recognizable for every integer base k ≥ 2.
Therefore, if one thinks about a possible generalization of this theorem of Cobham,
then a minimal requirement is that ultimately periodic sets—in particularN—should
have a set of S-representations which is a regular language.

Example 5.7.18 (Integer Base System) Let k ≥ 2 be an integer. Consider the
language

L = {ε} ∪ {1, . . . , k − 1}{0, . . . , k − 1}∗ .

The ANS built on L using the natural ordering of the digits in {0, . . . , k − 1} is
the usual base-k numeration system. Note that we do not allow leading zeroes in
representations. Indeed, adding leading zeroes would change the length of the word
and therefore the ordering (and thus the value) of this word. Recall that, in the
genealogical ordering, words are first ordered with respect to their length.

Example 5.7.19 (Unambiguous Integer Base System) Let k ≥ 2 be an integer.
Consider the language

U = {1, . . . , k}∗ .

11One could relax the assumption about regularity of the language on which the numeration system
is built to encompass a larger framework. Nevertheless, most of the nice properties that we shall
present (in particular, the equivalence with morphic words) do not hold without the regularity
assumption.
12A set X ⊆ N is k-recognizable if repk(X) ⊆ {0, . . . , k − 1}∗ is recognized by a DFA or,
equivalently, if the characteristic sequence of X is k-automatic.
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As the reader may observe, in this system, the digit set is {1, . . . , k} instead of
{0, . . . , k − 1}. Therefore, we avoid any discussion about possible leading zeroes.
For k = 2, the first few words in the ordered language U , using the natural ordering
of {1, . . . , k}, are

ε <gen 1 <gen 2 <gen 11 <gen 12 <gen 21 <gen 22

<gen 111 <gen 112 <gen 121 <gen 122 <gen · · · .

Let U be the ANS built on U . Note that if c · · · c0 is a word over {1, . . . , k}, then

valU (c · · · c0) =
∑

i=0

ci k
i .

Let n ≥ 0. In particular, note that valU (kn) = k k
n−1
k−1 and the next word in the

genealogical ordering, i.e., the first word of the next length, gives valU (1n+1) =
kn+1−1
k−1 . For more about unambiguous systems, see [51, 52].

Example 5.7.20 We can reconsider Example 5.5.17. We have repF (N) =
1{0, 01}∗ ∪ {ε}. Hence, ordering the words of this regular language gives an abstract
numeration system. Because of Proposition 5.5.13, this remark can be applied to
every positional numeration system whose language ofU -representations is regular.

Example 5.7.21 Consider L = a∗b∗ with a < b and the ANS S = (L, {a,b},<).
The first few words in L in increasing genealogical order are

ε <gen a <gen b <gen aa <gen ab <gen bb <gen

aaa <gen aab <gen abb <gen bbb <gen · · · .

For example, valS(abb) = 8 and repS(3) = aa. If we consider the bijection from
L to N

2 mapping the word aibj to the pair (i, j), i, j ≥ 0, it is not difficult to
see that the genealogical ordering of L corresponds to the primitive recursive Peano
enumeration of N2, that is

valS (a
ibj ) = 1

2
(i + j)(i + j + 1)+ j =

(
i + j + 1

2

)
+

(
j

1

)
. (5.15)

Many papers are dedicated to numeration systems satisfying conditions of the form
(5.15). For more on these combinatorial numeration systems, see [25] and the
references therein, in particular [54].

Example 5.7.22 (Prefix-Closed Language) Consider the prefix-closed language

{a,ba}∗{ε,b}.
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Fig. 5.16 A trie for words of
length ≤ 3 in {a,ba}∗{ε,b}

0

1 2

3 4 5

6 7 8 9 10

a b

a b a

a b a a b

When considering such a language ordered by genealogical order, the nth level of
the trie contains all words of L of length n in lexicographic order from left to right
assuming that the children of a node are also ordered with respect to the ordering of
the alphabet. To enumerate the words in the language: proceed one level at a time,
from left to right. In Fig. 5.16 we represent the first four levels of the corresponding
trie, i.e., a rooted tree where the edges are labeled by letters from A, and the nodes
are labeled by prefixes of words in the considered language L. Let u ∈ A∗, a ∈ A.
If ua is (a prefix of) a word in L, then there is an edge between u and ua. Note that
for a prefix-closed language L, all prefixes of words in L belong to L. In the nodes,
we have written the S-numerical value of the corresponding words in L. The root is
associated with ε. See also [65, 66].

In Sect. 5.4 and in particular, with Theorem 5.4.12, we have seen that k-automatic
sequences can be obtained by feeding a DFAO with base-k expansions of integers.
Now that we have generalized numeration systems, we can feed a DFAO with S-
representations of integers.

Definition 5.7.23 Let S = (L,A,<) be an ANS. We say that an infinite word x =
x0x1x2 · · · ∈ BN is S-automatic, if there exists a DFAO (Q, q0, A, δ, μ : Q→ B)

such that xn = μ(δ(q0, repS (n))) for all n ≥ 0.

This notion was introduced in [70, 75]. For an intermediate notion, see [84].

Example 5.7.24 Let k ≥ 2. Every k-automatic sequence is S-automatic for the
ANS introduced in Example 5.7.18.

Example 5.7.25 We consider the alphabets A = {a,b}, B = {0, 1, 2, 3}, the ANS
S = (a∗b∗, A,a < b) of Example 5.7.21 and the DFAO depicted in Fig. 5.17. We
obtain the first few terms of the corresponding S-automatic sequence

x = 0102303120023101012302303120312023100231012 · · · .
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Fig. 5.17 A DFAO with
output alphabet {0, 1, 2, 3}

0 1 2 3

Notice that taking another ANS such as R = ({a,ba}∗{ε,b}, {a,b},a < b),
we obtain with the same DFAO another infinite word y = 01023131023 · · · which
is R-automatic (underlined letters indicate the differences between x and y). This
stresses the fact that a S-automatic sequence really depends on two ingredients: an
ANS and a DFAO.

Theorem 5.5.6 can directly be restated in terms of ANS: morphic words are S-
automatic for some ANS S. This is just a question of terminology. We state it in the
case of a pure morphic word. It is not difficult to add an extra coding taking into
account in the output function of the corresponding DFAO.

Theorem 5.7.26 Let (A,<) be an ordered alphabet. Let w ∈ AN be an infinite
word, fixed point f ω(a) of a morphism f : A∗ → A∗ prolongable on a. Consider
the languageLf of words accepted by the automatonAf associated with f , except
those starting with 0. Then the word w is S-automatic for the ANS S = (Lf ,A,<)

and the DFAO AF .

Now we turn to the converse of Theorem 5.7.26.

Proposition 5.7.27 Let S be an ANS. Every S-automatic sequence is a morphic
word.

Proof Let S = (L,A,<) be an ANS. Let A = (Q, q0, A, δA, F ) be a complete
DFA accepting L. Let B = (R, r0, A, δB, μ : R → B) be a DFAO generating
an S-automatic sequence x = (xn)n≥0 over B, i.e., for all n ≥ 0, xn =
μ(δB(r0, repS (n))).

Consider the Cartesian product automaton P = A × B defined as follows. The
set of states of P is Q×R. The initial state is (q0, r0) and the alphabet is A. For any
word w ∈ A∗, the transition function Δ : (Q× R)× A∗ → Q× R is given by

Δ((q, r),w) = (δA(q,w), δB(r,w)) .

This means that the product automaton mimics the behaviors of both A and B in
a single automaton. In particular, after reading w in P , Δ((q0, r0),w) belongs to
F×R if and only ifw belongs toL. Moreover if repS (n) = w andΔ((q0, r0),w) =
(q, r), then xn = μ(r).
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Now we can apply Lemma 5.5.9 to P and define a morphism ψP prolongable on
a letter z which does not belong to Q × R. In view of the previous paragraph, we
define ν : ((Q× R) ∪ {z})∗ → B∗ by

ν(q, r) =
{
μ(r), if q ∈ F ;
ε, otherwise;

and ν(z) = ε. As Lemma 5.5.9 can be used to describe the sequence of reached
states, ν(ψP (z)) is exactly the sequence (xn)n≥0. This proves that x is morphic. �

Note that the morphisms obtained at the end of this proof are erasing. This is not
a problem thanks to Theorem 5.4.3.

5.7.2 Multidimensional S-Automatic Sequences

We have something similar to Definition 5.6.1 but since the digit 0 modifies the
length of a word (see Examples 5.7.18 and 5.7.19), we use an extra padding symbol
not in the original alphabet.

Definition 5.7.28 If w1, . . . , wd are finite words over the alphabet A, the padding
map (·)# : (A∗)d → ((A ∪ {#})d)∗ is defined as

(w1, . . . , wd)
# := (#m−|w1|w1, . . . , #m−|wd |wd)

where m = max{|w1|, . . . , |wd |}. For all n1, . . . , nd ≥ 0, we set

repS (n1, . . . , nd) := (repS (n1), . . . , repS (nd))
# .

As an example, (ab, bbaa)# = (##ab, bbaa).

Definition 5.7.29 An infinite d-dimensional word x ∈ BN is S-automatic for
an abstract numeration system S = (L,A,<), if there exists a DFAO A =
(Q, q0, (A ∪ #)d, δ, τ : Q→ B) such that, for all n1, . . . , nd ≥ 0,

τ (δ(q0, repS (n1, . . . , nd)) = xn1,...,nd .

In this case, we say that the DFAO A generates the infinite word x.

Example 5.7.30 Consider the ANS S = ({a, ba}∗{ε, b}, {a, b}, a < b) and the
DFAO depicted in Fig. 5.18. Since this automaton is fed with entries of the form
(repS (n1), repS (n2))

#, we do not consider the transitions on input (#, #). If the
outputs of the DFAO are considered to be the states themselves, then the DFAO
generates the bidimensional infinite S-automatic word given in Fig. 5.19.
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p q

r s

(a,#), (a, a), (b, a)

(b,#), (#, a), (#, b)

(a, b), (b, b)(a,#), (b,#), (b, b)

(#, a), (#, b), (a, b)
(a, a), (b, a) (b, a), (#, b), (a, b)

(a,#), (b,#), (#, a), (b, b)

(a, a), (b, b)

(b, a), (#, b), (a, b)

(a,#), (b,#), (#, a)

(a, a)

Fig. 5.18 A deterministic finite automaton with output

aab q p s p s s p s
aaa p p s p s q p s

ba p s q p s q s q
ab q p s p s s s r
aa p p s p s q q s

b q p s q s q p s
a p p s s q s p s
ε p q q p q p q q

ε a b a
a

a
b

ba a
a
a

a
a
b

Fig. 5.19 A bidimensional infinite S-automatic word

The main goal of [22] is to prove the following result, an extension of Salon’s
theorem.

Theorem 5.7.31 Let d ≥ 1. The d-dimensional infinite word x is S-automatic for
some abstract numeration system S = (L,A,<) where ε ∈ L if and only if x is the
image by a coding of a shape-symmetric infinite d-dimensional word.

This result is not surprising: we have seen in the proof of Theorem 5.7.13 that
an infinite word is shape-symmetric with respect to a morphism μ if and only if
the languages Lμi are all equal. But to define a S-automatic word, we use the same
ANS for the representation of every component.
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5.7.3 Proof of Theorem 5.7.14

Recall that ϕW was defined in Example 5.7.12.

Proof of Theorem 5.7.14 We associate with ϕW the DFA with input alphabet (5.9)
depicted in Fig. 5.20. For the sake of readability, some labels are omitted. Ingoing
transitions to state i (resp. m, d , h) all have label

(0
0

)
(resp.

(1
0

)
,
(1

1

)
,
(0

1

)
). For

r, s, t, u, v belonging to the 13-letter alphabet {a, b, . . . ,m}, if

ϕW(r) = u v

s t
, s t ,

u

s
or s

we have transitions like

r

⎛

⎝0
0

⎞

⎠

−→ s, r

⎛

⎝1
0

⎞

⎠

−→ t, r

⎛

⎝0
1

⎞

⎠

−→ u, r

⎛

⎝1
1

⎞

⎠

−→ v.

From Table 5.9 and Theorem 5.7.13, we already know that ϕW is a morphism
prolongable on a.

First observe that, if all states are assumed to be final, this automaton accepts the
words

(
u

v

)

Fig. 5.20 The DFA associated with the morphism ϕW
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where |u| = |v| and u, v are both valid F -representation (possibly padded with
leading zeroes to get two words of the same length).

Second, if we restrict to the “black” part (still assuming a, b, c, e, f, g, j, k, l to
be final), the automaton accepts exactly the words

(
0w1 · · ·w

w1 · · ·w0

)
and

(
w1 · · ·w0
0w1 · · ·w

)

where w1 · · ·w is a valid F -representation.
Finally, taking into account the coding given in Example 5.7.12, the set of final

states is {a, e, g, j, l}. We have the extra acceptance condition that w1 · · ·w ends
with an even number of zeroes. With our previous characterization of P-positions
given by Theorem 5.5.20, this concludes the proof. �

As a concluding remark, we try to answer the following question. The reader
may wonder how we got the morphism ϕW having only access to Table 5.5.
We considered some kind of “reverse engineering” strategy. We first conjectured
that the Fibonacci word is playing a role (clear from Theorem 5.5.20). Hence,
we cut the bidimensional word using, on both axis, the directive sequence
2, 1, 2, 2, 1, 2, 1, 2, 2, 1, . . . deduced from the Fibonacci word f′ (5.5), see
Table 5.10. It produces pictures of shape (2, 2), (2, 1), (1, 2) and (1, 1). If a
morphism ϕW exists, then every time we see a given symbol, its image must have
a constant shape (same observation for iterates). Thus by looking at the future of a
symbol, we may distinguish several types of 0’s and 1’s. With this heuristic, we get
a finite number of candidates for symbols and images providing the morphism ϕW .
For instance the first three 1’s in positions (0, 0), (1, 2) and (2, 1) must correspond
to different symbols. Indeed, they should give rise to images of respective shape
(2, 2), (2, 1) and (1, 2).

Table 5.10 The bidimensional word w(m, n) coding P-positions of Wythoff

10 0 0 0 0 0 0 1 0 0 0 0
9 0 0 0 0 0 0 0 0 0 0 0
8 0 0 0 0 0 0 0 0 0 0 0
7 0 0 0 0 1 0 0 0 0 0 0
6 0 0 0 0 0 0 0 0 0 0 1
5 0 0 0 1 0 0 0 0 0 0 0
4 0 0 0 0 0 0 0 1 0 0 0
3 0 0 0 0 0 1 0 0 0 0 0
2 0 1 0 0 0 0 0 0 0 0 0
1 0 0 1 0 0 0 0 0 0 0 0
0 1 0 0 0 0 0 0 0 0 0 0

0 1 2 3 4 5 6 7 8 9 10
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5.8 Games with a Finite Set of Moves

In the very first Example 5.3.1, we were considering a single pile of tokens and
subtraction games where only finitely many moves are available. Note that Nim
does not belong to this category, one can remove an unbounded number of tokens
(whenever available). In this short section, we introduce finite subtraction games on
several piles. For one pile, the situation is completely understood [85].

Proposition 5.8.1 Every finite subtraction game on one pile, i.e., the set I ⊂ N of
moves is finite, has an ultimately periodic Sprague–Grundy function.

Proof This is a classical pigeonhole principle argument. Let m = #I be the
maximal number of options for any position. Hence G(n) ≤ m for all n. Let
k = max I . Hence, from position n ≥ k, the options are in {n−k, . . . , n−1}. There
are (m+1)k possible k-tuples taking values in {0, . . . ,m}. Since G(n) depends only
on G(n − ) for 1 ≤  ≤ k, hence, by pigeonhole principle, there exist i < j such
that

G(i + n) = G(j + n) for all n ∈ {0, . . . , k − 1}.

Thus j − i is a period of G with preperiod i. �
Another similar result is given in [85, p. 188].

Proposition 5.8.2 Consider a finite subtraction game on one pile with I ⊂ N as
set of moves. If there exist N ≥ 0 and p ≥ 1 such that

G(n+ p) = G(n), ∀n ∈ {N, . . . , N − 1+max I }

then G(n+ p) = G(n) for all n ≥ N .

If we may optionally split a pile, the situation is more intricate. It gives rise to the
notion of an octal game which is played with tokens divided into piles. Two players
take turns moving until no moves are possible. The name came from the fact that
the rules are coded by words over {0, . . . , 7}.
Definition 5.8.3 (Octal Game) Every move consists of selecting just one of the
piles, and either

• removing all of the tokens in the pile, leaving no pile,
• removing some but not all of the tokens, leaving one smaller pile, or
• removing some of the tokens and dividing the remaining tokens into two

nonempty piles.

Piles other than the selected pile remain unchanged. The last player to move wins in
a normal play convention.
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The coding of an octal game (known as Conway code) is an infinite word

d0 • d1d2d3 · · · di ∈ {0, . . . , 7}

where di written in base 2 has a fixed 3-digit length, e(i)2 e
(i)
1 e

(i)
0 ∈ {0, 1}3. It gives

the conditions under which i tokens may be removed.

• if e(i)0 = 1, then a (full) pile with i tokens can be suppressed;

• if e(i)1 = 1, then a pile with n > i tokens can be replaced with a pile with n − i

tokens left;
• if e(i)2 = 1, then a pile with n > i + 1 tokens can be replaced with two piles

containing respectively a and b tokens, a, b ≥ 1, a + b = n− i.

Example 5.8.4 The game of Nim on an arbitrary number of piles is coded by
0 • 3333 · · · . Indeed, with a leading zero rep2(3) = 011. In general, classical
subtraction games where a pile cannot be split into two piles is coded by a word
over {0, 1, 2, 3}.

A subtraction game is finite if and only if it is coded by a finite word (i.e., an
infinite word with only finitely many non-zero digits), e.g. with a set of moves I =
{3, 5, 6}, the game is coded by 0 • 003033. The game of Example 5.3.1 is coded by
0 • 3303.

Theorem 5.8.5 (Octal Game Periodicity [85]) Consider a finite octal game coded
by d0 • d1d2 · · · dk with dk �= 0. If there exist N ≥ 0 and p ≥ 1 such that

G(n+ p) = G(n), ∀n with N ≤ n < 2N + p +max I

then G(n+ p) = G(n) for all n ≥ N .

A general open problem is to determine whether all finite octal games have an
ultimately periodic Grundy function. For instance, 0•07 has period 34 and preperiod
53; 0 • 165 has period 1550 and preperiod 5181; 0 • 106 has period )3.1011 and
preperiod ) 4.1011. Up to our knowledge, 0 • 007 has no known periodicity. See
[10, 49, 85].

In view of Proposition 5.8.1, one can conjecture that for a finite subtraction
game on two (or more) piles of tokens, the Sprague–Grundy function should be
definable in the Presburger arithmetic 〈N,+〉 or, equivalently, each value of G should
correspond to a semilinear set in N

2. Indeed, this is exactly the situation encountered
when considering generalizations to N

d of Cobham’s theorem (Theorem 5.4.21) to
Cobham–Semenov theorem [17]. See the latter survey for precise definitions.

Definition 5.8.6 A set X of Nn is linear if there exist v0, v1, . . . , vk ∈ N
n such that

X = v0 + N v1 + · · · + N vk .

The vectors v1, . . . , vk are usually called the periods of X. A set X of N
n is

semilinear if it is a finite union of linear sets.
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The next facts follow from a work in progress with X. Badin De Montjoye,
V. Gledel, V. Marsault and A. Massuir.

Proposition 5.8.7 Every finite subtraction game on two piles with at most two
moves, has a Sprague–Grundy function definable in 〈N,+〉.

In Fig. 5.21, we have represented G-value 0 in white. Darker points correspond
to higher Grundy values. In this figure, we have considered two piles of tokens with
the moves α = (2, 1) and β = (3, 5). The reader may notice that α+β is a vector of
period. On the right of Fig. 5.21, we have depicted an example with 3 moves (1, 3),
(3, 1) and (4, 4).

Proof If there is a single move, the result is clear. Assume that we have the
moves α = (α1, α2) and β = (β1, β2). The first 2 max(α1, β1) columns of
(G(m, n))m,n≥0 are ultimately periodic. Similarly, the first 2 max(α2, β2) rows are
ultimately periodic. We show that α + β is a vector of period. Let x ∈ N

2 be a
position such that x − α and x − β belong to N

2. We will prove that

G(x) = G[x + α + β] .

Assume that G(x) = 0 and G[x+α+β] = 2. From the position x+α+β, we can
either subtract α or β. By definition of the Grundy function, {G[x+α],G[x+β]} =
{0, 1}. But this contradicts the fact that G(x) = 0; we would have two consecutive
positions x and either x+α or x+β with the same G-value. The reasoning is similar
if we assume that G[x + α + β] = 1.

Assume that G(x) = 1 and G[x + α + β] = 2. From the last equality, we have
{G[x + α],G[x + β]} = {0, 1}. One of these two positions leads directly to x. This
is a contradiction.

Fig. 5.21 First values of G with I = {(2, 1), (3, 5)} (left) and I = {(1, 3), (3, 1), (4, 4)} (right)
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Assume that G(x) = 1 and G[x + α + β] = 0. These equalities imply that
G[x+α] = G[x+β] = 2. Then, considering the options of these last two positions,
we deduce that G[x + α − β] = G[x + β − α] = 0. Since, G(x) = 1, either
G[x − β] = 0 or, G[x − α] = 0 contradicting the previous equality.

Assume that G(x) = 2 and G[x + α + β] = 0. This implies that G[x + α] =
G[x + β] = 1. Then, considering the options of these two positions, we deduce that
G[x + α − β] = G[x + β − α] = 0. Since, G(x) = 2, then {G[x − β],G[x − α]} =
{0, 1} contradicting the previous equality. The reasoning is similar if we assume that
G[x + α + β] = 1. �

We conjecture that with two piles of tokens and the set of moves

I = {(1, 2), (2, 1), (3, 5), (5, 3), (2, 2)},

the corresponding word (G(m, n))m,n≥0 is not definable in 〈N,+〉. We can therefore
wonder how Proposition 5.8.1 could be generalized to two or more piles of tokens.

5.9 Bibliographic Notes

The link between morphisms and automata which is a cornerstone of this chapter
can already be found in the fundamental work of Cobham [31]. In this chapter, we
did not present the Dumont–Thomas approach relating substitutions to numeration
systems. See [37]. The papers [65, 66] also develop similar constructions. Several
surveys are of interest, see [17] for integer base systems, [71] where connections
with games are also mentioned.

A few papers are dealing with combinatorial games linked with morphic words.
See [34–36, 46, 57]. In particular, Theorem 5.7.14 was proved in [33]. For instance,
we have also considered alterations (adding/removing moves) of the set of moves in
order to keep the same set of P-positions as the original game. We may characterize
moves that can be adjoined without changing the P-positions of Wythoff’s game.
No move is redundant. The notion of invariant game is introduced in [36]. About
Wythoff’s game, see [42] and [45]. For connections between games and Beatty
sequences, see [36] and then [20, 57].

We did not discuss much about the logical characterization of k-automatic
sequences (and generalizations to Pisot systems). See again [17, 24] and also the last
chapter of [73] for a comprehensive introduction. Maes’s motivations were primarily
set on decidability of arithmetic theories: which expansions of 〈N,<〉 by morphic
predicates or automata are decidable? See also [19] where it is shown that for a
morphic predicate P the associated monadic second-order theory MTh〈N,<, P 〉
is decidable. A trace of abstract numeration system (not mentioned in these terms
at that time) can already be found in Maes’s thesis [64, Rem. 6.9, p. 134]: “The set
of codes of N given by the above automaton is of course a regular language. . . The
language read by A is 0∗L. However, the above coding is not a numeration system
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in the sense of [16]. Indeed, the representation of a natural number is not obtained
using a ‘Euclidean division’ algorithm.”. In some sense, Maes was conjecturing
Theorem 5.7.26 and Proposition 5.7.27: the set of morphic words is equal to the set
of S-automatic words, for some ANS S.
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Chapter 6
The Undecidability of the Domino
Problem

Emmanuel Jeandel and Pascal Vanier

Abstract One of the most fundamental problems in tiling theory is to decide, given
a surface, a set of tiles and a tiling rule, whether there exists a way to tile the
surface using the set of tiles and following the rules. As proven by Berger (The
Undecidability of the Domino Problem. Ph.D. thesis, Harvard University, 1964) in
the 1960s, this problem is undecidable in general. When formulated in terms of
tilings of the discrete plane Z2 by unit tiles with colored constraints, this is called the
Domino Problem and was introduced by Wang (Bell Syst Tech J 40:1–41, 1961) in
an effort to solve satisfaction problems for ∀∃∀ formulas by translating the problem
into a geometric problem. There exist a few different proofs of this result. The most
well-known proof is probably the proof by Robinson (Invent Math 12(3):177–209,
1971) which is a variation on the proof of Berger. A relatively new proof by Kari
(Machines, computations, and universality (MCU). vol. 4664, 2007, pp. 72–79) has
some nice ramifications for tilings of surfaces and groups. In terms of ingredients,
one can divide the proofs in 4 categories. The remaining two categories are given
by the proof of Aanderaa and Lewis (J Symb Log 39(3):519–548, 1974) and the
fixed point method of Durand et al. (J Comput Syst Sci 78(3):731–764 , 2012). In
this course, we will give a brief description of the problem and to the meaning of
the word “undecidable”, and then give the four different proofs. As we will explain,
the undecidability of the Domino Problem has as a consequence the existence of an
aperiodic tileset. All four sections will be organized in such a way that the interested
reader can first extract from the proof the aperiodic tileset into consideration, before
we go into more details to actually prove the undecidability of the problem.
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6.1 Statement and Consequences

6.1.1 Definitions and Statement

Definition 6.1.1 (Wang [51]) Let C be a finite set, called the set of colors. A Wang
tile t over C is a map from {N, S,E,W } to C.

A tileset τ is a finite set of Wang tiles.

A first example is given in Fig. 6.1. C can be thought as a set of colors, patterns,
symbols or integers.

Definition 6.1.2 Let P ⊆ Z
2, a coloring x of support P assigns to each element of

P a tile of τ . When P = Z
2, x is a configuration.

A tiling of P by τ assigns to each element of P a tile from τ such that colors of
adjacents tiles agree on their common border. Formally, a tiling is a map x : P → τ

such that:

• If (i, j) ∈ P and (i + 1, j) ∈ P then x(i, j)(E) = x(i + 1, j)(W)

• If (i, j) ∈ P and (i, j + 1) ∈ P then x(i, j)(N) = x(i, j + 1)(S)

When P = Z
2, it is a tiling of the plane. We say that τ tiles P if there exists a tiling

of P by τ .

An example of a tiling of a finite set by the tileset τ of Fig. 6.1 is given in Fig. 6.2.
Although this particular tileset, as evidenced by the figure, can be used to tile a

large rectangle, it turns out that it doesn’t tile the entire plane. In fact, it cannot tile a
square of size 15. In general, knowing if a tileset τ tiles the plane is a hard problem:

Theorem 6.1.3 (Berger [7]) There is no algorithm that, given a set of Wang tiles
τ , decides if τ tiles the plane.

In the rest of these notes, we will explain what this theorem means, and how to
prove it.

6.1.2 Algorithmic Consequences

In this section, we want to investigate what the theorem of Berger actually means in
practice when one studies tilings.
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Fig. 6.1 A tileset τ1 composed of 7 tiles
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Fig. 6.2 A tiling of a finite rectangle by τ1

Let τ be a set of Wang tiles. τ falls in three different cases:

• τ does not tile the plane
• τ tiles the plane, and a periodic tiling by τ exists
• τ tiles the plan, but no periodic tiling exists. We will say that τ is aperiodic.

There are various possible definitions of what a periodic tiling is, but they are all
equivalent in our case. We will say that a tiling x is periodic if there exists p s.t
x(i, j) = x(i mod p, j mod p).

From the algorithmic point of view, it is easy to see if τ does not tile the plane.
Indeed

Proposition 6.1.4 (Compactness (Folklore)) τ tiles the plane iff for all n, the
tileset τ tiles a square of size n× n.

This proposition gives us an algorithm to prove that τ does not tile the plane: For all
n, find a way to tile with τ an n × n square. If it is not possible for one value of n,
then accept.
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The second case of the trichotomy is also easy to test algorithmically: For all n,
try to find a way to tile a n×n square in a periodic manner. If this succeeds for some
n, then accept.

As the Domino Problem is undecidable, this means there is no algorithm to test
for the third case: Indeed, combining the three algorithms together would solve the
Domino Problem. Intuitively, this means that there exists aperiodic tilesets τ for
which we cannot prove that they are aperiodic. This intuition is made a bit more
precise if we look at what Berger proved exactly:

Theorem 6.1.5 (Berger [7]) We can transform effectively any program p into a
tileset τ s.t.

• If p halts, then τ does not tile the plane.
• If p does not halt, then τ tiles the plane aperiodically.

It is well known that no algorithm can decide if a program halts (see Theorem 6.2.4
for a proof), and therefore this theorem implies the undecidability of the Domino
problem. It also means in terms of provability that, starting from a program that
tries to prove some mathematical statement P , we could build a tileset τ s.t. proving
that τ is aperiodic is equivalent to proving the property P .

Berger’s theorem tells us that we cannot decide whether a set τ tiles the plane.
However, it doesn’t say anything about what the tilings, if they exist, look like.

Recall that Berger’s proof, starting from a program p, builds a set of tiles τ s.t. τ
tiles the plane iff p does not halt. It turns out that the tilings by τ , if they exist, are
easy to build: There exists a tiling x by τ and a program that on input (n,m) outputs
in finite time the tile of x at position (n,m). This program doesn’t even need to
know if there exists a tiling by τ : If no such tiling exists, it will output “error” for
some value of n and m.

The situation as described by Berger is therefore not as hopeless as it could be.
Later results show however that there exist tilesets that are much more complicated
that the ones Berger built.

Theorem 6.1.6 (Hanf–Myers [21, 41]) There exists a tileset τ s.t. tilings by τ exist
but no tilings by τ can be produced by a program.

We also mention the following curiosity:

Theorem 6.1.7 (Levin [35]) There exists a tileset τ s.t.:

• Tilings by τ exist
• No tilings by τ can be produced by a program.
• There exists a probabilistic program (i.e. with a random coin) that will produce

a tiling by τ with probability at least 1/2

The constant 1/2 can be replaced by 1 − ε for any ε > 0. This result is stated in
[35] but no formal proof is given. One could obtain the result using e.g. the results
of Simpson [49] and some basic notions of algorithmic randomness theory.
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6.1.3 Algorithms to Prove A Tileset Does Not Tile the Plane

While the theorem of Berger prevents any algorithm to succeed in deciding that a
tileset tiles the plane in the general case, it is still interesting to find algorithms that
can do it in particular cases. As evidenced by the previous discussion, the easy part
is to prove that a tileset does not tile the plane: it is sufficient to find an integer N
s.t. no tilings of a square of size N exists.

From the point of view of complexity, better algorithms exist and we will
investigate them in this section. Of course, none of these algorithms work: Some
of them will not always terminate, some of them may answer “I don’t know”.

6.1.3.1 The First Algorithm

An easy algorithm is therefore to test, for all N , if there exists a tiling of a square
of size N × N . While this is the easiest algorithm to describe, it is not easy to
implement in a reasonable manner. It is important for this algorithm to not only test
if there exists a tiling of a square of size N × N , but to enumerate all of them: This
information will indeed be useful when trying to tile squares of size (N+1)× (N+
1): it suffices to take all squares of size N × N and to find all ways of completing
them into squares of bigger sizes.

Of course there might be a large number of possible tilings: If we denote by |τ |
the number of tiles of τ , we see that we can have at most |τ |N×N tilings of a N ×N
square. This means generating all of them might be costly, and that our algorithm
will be of complexity 2O(N

2)). We can do a bit better by realizing that we do not
need to know what the tilings of the square look like, but only what they look like
on the border. Indeed, the only information we need to complete a tiling of a N×N
square into a tiling of a (N + 1) × (N + 1) square is the colors on the border of
the square. Doing this reduces the complexity of the whole operation to 2O(N). See
Fig. 6.3 for an example.

For the tileset τ1 of Fig. 6.2, it can be proven that there is no tiling of a 15× 15
square, so that the tileset τ1 indeed does not tile the plane.

Fig. 6.3 As the two
colorings have the same
border, they can be
considered to be equal when
listing all tilings of a 2× 2
square
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6.1.3.2 Graphs and Automata

It is possible for a tileset τ to tile a square of size N × N but for it to not even tile
an entire row. We might expect therefore better results by looking at tilings of N
consecutive rows rather than tilings of squares. Before explaining how this can be
done, we remark the following:

Proposition 6.1.8 Let τ be a tileset consisting of q = |τ |Wang tiles.
If τ tiles a horizontal strip of height N , τ tiles a square of size N × N .
If τ tiles a square of size N × N , it tiles a horizontal strip of height �logq N�.

Proof The first statement is obvious. For the second statement, suppose that τ tiles
a square of size N × N . In particular, τ tiles a rectangle of height �logq N� and
length N .

We look at each column of colors we see inside this rectangle. As the rectangle
is of length N , there are N + 1 different positions. As the rectangle is of height
�logq N�, at most q�logq N� < N + 1 different associations of color can appear.

By the pigeonhole principle, some column of colors appear at least twice. We
can therefore obtain a tiling of an horizontal strip by repeating periodically a
subrectangle. See Fig. 6.4.

The bound we obtain is not tight.
It remains to explain how to test efficiently if there is a tiling of a horizontal strip

of height N .
The key is to represent the tileset as a finite automaton (more accurately finite

transducers). The representation is as follows: The states of our finite automaton are
the colors C. For each tile t ∈ τ , there is an edge from t[W ] to t[E] labelled with
(t[S], t[N]).

Figure 6.5 represents τ1 as an automaton. In this representation, it is easy to see
if τ1 tiles a infinite strip of height 1. Indeed, an infinite strip of height 1 represents
one (biinfinite) run of the automaton.

Proposition 6.1.9 τ1 tiles an infinite strip of height 1 iff the automaton that
represents τ1 has a directed cycle.
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Fig. 6.4 This rectangle of large width contains (by pigeonhole) a smaller rectangle (in bold) with
the same colors on the east side and the west side. This rectangle can be used in a periodic fashion
to obtain a tiling of a horizontal strip of height 2
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Fig. 6.5 The tileset τ1 and its representation as an automaton. The bold (resp. dashed) transition
correspond to the bold (resp. dashed) tile

A strip of height 2 represents therefore two infinite runs of the automaton, s.t.
the north labels of the automaton at the bottom agree with the south labels of the
automaton on top. This suggest the following definition:

Proposition 6.1.10 Let A and B be two automata, with states QA and QB . The
product of A and B is the automaton with states QA ×QB where there is an edge
from (qa, qb) to (q ′a, q ′b) labeled (sa, nb) iff there is a color c and an edge from qa
to q ′a labeled (sa, c) in A and an edge from qb to q ′b labeled (c, nb) in B.

Intuitively, A is the automaton on the bottom and B the automaton on the top.
An example is given in Fig. 6.6. Let A be the automaton corresponding to the

tileset τ and An its n-times composition. Intuitively, an edge in An corresponds to a
well-tiled pattern of size 1× n, as shown in the figure for n = 2. As a consequence,
a path in An exists iff τ tiles an infinite strip of height n.

We therefore obtain again an algorithm to semi-test if a tileset tiles the plane by
computing An for all values of n.

In terms of efficiency, it is easy to see that we obtain a complexity similar to
the previous algorithm, although we are actually testing for a stronger property. Of
course, one can do this both in the vertical and the horizontal direction. Doing this
we can prove that τ1 does not tile a vertical strip of width 8, although it can tile a
14× 14 square.

The main interest however is in the fact that translating the problem into the
theory of automata means we can use all the tools available in the theory of
automata. Indeed, the translation of the fact that τ tiles the plane is about the iteration
of the automaton A, which makes it clear that it doesn’t really depend on τ , but
on the language of infinite words encoded by τ . In particular, we can minimize in
some way the automaton A (and actually all the automata An) under consideration,
without changing the problem. We leave [26] as an additional reference about finite
automata. These techniques have been used successfully to prove that the smallest
aperiodic tileset has 11 tiles [27].
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Fig. 6.6 The composition of the automaton corresponding to τ1 with itself. The bold edge
correspond to the bold and dashed edges in the previous picture, and to the 2 × 1 pattern on
the bottom left

6.1.3.3 A Semi-Algorithm Based on the Anderson–Putnam Complex

We will briefly present here a method that can prove, in some cases, that a tileset τ
does not tile the plane without even trying to tile a square with τ .

This method is based on the Anderson-Putnam complex and its second singular
homology group, and can be transformed into an “iff” condition [10]. However, we
will use here a down to earth approach.

To understand the idea, first suppose that τ has a periodic tiling, say, τ tiles a
square of size p × p.
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Let c ∈ C be a color that can appear horizontally. If we look at a square that
is tiled periodically by τ , it is obvious that in this square the color c should appear
exactly the same number of times on the east side as on the west side. If we denote
by xi the number of times the i-th tile of τ appear, this gives us an equation relating
all tiles that contain the color c:

Definition 6.1.11 Let τ = {t1 . . . tn} be a tileset. Let x1 . . . xn be n real variables,
where xi is associated to the tile ti of τ .

Let c be a color.
The horizontal equation for c is the equation:

∑

ti∈E(c)
xi =

∑

ti∈W(c)

xi

where E(c) is the set of all tiles that have the color c in their east side, and W(c) the
set of all tiles that have the color c in their west side.

We define similarly the vertical equation for c.

Basically the horizontal equation for c states that the number of times the color
c appear somewhere on the east side in the periodic tiling should be equal to the
number of times c appear on the west side.

Rather than considering the number of times the tiles appear, we will consider
their density. We therefore have an additional equation, stating that the sum of all
densities should be one:

Definition 6.1.12 The set of equations for τ is the combination of all horizontal
equations, all vertical equations, and the unit equation:

∑

i

xi = 1

Proposition 6.1.13 If τ tiles a square periodically, then the set of equations for τ
has a nonnegative solution.

Proof Take xi to be the density of the tile ti .

What is interesting is that this is actually true more generally:

Proposition 6.1.14 If τ tiles the plane, then the set of equations for τ has a
nonnegative solution.

This is true even if τ has no periodic tiling.

Proof Suppose that τ tiles the plane. Let n ∈ N. By hypothesis, τ tiles an n × n

square. Let pi,n be the number of times the tile ti appear in this square and xi,n =
pi,n/n

2 the density of the tile ti .
The unit equation is obviously satisfied by the xi,n.
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Let c be a color. It is easy to see that

∑

ti∈E(c)
pi,n −

∑

ti∈W(c)

pi,n = O(n)

Indeed the difference between these quantities is bounded by the number of times
the color c appear in the border of the square.

We therefore get

∑

ti∈E(c)
xi,n −

∑

ti∈W(c)

xi,n = O

(
1

n

)

We now extract from the sequence (xi,n)n∈N ∈ [0, 1]|τ | a converging subsequence
to get the result.

In our proof we see that the solution xi we obtain to the system of equations is the
limit of densities. Using more complex results from ergodic theory, we can prove
that we can take xi to actually be the density of the tile ti in a specific tiling of the
plane.

This is of course only a necessary condition for τ to tile the plane. Let’s look for
example at the tileset τ1 from Fig. 6.2.

We obtain the following set of equations:

x1 + x2 + x3 = x1 + x4 (6.1)

x4 + x5 = x2 + x5 + x6 (6.2)

x6 + x7 = x3 + x7 (6.3)

x1 + x2 + x4 + x7 = x3 + x4 + x6 (6.4)

x3 + x6 = x2 + x5 + x7 (6.5)

x5 = x1 (6.6)

x1 + x2 + x3 + x4 + x5 + x6 + x7 = 1 (6.7)

The first three equations are the horizontal equations, the following three equations
correspond to the vertical constraints.

Even though τ1 does not tile the plane, the system admits solutions. Among them,
there is for example: x3 = x4 = x6 = 1/5 and x7 = 2/5, the other variables being 0.

This solution corresponds to the tiling of the pattern in Fig. 6.7. Each color appear
the same number of times in the east and west side of this figure, but this pattern
cannot be used to tile the plane periodically. However, it can be used to tile some
surface: Just glue the north side and the south side of the pattern together and do
the same in the east and west side. One can prove that solutions of the system of
equations can always be used to tile some surface but that the genre of the surface
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Fig. 6.7 A tiling of a finite
pattern by τ1 where colors
appear the same number of
times in the east (resp. north)
side and the west (resp.
south) side
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will have to grow linearly in the number of tiles if the tileset τ does not have a tiling.
This is in essence the result of [10].

6.2 Main Ingredients in the Proofs

There are basically four vastly different proofs of the undecidability of the Domino
Problem: The proof by Berger [7, 8] later simplified by Robinson [47], the proof by
Aanderaa and Lewis [1], best presented in the book of Lewis [36], the proof by Kari
[32], and the proof by Durand, Romashchenko and Shen [14]. All other proofs of
the result the authors are aware of can be roughly characterized as variants of the
construction of Berger.

It is interesting to note that Kari’s proof relies on the proof by Hooper [25] of the
undecidability of the immortality problem of Turing machines (more on this later).
As a consequence, three of the different proofs were obtained by, or use results
of, PhD students of Hao Wang (Robert Berger, Philip Hooper and Stål Aanderaa),
working on the undecidability of the ∀∃∀ fragment of first order logic.

We will focus in this section on the common elements in all the proofs. First,
there is a need to define precisely what it is meant by “undecidable”, for which we
need a formal definition of an algorithm (or a program). Then we will prove the
undecidability of the fixed domino problem, which is the first brick in most of the
proofs. We will then explain why the previous proof cannot be adapted directly to
obtain the main result, and what is needed to accomplish it.
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6.2.1 Turing Machines

The theorem by Berger states that no algorithm can decide, starting from a set of
Wang tiles τ , if τ tiles the plane.

To prove such a theorem, one needs a formal definition of a program. Since 1930,
various equivalent definitions, due to Church, Turing or Herbrand–Gdel [11, 34, 50]
have been given.

For our purpose, the definition by Turing will be the most suitable, although some
results have been obtained [33] using the concept of 2-counter machines introduced
by Minsky [39].

We refer the reader to [37, 39, 44] for more information about Turing machines.
The book [26] offers in particular an introduction to both Turing machines and finite
automata.

A Turing machine is a formal definition of a computation device. This device
takes as input a word in some given alphabet, and outputs, after several steps, a
word in some other alphabet.

The machine uses the concept of a tape, which is an infinite or biinfinite array
of cells. Each position of the cell contains a symbol, and one specific position of
the tape is marked by the head. The Turing machine makes a decision at each step
depending on the symbol it can read on the tape at the position of the head, and its
internal state. Based on these informations, the machine can shift the position of the
head, change the symbol of the tape, and change its internal state.

Definition 6.2.1 A Turing machine is given by:

• A finite set of states Q. One distinguishes in Q a specific state q0 ∈ Q, called the
initial state, and two special states qa, qr , the accepting and refusing state.1

• An input alphabet Σ
• A work alphabet Γ ⊃ Σ , it contains a special symbol B (not present in Σ),

called the blank symbol.
• A transition function: δ : Γ ×Q→ Γ ×Q× {−1, 1}

Intuitively δ(a, q) = (b, q ′, d) means that, if the Turing machine reads the
symbol a on its head and is currently in state q , then it will write the symbol b
instead of a, change its internal state to q ′, and move its head in direction d .

The transition function is best depicted with a graph. Vertices represent states of
the machine, and there is an edge from q to q ′ labeled with a/b, d if δ(a, q) =
(b, q ′, d). It is also customary to write +1,−1 as → and ← as they denote
movement of the head.

An example of a Turing machine is given in Fig. 6.8. The machine works as
follows: we first write the input on the tape (see the first row of Fig. 6.9). The Turing

1The set of states is called Q rather than S for some forgotten historical reason. Alan M. Turing
uses the vocabulary “configuration” rather than “state”, but the word “state” has become more
common nowadays.
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Fig. 6.8 An example of a Turing machine. The initial state is q0 = 0. The accepting state is state
qa = B

machine starts with initial state q0. At each step, the Turing machine looks at its
internal state and the symbol at the position of the head. The transition function
then tells us what symbol should be written at the position of the head, and what is
the new state and the new position of the head. Figure 6.9 contains the first steps of
the execution of a Turing Machine.
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Fig. 6.9 The first 15 steps of
the Turing machine of
Fig. 6.8 on input 11
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Definition 6.2.2 An instantaneous description (also called a configuration) is a
tuple w = (c, h, q) ∈ Γ Z × Z × Q. The content of the tape is represented by
c, while h contains the position of the head on the tape, and q the internal state of
the machine.

For w = (c, h, q) an ID, the successor of w is the ID w′ = (c′, h′, q ′) defined
by:

• Let δ(ch, q) = (b, q ′, d)
• c′j = cj for j �= h and c′h = b.
• h′ = h+ d
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We write M(w) for the successor of w and Mn(w) is defined in the usual way.

Definition 6.2.3 Let M be a Turing machine.
Let u be a word. The initial ID is wu = (c, h, q) where

• ci+1 = ui when it make sense and ci = B otherwise (the word u is represented
on the tape, starting at position 1.

• h = 0 (The head is initially at position 0)
• q = q0 (The initial state is q0).

We say that u is accepted if there exists n s.t. Mn(wu) = (c′, h′, qa). We say
that a Turing machine accepts a language L if on every input the Turing machine
eventually reaches either the accepting state qa or the rejecting state qr , and L is
exactly the set of accepted words.

Notice that there are three possible behaviours of a Turing machine on input u:
Either it eventually reaches the accepting or the rejecting state, or it keeps running
forever.

If the Turing machine is defined with an infinite array of cells rather than an
biinfinite array (i.e. configurations are in Γ N × N×Q), a fourth possibility arises:
the Turing machine may try to go left when the head is in the leftmost cell, in which
case it crashes. It is easy to impose safeguards so that the last case never happens.

If we look at what is written on the tape of the Turing machine when it reaches an
accepting state, we can define a function computed by a Turing machine. We leave
the details to the reader.

A first example of a Turing machine is depicted on Fig. 6.8, with the first 15 steps
of the machine represented in Fig. 6.9.

This machine has not been chosed arbitrarily, and we can explain what it does.
The input of the machine has to be understood as an integer coded in binary, written
from least to most significant bit, i.e. the integer 6 is written 011. The state 1 has
two different outgoing transitions, depending on whether the first symbol is a 0 or a
1. This means we have two different behaviours depending if the integer is even or
odd.

We will first focus on the case where the integer is even. When in state 2, the
head keeps going right, until it reaches the end of the word (state 3) and then we go
to state 4 or 5 depending on the last symbol. States 4 and 5 essentially shift the input
to the left. This means replacing each symbol with the symbol previously seen; the
state 4 (resp. 5) means the previously seen symbol was a 0 (resp. 1). When we reach
the begining of the word, we go again to state 1. We have said that, if an integer
is even, we will delete its first bit, meaning that states 2 to 5 essentially divide an
integer by 2.

States 7, 8, 9 basically multiply an integer by 3. Multiplying an integer by 3 in
binary may produce a carry of value 0, 1 and 2, which correspond respectively to the
three states 7, 8, 9. As an example, suppose the carry is currently 1, and the integer
to multiply by 3 begins with a 1. As 3 × 1 + 1 = 0 + 2 × 2, this means the first
bit of the output should be a 0 and our new carry is equal to 2. This corresponds
to the transition from state 8 to state 9. The state 6 is essentially there to kickstart
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the process, and detect if the output is the integer 1. The state A rewinds the head
so that it is again at the initial position. In other words, states 6 to A, starting from
an integer n, produces the integer 3n+ 1, except if n = 1 in which case the Turing
machine stops.

As a whole, our Turing Machine is essentially mimicking the Collatz sequence:
Starting from an integer n written in binary, we do the operation n �→ n/2 or n �→
3n + 1 until n is equal to 1. Knowing if this particular Turing machine halts on all
inputs that ends with the symbol 1 is therefore equivalent to the Collatz Conjecture.
(For simplicity, the Turing machine we designed does not work if the input ends
with a symbol 0, i.e. if it codes the integer 0, or if an integer is coded with additional
symbols 0 at the end).

This somewhat easy example should convince the reader that Turing machines
are indeed able to represent arbitrary computations. We have somehow coded
traditional constructions from programming languages: We have a while loop that
ends when the integer n is equal to 1 (this is done by states 1 and 6), and we have
used subroutines that divides by 2 or multiply by 3 respectively (states 3/4 and states
7/8/9).

One can prove that any program in your favorite programming language may be
translated into an equivalent Turing machine. The Church-Turing thesis essentially
states that all reasonable models of computation we can devise are equivalent, in
the sense that they define exactly the same computable functions. In fact, almost all
models also use, up to a polynomial, the same ressources in time and memory, this
is the extent of the extended Church-Turing thesis.

With the vocabulary of Turing machines, we can give the first formal example of
an undecidable problem:

Theorem 6.2.4 There is no algorithm that, given a Turing machineM and a word
u, decides ifM halts on input u.

This problem is called the “Halting problem”.

Proof To prove that such an algorithm does not exist, we need to formalize exactly
its input. So we need an encoding of descriptions of Turing machines into words.
We write machine(u) for the Turing machine whose encoding is u.

Suppose such an algorithm exists. As algorithms can be turned into Turing
machines, we therefore have the existence of a Turing machine N s.t., on input
u and v, works as follows:

• If machine(u) halts on input v, N accepts
• If machine(u) does not halt on input v, N rejects.

We obtain from N a Turing machine N ′ that works in the following way: On
input v:

• If machine(v) halts on input v, N ′ does not halt
• If machine(v) of code v does not halt on input v, N ′ halts.
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We then obtain a contradiction by looking at the behaviour of N ′ on input w s.t.
machine(w) = N ′.

Corollary 6.2.5 There is no algorithm that, given a Turing machineM , decides if
M halts on the empty input.

Proof (Sketch) Given a Turing machine M and an input u, we can easily build a
Turing machine N s.t. N on the empty input simulates M on input u: N proceeds
by first writing u on its tape, and then “calls” the Turing machine M . Therefore an
algorithm that solves the halting problem on the empty input can solve it on any
input.

6.2.2 Encoding of Turing Machines in Tilings: The Fixed
Domino Problem

Figure 6.9 shows that the execution of a Turing machine can be written essentially as
a two-dimensional object, with each row representing a step of the Turing machine.
It is therefore not surprising that this model is quite easy to encode into Wang tiles.
There exists multiple equivalent encodings in the litterature.

In the case of Turing machines with an infinite (rather than biinfinite) tape, such
an encoding is proposed in Fig. 6.10, and a quarter of plane using these tiles is given
in Fig. 6.11.

If we write the input on the bottom left of a quarter of a plane, then the only way
to fill up the quarter of a plane is to simulate the execution of the Turing machine.
If furthermore, we delete all tiles involving the accepting state qa , then a tiling is
possible iff the Turing machine does not halt.

Using the three tiles at the bottom of Fig. 6.10, we can initialize the computation
so that it starts with the empty input and state q0. In fact, any tiling of the quarter
plane that contains at the origin the tile that is at the bottom-left of Fig. 6.10
simulates the execution of the Turing machine with empty input. This is in fact a
tiling of the entire plane, as the rest can be filled up with the blank tiles. Therefore,
we have a tiling of the entire plane, with a specific tile at the origin, iff the Turing
machine does not halt on empty input.

We have proven:

Theorem 6.2.6 (Undecidability of the Fixed Domino Problem, see Wang [52],
Büchi [9], and Kahr et al. [29]) There is no algorithm that decides, given a set of
Wang tiles τ and a predescribed tile t ∈ τ whether there exists a tiling of the plane
by τ that contains t .

If we look at the construction, we can obtain

Corollary 6.2.7 There is no algorithm that decides, given a set of Wang tiles τ and
a predescribed tile t ∈ τ whether there exists a tiling of the quarter of the plane by
τ with t at the corner.
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Fig. 6.10 Coding of a Turing
machine by Wang Tiles
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It is possible to adjust slightly the set of tiles so that we can, starting from an
input u, produce a finite pattern P s.t. there is a tiling by τ that contains the pattern
P iff the Turing machine does not halt with input u. Doing this we obtain

Theorem 6.2.8 (Robinson [47]) There exists a set of Wang tiles τ s.t. there is no
algorithm that decides, given a finite pattern P whether there exists a tiling of the
plane by τ that contains P .

Sketch of Proof LetM be the Turing machine that on input u simulates machine(u)
on the empty input. This machine is indeed implementable, and it is easy to see that
there is no algorithm that decides, given an input u, if M halts on input u. We now
code this Turing machine as in Fig. 6.10.
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0 B 1 1 B B B B

B 1 1 1 B B B B

B 0 6 1 B B B B

B 0 1 9 B B B B

B 0 1 0 8 B B B

B 0 1 A 0 1 B B

B 0 A 1 0 1 B B

B A 0 1 0 1 B B

A B 0 1 0 1 B B

B 1 0 1 0 1 B B

B 0 2 1 0 1 B B

B 0 1 2 0 1 B B

B 0 1 0 2 1 B B

B 0 1 0 1 2 B B

B 0 1 0 3 1 B B

Fig. 6.11 A tiling of a quarter of plane by the set of Wang tiles of Fig. 6.10. The link with Fig. 6.9
should be obvious

6.2.3 Towards the Domino Problem

With one notable exception, the coding we presented before is central in all the
proofs of the undecidability of the Domino Problem. However this is far from
sufficient.
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Indeed, the construction gives rise to a lot of tilings if the primordial tile is not
used. First, we can have tilings with no head per row, using e.g. only the first tile
on the top left of Fig. 6.10, or even using only the blank tile. Second, we can have
tilings with more than one head per row. There are easy tricks to stop this problem
from happening, e.g. by having different background colors before and after the
head. The third problem is that there can be tilings that correspond to uninitialized
computations, i.e. biinfinite computations rather than a computation starting from a
finite input and the initial state.

There are no easy solutions to the remaining problems. Three of the methods
outlined built a set of Wang tiles in which a quarter of plane appears, in such a way
that the corner of the quarter of the plane can be locally identified. It is then a routine
exercise to enforce that a specific tile appears in that corner, so that we can use the
previous construction inside this quarter of plane.

The last method uses a very different encoding technique, which will enforce that
every row codes a configuration of a Turing machine in such a way that the head
is always present. The remaining problem is therefore uninitialized computations,
which is solved using the following theorem:

Theorem 6.2.9 (Hooper [25]) There is no algorithm that, given a Turing machine
M , decides ifM halts on all configurations.

This is still true if we restrict ourselves to Turing machines with a working
alphabet of size 2.

This last proof of the undecidability of the Domino problem is tremendously
simpler, but one could say that part of the complexity of the proof is hidden inside
the proof of Theorem 6.2.9, which is far from trivial.

It is interesting to remark that Hooper was, like Robert Berger, a PhD Student of
Hao Wang. In fact, this theorem was obtained for the same purpose as Berger’s, i.e.
proving the undecidability of the ∀∃∀ fragment of first order logic.

6.3 The Substitutive Method 1/2

6.3.1 Preliminary Discussion

We now start with the first proof of the Undecidability of the Domino Problem. The
proof we present here follows closely Berger [7] and Robinson [47] although we
will use some recent results and concepts from Ollinger [43].

As we saw in the previous section, it is easy to use Turing machines to prove the
undecidability of the Fixed Domino Problem, i.e. whether there exists a tiling by τ
that contains some specific tile t . The problem of the construction is, of course, that
τ always has some trivial tilings that do not contain t . We need therefore some way
to force the tile t to appear.
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This suggests a nave approach to prove the undecidability of the (General)
Domino problem: First build a specific tileset τs with the property that every tiling
of the plane with τs contains exactly one copy of a specific tile ts . Now, given a
tileset τ and a tile t , superimpose τs with τ by forcing the tile t to appear exactly on
top of ts . Let’s call τ×τs this new tileset. Then it is clear that τ×τs tiles the plane iff
there exists a tiling of the plane by τ that contains t . Therefore we cannot decide the
General Domino Problem as it would allow us to decide the Fixed Domino Problem,
case closed.

However, such a tileset τs cannot exist:

Proposition 6.3.1 Let τs be a tileset. If every tiling by τs contains the tile ts , then
there exists some integer n s.t. every tiling of a square of size n contains the tile ts .

Proof If it were not the case, we would have tilings of arbitrary large squares
without the tile ts . By compactness (Proposition 6.1.4), this would imply that there
is a tiling without ts .

Therefore the tile ts , on top of which we want to kickstart the computation
process of τ appears in every sufficiently large square. This means that our
construction would have to contain infinitely many instances of the computation
process. How to manage all these different computations in such a way that they do
not overlap is not an easy task.

The solution is provided by building tileset τs with some specific properties. The
general idea is to first build an aperiodic tileset, and then try to embed computation
in it. While in theory, the method can be used starting from any aperiodic tileset,
the only tilesets that have been used successfully for this method are substitutive
tilesets, that we now define.

6.3.2 Substitutions

Definition 6.3.2 Let A be a finite alphabet. A (square) substitution is a map φ from
A to An×n. If w is a (two-dimensional) word of size m×m, then the image by φ of
w, named φ(w) is the word of size nm× nm defined by

φ(w)(ni1+i2,nj1+j2) = φ(wi1,j1)i2,j2

We write φk(w) for the k-th iterate of φ. The map φ is extended naturally to
w ∈ AZ×Z using the same formula.

The substitutive subshift associated to φ is the set Sφ of all configurations of
AZ×Z s.t. x ∈ Sφ iff there exists an infinite sequence (wi)i<0 s.t. φ(wi) = wi+1 and
w0 = x.

An example of a substitution is given in Fig. 6.12. This substitution is quite
random and has no relevance in the rest of the paper.
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Fig. 6.12 A substitution φ
on A = {0, 1} and φk(1) for
k = 0, 1, 2, 3

0 0 1
1 0 1 1 1

0 1

1 1 1
0 1

1 1 1 1
0 1 0 1
0 1 1 1
1 0 0 1

1 1 1 1 1 1 1 1
0 1 0 1 0 1 0 1
0 1 1 1 0 1 1 1
1 0 0 1 1 0 0 1
0 1 1 1 1 1 1 1
1 0 0 1 0 1 0 1
1 1 0 1 0 1 1 1
0 1 1 0 1 0 0 1

Intuitively the substitutive subshift Sφ looks like φk(w) at the infinity. The term
“subshift” comes from the symbolic dynamics school. We refer to other articles in
this volume for details on subshifts.

Definition 6.3.3 (Informal Definition) A tileset τ is substitutive if the set of tilings
by τ is, up to a recoloring, a substitutive subshift.

There are a lot of examples of substitutive tilesets [7, 47]. In fact, one can show
that, for any φ, Sφ can be realized as a tileset τ [17, 20, 40].

Most constructions of substitutive tilesets are hindered by the fact that the tilings
are not directly substitutive, but this is only true of their recolorings.

We therefore strive to find a tileset that is intrinsically substitutive:

Definition 6.3.4 ([5, 13, 14, 43]) Let τ be a tileset. We say that τ is intrinsically
substitutive with factor 2 if there exists a one-to-one substitution φ : τ → τ 2×2

s.t.:

• For any finite pattern w, φ(w) is a valid tiling precisely when w is a valid tiling
• For any tiling of the plane x by τ , there exist y s.t. φ(y) = x upto shift.

The second point ensure that φ somehow exhausts all possible patterns that can
appear in a tiling of the plane. Notice that, in the second property y is automatically
a valid tiling (as every pattern of y is valid by the first property).

Theorem 6.3.5 ([13, 43]) There exists an intrinsically substitutive aperiodic tileset.

The tileset obtained by Ollinger is depicted in Fig. 6.13. Although the tiles are
decorated for cosmetic reasons, they are really Wang tiles: two tiles can be put
together if they match on their common edge. Each tile is composed of three layers,
as seen in Fig. 6.14. An example of a large square tiled by τ is given in Fig. 6.15.

The first layer ensures that, in each tiling of the plane, the tiles are grouped in
squares of size 2× 2 to form a small red square.

The substitution that corresponds to τs is given in Fig. 6.16.

Proposition 6.3.6 The tileset τs depicted in Fig. 6.13 is intrinsically substitutive
and aperiodic.
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Fig. 6.13 The tileset τs

Fig. 6.14 The three layers inside a tile

Fig. 6.15 A portion of a tiling by τs
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(a)

(b)

(c)

(d)

(e)

Fig. 6.16 The substitution. The layer 1 of φ(t) is the same for all tiles t , as shown in subfigure
(a). The second layer of φ(t) is cut in half. First, The layer 1 of the tile t is stretched (subfigure
(b)). Second, the wires in the layer 2 of t are extended horizontally and vertically (subfigure (c)).
Finally subfigure (d) explains how the layer 3 of φ(t) is obtained from t . Subfigure (e) gives two
examples

Proof Let φ be the substitution defined in Fig. 6.16. It is easy to see that φ is one to
one, and an easy inspection of φ shows that φ(w) is valid precisely when w is valid.

We say that a tiling of a 2× 2 square is well behaved if its first layer consists of
a small red square (i.e. similar to Fig. 6.16a).

We now look at every possible tiling of a 4 × 4 square by τ where the central
2×2 square is well behaved. By an exhaustive analysis, we see that every such 2×2
square is of the form φ(w) for some w. (This is easily seen by writing and running
a small program. A detailed proof is also given in [5].)

Now let x be a tiling of the plane. We regroup the cells of x into 2 × 2 well-
behaved squares (xi,j )i,j∈Z ∈ (τ 2×2)Z

2
. By the previous argument, each of them is

of the form φ(wi,j ), which means that x = φ(w) upto shift.
Therefore τ is intrinsically substitutive.
τ should be aperiodic. Indeed, suppose that there exists a tiling x by τ of period

p, and choose p as small as possible. As x can be divided into 2×2 squares that are
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not periodic, p should be even. Now x = φ(w) for some tiling of the plane w. As x
is periodic of period p, φ(w) should be periodic of period p/2, a contradiction.

The reader familiar with the work of Robinson [2, 19, 28, 47] might recognize
something familiar in Fig. 6.15. The tileset of Robinson can indeed be obtained from
the tileset τs by some identification of colors, see the bibliographic notes below.

6.3.3 Grids Inside Tilings

We now explain how to use the tileset we built previously to obtain the undecid-
ability of the Domino Problem. The proof highly depends on properties of this
tileset, and it is unknown whether a similar reasoning could be used starting from
any substitutive tileset.

First, to understand the tilings, we need to simplify the pictures. We will forget
about the first and third layer, and focus only on the wires of color red in the second
layer. It is easy to see that they form arbitrarily large squares. We obtain Fig. 6.17

Fig. 6.17 Squares inside the tilings by τs
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by considering only half of the squares. This is done in practice by changing τs to
have two different shades of red (say, light red and dark red) and forcing light red
wires to cross only dark red wires. Figure 6.17 then represents only, say, the light
red squares.

We now see that tilings by τs are formed of squares that do not cross.
Remember that by Corollary 6.2.7 there is no algorithm to decide, given a tileset

τ and a tile t , whether there exists a tiling of a quarter of plane by τ with t at the
corner. By compactness, it means there is no algorithm to decide, given a tileset τ
and a tile t whether one can tile arbitrary large squares by τ with t at the bottom-left
corner.

Our goal now is clear: starting with a tileset τ and a tile t , we will fill up the
squares of τs by tilings by τ in such a way that t appear in the bottom-left corner.
One difficulty remains: While the squares in τs do not cross, they are included one
in each other, which means that we cannot use all the space in one square, as some
of it is already occupied by other squares. We will therefore first extract in each
square the largest “free” subsquare.

Let S be a square, that we see as a subset of positions of the form C × D for
some segments C and D. Let U (for “used”) be the set of positions inside S that are
occupied by a smallest square.

By a free subsquare of S, we denote a set of horizontal positions H ⊆ C and
vertical positions V ⊆ D s.t. H ×D and C × V do not intersect U .

To obtain the largest free subsquare of S, we just have to cross out every
horizontal (resp. vertical) coordinate on which a smallest square lies. We will call
these coordinates “obstructed”. In our particular case this can be done easily by local
rules: The idea is that each square will emit horizontal (resp. vertical) signals on their
exterior borders that propagate horizontally (resp. vertically) and that die out when
they encounter another border. This is explained nicely in [47], see Fig. 6.18. To be
exact, notice that the parts that are not crossed do not correspond to whole tiles, but
only quarters of them. This has no bearing in the following.

As can be seen in the figure, larger squares of the tiling have larger free
subsquares formed by joining the unobstructed space. It remains to put the tileset τ
inside the free subsquare.

The idea is that the position (i, j) of the supposed tiling by τ will be contained
in the position (hi, vh) of the square S, where hk (resp. vk) is the k-th element of H
(resp. V ). As no element of H × D is occupied by a smallest square, we can use
cells of H × (D \ V ) to propage the vertical constraints of τ inside the grey area
of the tiling of Fig. 6.18. We can also force the tile at the bottom-left quarter of the
square easily, by enforcing that the only tile that can appear on top of a corner tile
of τs is the tile t .

Putting everything together we have the desired proof.

Theorem 6.3.7 The Domino Problem is undecidable.

Proof Let τ be a tileset and t ∈ τ . We use the construction above to obtain a new
tileset τr combining τ and τs .
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Fig. 6.18 The squares with the obstructed rows and columns grayed out. Inside a square, the
remaining unobstructed space, in white, forms a square whose size is a quarter of its container
square

Suppose this new tileset τr admits a tiling. This tiling contains arbitary large
squares, and therefore arbitrary large free subsquares. But these subsquares form a
tiling by τ with the tile t at the corner. Therefore there exist arbitrary large squares
tiled by τ with t at the corner.

Conversely, if there exist arbitrary large squares tiled by τ with t at the corner,
we can obtain a tiling of the plane by τr by putting in each free subsquare of each
square a valid tiling.

We have therefore proven that there exists arbitrary large squares tiled by τ with
t at the corner iff there exists a tiling by τr .

Therefore no algorithm can solve the Domino Problem: If such an algorithm
existed, it could be used, via the given transformation, to decide, given a tileset τ
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and a tile t , whether there exists tilings of arbitrary large squares by τ with t at the
corner, which is undecidable by Corollary 6.2.7.

6.3.4 Bibliographic Notes

There exist a lot of different proofs of the Undecidability of the Domino Problem
based on building first an aperiodic substitutive tileset and then encoding tilings with
a fixed tile t inside the squares it produces. Notice that in theory, this proof doesn’t
need a substitutive tileset, but only a tileset from which we can extract arbitrary
large squares. However all known variants of this proof uses substitutive (or more
accurately near substitutive) tilesets.

The first proof of the kind is the proof by Berger [7]. Technically the construction
of Berger is not a division into squares which overlap, but a division into infinite
vertical strips of arbitrary width which can overlap, but the principle stays the same.

The proof we presented here is essentially from Robinson [47], except we used
the tileset of Ollinger [43] as a basis instead of the tileset of Robinson. The tileset
used in Robinson’s article is very similar to Ollinger; it uses the same tiles as
Fig. 6.13 except that the green wires are now centered, i.e. the two colors “green on
top” and “green on bottom” of the east/west side of the second layer are identified,
and the same goes for the colors “green on left” and “green on right” on the
north/south side. Robinson also speaks in his note [46] of a set of 52 tiles, that
was later published in an article of Poizat[45]. This set is the same as Fig. 6.13
without the first layer. The fact that these two tilesets of Robinson look very close
to Ollinger’s tileset and the fact that Robinson himself hints at a set of 104 tiles
in his note [46] suggests that the set discovered by Ollinger was already known to
Robinson.

There exist a lot of literature explaining and reexplaining Robinson’s tileset [2,
28, 48]. The tileset of Ollinger is explained in [43]. Further details that prove the
tileset is substitutive and minimal can be found in the thesis of Ballier [5].

The simplifications made by Robinson lead to a smaller tileset but also have
a major drawback: the tileset is not intrinsically substitutive, which makes the
proof of its aperiodicity (and a complete description of the possible tilings) more
difficult. The tileset of Ollinger is not the first intrinsically substitutive tileset that
was discovered. In fact, Berger set of 103 tiles is intrinsically substitutive, although
this was never proven. This property is also used very often to prove aperiodicity
of tilesets in the plane R

2, where it is sometimes called “the unique composition
property”, see e.g. [3, p. 2].

To finish, remark that the whole construction is based on the fact that an aperiodic
substitutive tileset with some specific property exist, but the tileset we use (and
similar tilesets used by Berger, Robinson, or others) appears somehow by miracle.
Sect. 6.6 of this document explains how to prove using tools from computability
theory and programming languages that such a tileset exist.
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6.4 The Construction of Aanderaa and Lewis

The construction by Aanderaa and Lewis we present here is not well known. As with
all early constructions of an aperiodic tilesets, this tileset was built in the context of
the undecidability of the ∀∃∀ fragment of first order logic, and is actually the first
published example of an aperiodic deterministic tileset, i.e. a tileset s.t. any row
determines uniquely all rows in the upper half plane above this row. This also gives
a proof of the undecidability of the nilpotency of one-dimensional cellular automata.

The first proof of the idea was published by Aanderaa and Lewis in 1974 [1]; a
better version may be found in the book by Lewis [36]. Our exposition here follows
somewhat Lewis but the construction is actually quite different, in particular with
the introduction of sofic shifts and p-adic numbers.

This construction is quite interesting as it uses only elementary number theory,
and is actually building at first a one dimensional object rather than a two-
dimensonial tiling.

While not stricly necessary, it is however recommended to have a good under-
standing of the basics of symbolic dynamics. We refer the reader to the book [38]
and to other articles of this book.

6.4.1 Tiling Problems on One-dimensional Objects

6.4.1.1 Symbolic Dynamics

We briefly recall in this section classical notions from symbolic dynamics.
The concept of Wang tiles is not intrinsically two-dimensional, and one can

define Wang tiles for tilings of the discrete line Z rather than the discrete plane
Z

2. This can also be generalized obviously to higher dimensions, or even to tilings
of finitely generated groups:

Definition 6.4.1 (One-dimensional Wang Tiles) Let C be a finite set, called the
set of colors. A Wang tilet over C is a map from {E,W } to C. A tileset τ is a finite
set of Wang tiles.

Definition 6.4.2 A tiling of Z by τ assigns to each element of Z a tile from τ s.t.
colors of adjacents tiles agree on their common border.

Formally, a tiling is a map x : Z→ τ s.t.

• ∀i, x(i)(E) = x(i + 1)(W)

We say that τ tiles Z if there exists a tiling of Z by τ .

Proposition 6.4.3 The Domino Problem is decidable on Z: there exists an algo-
rithm, that on input a tileset τ , decides if τ tiles the discrete line Z.

The idea is very similar to the construction presented in Fig. 6.5.
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0 0 0 2 0 1 1 2 1 3 2 1 3 3

1 0

23

Fig. 6.19 The tileset τ2 and its representation as a graph

Proof Let τ be a one-dimensional tileset. Consider the (multi)-graph whose vertices
are the colors C, and there is an edge from u to v if there exists a Wang tile with u
on the west side and v on the east side. Then it is obvious that there exists a tiling
by τ if and only if the graph G contains a cycle. See Fig. 6.19 for an example.

In the following, we will be interested in sofic shifts, which correspond to Wang
tiles with an additional symbol. We defined them only for one-dimensional objects,
although we will also need their two-dimensional variant:

Definition 6.4.4 (Decorated one-dimensional Wang Tiles) Let C be a finite set,
called the set of colors, and A a finite set, called an alphabet. A decorated Wang tile
t over C is as 2-tuple (t ′, a) where t ′ is a Wang tile and a ∈ A is the decoration.
Given a decorated Wang tile t = (t ′, a), we note π(t) = a. A decorated tileset τ is
a finite set of decorated Wang tiles.

Tilings by decorated Wang tiles are defined exactly as tilings by Wang tiles.

Definition 6.4.5 If x is a tiling of Z by a decorated tileset τ , we write π(x) the
extension of π to words over the alphabet A. It is defined by π(x)i = π(x(i)).

The sofic shift defined by τ , denotedXτ is the set of all words π(x), for x a tiling
by τ .

An example of a decorated tileset τ , a tiling by τ , and the corresponding infinite
word are given in Fig. 6.20.

The term “shift” corresponds to the fact that the tilings are invariant by shift:

Definition 6.4.6 Let x be a bi-infinite word over an alphabet A. The shift of x,
σ(x), is the bi-infinite word defined by σ(x)i = xi+1

We define σn(x) for n ∈ Z similarly.

Definition 6.4.7 A set of infinite words X ⊆ AZ is a subshift if it is closed under
shift (x ∈ X ⇐⇒ σ(x) ∈ X) and topologically closed (for the product topology
on AZ)
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0 0a 0 2b 0 1a 1 2b 1 3a 2 1b 3 3b

0 0a 0 0a 0 0a 0 2b 2 1b 1 3a 3 3b 3 3b 3 3b

. . . a a a b b a b b b

Fig. 6.20 The tileset τ3, a tiling x by τ3, and the corresponding bi-infinite word π(x)

The subshift generated by a set T is the smallest subshift that contains T , i.e. the
topological closure of {σn(x), x ∈ T , n ∈ Z}
We refer to other articles in this volume for more reference about symbolic
dynamics.

Proposition 6.4.8 Xτ is a subshift.

If we decorate the edges from the graph obtained in Fig. 6.19 with the labels from
Fig. 6.20, we obtain a finite automaton such that the projections π(x) correspond
exactly to the biinfinite paths in this automaton.

In a sense, this means that the behaviour of one-dimensional sets of Wang tiles are
entirely understood once we understand the theory of finite automata. In particular:

Proposition 6.4.9 Let L be the set of finite words that can occur in some infinite
word in Xτ . Then L is regular.

Conversely, let L be a regular language. The set of infinite words, all factors of
which are in L is a sofic shift.

See [38, Chapter 3] for more details.

6.4.1.2 Distance Shifts

Now that we have the concept of a sofic shift, we can introduce the main
construction of Aanderaa and Lewis. The core of the proof is based on the following
definition:

Definition 6.4.10 Given a sofic shift X ⊆ (A × A)Z, the distance shift XΔ

corresponding to X is the set of all pairs (x, y) ∈ AZ × AZ s.t. for all i ∈ Z,
(x, σ i(y)) ∈ X.

The definition is of course symmetric in x and y: a pair (x, y) is in the distance shift
iff for all n,m ∈ Z, (σn(x), σm(y)) ∈ X.

We call this shift a distance shift, as it can compare patterns in x and in y that
are at any distance from each other, just by shifting x or y to put them in the same
position.
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As an example, let X be the set of all words (x, y) ∈ ({0, 1} × {0, 1})Z with the
following property: If xi = yi = 1 for some i, then x = y. It is an exercise left to
the reader to show that X is a sofic shift.

What is the distance shift defined by X? To know this, let (x, y) ∈ ({0, 1} ×
{0, 1})Z such that for all n,m ∈ N, (σn(x), σm(y)) ∈ X.

• If ∀i, xi = 0, then any y can do. That is, (0Z, y) ∈ XΔ for all y ∈ {0, 1}Z.
• If ∀i, yi = 0, then any x can do. That is, (x, 0Z) ∈ XΔ for all x ∈ {0, 1}Z.
• Suppose that x contains only one occurrence of the letter 1, say in position i.

Then it is easy to see that y should contain at most one occurrence of 1: shift y
so that one of the occurences of 1 in y coincides with the only occurence in x:
As σn(y)i = xi = 1 we get σn(y) = x.

• Similarly, if y contains only one occurence of the letter 1, then x contains at most
one occurrence of the letter 1.

• Otherwise x and y contains at least two occurences of the letter 1. Then it is easy
to see that x and y are periodic words. Indeed suppose that xi = xj = 1 and
that yk = 1. Then σ i(x)0 = σk(y)0 = 1 and therefore σk(y) = σ i(x). Similary,
σj (x) = σk(y) and therefore σ i(x) = σj (x). With a bit more work, we can
show that x and y are (up to shift) of the form (0p1)Z for some p.

This easy example shows that the structure of XΔ can already be quite complicated.
In particular, if X is sofic, XΔ might be far from sofic.

The result of Aanderaa and Lewis is the following:

Theorem 6.4.11 ([1, 36]) There is no algorithm that decides, given a sofic shift X
whether XΔ is empty.

The proof of this theorem will be given over the next sections.

6.4.1.3 Application to the Domino Problem

It is not obvious from the theorem how it can be applied for the undecidability of
the Domino Problem. The key idea is the following: Starting from a sofic shift X ⊆
(A×A)Z, we build a two-dimensional objectX2 s.t. for each configuration (x, y) ∈
X, the n-th row of the corresponding configuration in X2 is the pair (x, σn(y)). The
result is depicted on Fig. 6.21. It is easy to see that X2 is indeed a sofic shift:

Proposition 6.4.12 LetX be a one-dimensional sofic shift over an alphabetA×A.
Consider the following two-dimensional shift X2:

• Every cell of the subshift is composed of two layers.
• The first layer contains a word w ∈ AZ

2
that is identical on all rows wi,j = xi

for some x ∈ AZ.
• The second layer contains a word z ∈ AZ

2
that is shifted on consecutive rows:

zi,j+1 = zi+1,j . In other words zi,j = yi+j for some y ∈ AZ

• The word in each row is in X.
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Fig. 6.21 A portion of the shift X2

Then X2 is sofic and each row of X2 is composed of pairs (x, y) s.t. for all j ,
(x, σ j (y)) ∈ X.

Furthermore, there exists an algorithm that can obtain a set of decorated Wang
tiles for X2 from a set of decorated Wang tiles for X.

In fact the j -th row of X2 proves that (x, σ j (y)) ∈ X. Therefore X2 is empty iff
XΔ is empty.

Corollary 6.4.13 The Domino problem is undecidable.

Notice that, even taking into account the projection π that deleted the colors,
the tilings we obtain using the Aanderaa-Lewis method are quite different from the
tilings of the previous section.

In fact, the construction used above can give us a stronger result if done correctly.
Recall that each row should be part of a sofic shift X, which means they

correspond to decorations of Wang tiles. We represent in Fig. 6.22 the shift X2 with
the Wang tiles these decorations are part from.

Now it is well known that each sofic shift can be obtained from a right-resolving
set of Wang tiles, that is a set of Wang tiles where the colors on the east side is
entirely determined from the colors on the west side and the label of the tile (This is
obtained by the usual process of determinization of a finite automaton).

If this is the case, the tiling we obtain has a deterministic property: the half
plane at the right of the line is entirely determined by the line. In fact, the symbols
at the black position are entirely determined by the three gray symbols that are
immediately above and at its left: x4 is obtained from the tile on the top, y8 from the
tile at the top left, z4

4 by the tile at the left, and z5
4 is uniquely determined knowing

the three others.
This means that we can convert the picture and the shift X2 into a north-west

deterministic set of Wang tiles. (A set of Wang tiles is north-west deterministic if
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Fig. 6.22 A tiling from X2 with the (one-dimensional) Wang tiles drawn

the colors on the east and south part of the Wang tile are uniquely determined by the
two other colors.) It is then easy to see that Theorem 6.4.11 implies the following
statements:

Theorem 6.4.14 The Domino problem for north-west deterministic set of Wang
tiles is undecidable

Corollary 6.4.15 The nilpotency problem for one-dimensional cellular automata
is undecidable.

The classical proof of this result is attributed to Kari [30] but in fact this result is
already mentioned in the original article of Aanderaa and Lewis [1].

The rest of the section is devoted to the proof of Theorem 6.4.11. As the proof
is quite long and difficult, we will focus on proving that there exists a nonempty
distance shift with no periodic points, which implies that there exists a two-
dimensional aperiodic tileset. The modification to obtain the undecidability result
will be mentioned briefly at the end.

The general idea is to find a set S s.t. if x, y ∈ S, then the subword of x that
corresponds to the position where it differs from y (assuming this set of positions
is biinfinite) is itself in S. By comparing in particular x with σn(x), this implies in
particular some kind of hierarchical structure in x.
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It is easy, with a sofic shift or equivalently with a finite automaton, to isolate the
positions where x and y differs. Therefore there is some hope to be able to define
such a set S as a distance shift (more precisely, S × S will be our distance shift).

The set S that will work is the subshift Sp we build below that corresponds to a
Toeplitz subshift based on p-adic numbers. There will be an additional difficulty in
the proof: if x, y ∈ Sp, then the subword of x that corresponds to the position where
it differs from y (assuming this set of positions is biinfinite) is “almost” in Sp. What
this “almost” part means is quite technical and will be describe later.

We will first describe this set Sp and how it related to p-adic numbers. We will
then describe the hierarchical properties it satisfies. Finally, we will explain why
the difference between two words of Sp is almost a word in Sp and how to use
this to build our distance shift. This distance shift, when passed through the two-
dimensional machinery explained in the few previous pages, will gives us a two-
dimensional aperiodic tileset.

We will finish by briefly indicating what remains to be done to obtain the
undecidability of the emptiness of a distance shift, and therefore the undecidability
of the Domino problem

6.4.2 The Subshift Sp and p-Adic Numbers

Let p be an integer Let ap(n) be the first non-zero digit in the expansion of n in base
p. That is, ap(n) = r if n = q × pk+1 + pkr for some q and r �= 0 mod p. For
example a10(1664) = 4, a10(71,500) = 5 and a10(71,050) = 5.

Note that ap(0) is not well defined. We define it as taking all values in the
alphabet {0, 1, . . . , p − 1} (this makes ap a multivalued function).

We will be interested in the hierarchical structure of the word u defined by un =
ap(n), and of all other words similar to u.

For reference, here are the 80 digits of u around 0 when p = 3 with the arbitary
choice a3(0) = 2.

2212212112212212112212112112212212112212.2.1211221211211221221211221211211221211211

The main part of the construction of Aanderaa and Lewis is to build the subshift
generated by this point, for large values of p. To understand how to do it, we first
have to understand this subshift.

For this we need the notion of p-adic integers. p-adic integers are formal sums

m =
∑

k≥0

mkp
k

with mk ∈ {0, . . . , p − 1}. p-adic integers form a group under addition, where
addition is done componentwise with propagation of carry, and even a ring with
the multiplication defined the usual way. The integers Z can be seen as a subset of
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this group: Nonnegative integers correspond to formal sums where all but finitely
many terms are 0. Negative integers correspond to formal sums where all but finitely
many terms are equal to p−1. The ring of p-adic integers will be denoted Zp . It has
the natural, discrete topology: d(n,m) = p−min{i,ni �=mi } which makes it a compact
space, in which Z is dense.

The function a can be extended to Zp in the natural way: For m ∈ Zp, let i be
the minimal position s.t. mi �= 0. Then ap(m) = mi . It is easy to see that ap is a
continuous function.2

Proposition 6.4.16 Let p be an integer and Sp the subshift generated by the
sequence u with ui = ap(i). Sp contains exactly all points i → ap(m + i) for
m ∈ Zp.

Proof For m ∈ Zp, let um be the sequence defined by (um)i = ap(m + i) and

let X = {um,m ∈ Zp}. By continuity of ap, we get that if mk
k→∞−−−→ m then

umk
k→∞−−−→ um, so X is closed. In particular X is a subshift and thus Sp ⊆ X.

For n ∈ Z, un = σn(u) and therefore un ∈ Sp as Sp is shift-invariant. If m ∈
Zp then m = limmk for mk ∈ Z and therefore um = limumk ∈ Sp as Sp is
topologically closed. Therefore X ⊆ Sp, and thus X = Sp.

Notice that all the points i → ap(m + i) are distinct. This gives a continuous
map:

f : Sp �→ Zp

x → f (x)

s.t. f (σ(x)) = f (x)+1. This makes our dynamical system an almost 1-1 extension
of the odometer (the dynamical system (Zp, T ) on the odometer defined by T (x) =
x + 1). The extension is almost 1-1 due to the fact that all points of Zp except the
integers have only one preimage.

Here are a few useful properties of ap:

• ap(pm) = ap(m) for all m ∈ Zp.
• ap(m+ p) = ap(m) if m �= 0 mod p

• ap(m+ pk) = ap(m) if m �= 0 mod pk

Notice that m = 0 mod p makes sense not only for m ∈ Z but also for m ∈ Zp.
The following proposition will be useful:

2This statement is somewhat wrong, as ap is a multivalued function at 0. (An exact statement
would be that ap is upper hemicontinuous: If the sequence yn converges to y, then ap(y) contains
(but may contain more) all limit points of ap(yn)). The fact that ap is multivalued is a burden that
is not worth the hassle, and we urge the reader to consider ap as a normal, single valued function,
even though it is not.
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Proposition 6.4.17 Let x be a word s.t. for all k, there exists nk ∈ Z s.t. xi =
ap(nk + i) if nk + i �= 0 mod pk . Then there exist m ∈ Zp s.t. xi = ap(m+ i) for
all i. In particular x ∈ Sp.
Proof Let j ∈] − pk/2, pk/2] s.t. j = −nk mod pk . Let w = xj be the character
at position j . By replacing nk by nk + pkr for some suitable r we can assume wlog
that j + nk = pk+1w. In particular ap(j + nk) = w = xj .

Therefore, xi = ap(i + nk) for i ∈] − pk/2, pk/2].
Let m be a limit point of the sequence (nk)k∈N. Then by construction xi =

ap(m+ i) for all i.

6.4.3 Sp as a Toeplitz Subshift

Sp has also the structure of a Toeplitz subshift (as all symbolic almost 1-1 extensions
of odometers). Let us recall what the point u ∈ Sp looks like when p = 5:

1234112342123431234412341123411234212343123441234212341123421234312344123431234112342123431234412

By definition of ap, ap(n + p) = ap(n) if n �= 0 mod p. So if we delete one
symbol every p symbols in u, we obtain a periodic point.

This can be formalized in the following way:

Definition 6.4.18 If x is a sequence on the alphabet A, the p-skeleton of x denoted
skelp(x) is the sequence over the alphabet A ∪ {$} defined by:

skelp(x)i =
{
xi if ∀n, xi+np = xi

$ otherwise

Intuitively, and in what follows, the $ symbol represents a symbol the value of which
is unknown. The 5-skeleton of u for p = 5 is therefore:

..1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234$1234..

It is easy to see that any word of Sp actually has the p-skeleton:

...12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...p′$12...

with p′ = p − 1. Furthermore, any word of Sp has the following p2-skeleton (the
differences with the p-skeleton have been highlighted)

...12...p′112...p′21............p′p′12...p′$12...p′112...p′21.........p′p′12...p′$12...p′112...p′21...p′p′12...



330 E. Jeandel and P. Vanier

As the p-skeleton contains only the periodic part of a word, we will be interested
mainly in the complement of the p-skeleton:

Definition 6.4.19 If x is a sequence on the alphabet A, the p-coskeleton of x
denoted coskelp(x) is the sequence over A ∪ {_} defined by:

The reduced p-coskeleton is the image of coskelp(x)i under the morphism h

defined by h(a) = a for a ∈ A and h(_) = ε

It is a bit painful to define exactly how to apply a morphism on a biinfinite word.
Note however that applying an erasing morphism (like h) to a biinfinite word might
produce in some cases a finite word, or a word that is finite in one direction and
infinite in the other direction.

We go back to the running example:

12341123421234312344123411234112342123431234412342123411234212343123441234312341123421234312344123

Its 5-coskeleton is:

..._ _ _ _ _1_ _ _ _ _2_ _ _ _ _3_ _ _ _ _4_ _ _ _ _1_ _ _ _ _1_ _ _ _ _2_ _ _ _ _3_ _ _ _ _4_ _ _ _ _2_ _ _ _ _1_ _ _ _ _2_ _ _ _ _3...

and its reduced 5-coskeleton is:

12341123421234312344123411234112342123431234412342123411234212343123441234312341123421234312344123

In fact, the following proposition is an easy consequence of the fact that
ap(pn) = ap(n), and the proof is left to the reader:

Proposition 6.4.20 Let x ∈ Sp. Then the reduced p-coskeleton of x is also in Sp.

This gives us an easy way to show that a word x ∈ Sp :

Proposition 6.4.21 Recall that p′ = p − 1 and let S be a set of configurations
s.t.:

1. Every x ∈ S has the form (12 . . . p′$)Z. That is, there exists n ∈ Z s.t. xi+n =
ap(i) if i �= 0 mod p.

2. The word x ′ defined by x ′i = xpi+n is in S with n as defined in (1).

Then S ⊆ Sp.

Notice that x ′ is exactly the reduced p-coskeleton of x.

Proof We first prove by induction on k that if x ∈ S, then there exists some n ∈
[0, pk−1] s.t. xi+n = ap(i) for i �= 0 mod pk . This is true for k = 1 by definition.
Now suppose the result is true for k and let x ∈ S and x ′, n as in the definition. We
can suppose wlog that n ∈ [0, p − 1]. By induction hypothesis, there exists n′ ∈
[0, pk − 1] s.t. x ′

i+n′ = ap(i) for i �= 0 mod pk . Let N = n+pn′ ∈ [0, pk+1− 1].
Then xi+N = ap(i) for all i �= 0 mod pk+1 which ends the induction.

We now conclude by Proposition 6.4.17.
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6.4.4 Sp × Sp as a Distance Shift

Our goal now is to prove that Sp × Sp is a distance shift, which means that we can
somehow decide if (x, y) ∈ Sp×Sp by local rules involving x and all possible shifts
of y.

The previous proposition is a first step toward a solution. The problem is that
there is no easy way to extract the pk-coskeleton of a configuration easily. There is
however a workaround. It turns out that, if we compare two points x, y ∈ Sp , then
the set of positions where they differ looks like the pk-coskeleton for some k.

Let’s look for example at the point x defined by xn = a5(n) and the point y
defined by yn = a5(n+ 10). The third row shows x when it differs from y.

The only difference between the two last sequences is that some symbols are
missing (i.e. replaced by _) in the third sequence. The same is true more generally
and is illustrated in Fig. 6.23.

Definition 6.4.22 If x and y are two configurations on alphabet A, the difference
of x and y, denoted by diff(x, y) is the configuration on alphabet A ∪ {_} defined
by

diff(x, y)i =
{
_ if xi = yi

xi otherwise

It is of course obvious that most symbols should be the same in x and y. If
xi = ap(i) and yi = ap(i + pk) then all positions of valuation less than k will be
identical in x and y.

Proposition 6.4.23 Let xi = ap(i) and yi = ai(i + pk).
Then diff(x, y) ⊆ coskelpk (x), in the sense that diff(x, y)i = coskelpk (x)

whenever diff(x, y)i �= _.

12341123421234312344123411234112342123431234412342123411234212343123441234312341123421234312344123
23412342123431234123412341234212343123412342123412342123431234123431234123421234312341234123412342
41123412343124412341123411234123431244123412341123412343124412343124112341234312441234412341123412
23412342123431234123412341234212343123412342123412342123431234123431234123421234312341234123412342
34112342134123441234112341123421341234412342134112342134123441234123411234213412344123441234112342
23412342123431234123412341234212343123412342123412342123431234123431234123421234312341234123412342
34112342134123441234112341123421341234412342134112342134123441234123411234213412344123441234112342
23422343123412341123412342234312341234212341123422343123412343123411234223431234123412341123422343

Fig. 6.23 In the first row, the sequence a5. In the second row, the values of a5(1 + n) when it
differs from a5(n) (values that are equal are not shown) In the third row, the values of a5(3 + n)

when it differs from a5(n) The other rows correspond to the choices 10, 25, 30, and 50
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The above examples seem to suggest that there are only few positions where the
reverse does not hold. The following lemma explains, in the case of k of valuation
0, that at most 4 symbols of the 1-skeleton in every block of size p2 will be replaced
by the symbol _ in diff(x, y).

Lemma 6.4.24 Let k �= 0 mod p. If ap(i + k) = ap(i) then

• i = 0 mod p2 or
• i = −k mod p2 or
• i = pk mod p2 or
• i = −kp − k mod p2.

In particular, given any k �= 0 mod p there are (at most) four values of i mod p2

s.t ap(i + k) = ap(i) and no three of them are consecutive.

Proof

• If i+ k �= 0 mod p and i �= 0 mod p, then ap(i) = i mod p and ap(i+ k) =
i + k mod p and therefore ap(i) �= ap(i + k).

• If i + k = 0 mod p but i + k �= 0 mod p2. Then ap(i + k) = (i + k)/p

mod p and ap(i) = i mod p. Therefore we obtain i = (i + k)/p mod p and
i = −k(p + 1) mod p2.

• If i = 0 mod p but i �= 0 mod p2 we get similarly i + k = i/p mod p and
i = pk mod p2

Corollary 6.4.25 Let m,n ∈ Zp s.t m �= n but m and n coincide exactly on their
first r digits, i.e. m− n = kpr with k �= 0.

If ap(m+ i) = ap(n+ i) then

• i �= −m mod pr or
• i = −m mod pr+2 or
• i = −n mod pr+2 or
• i = −n+ p(m− n) mod pr+2 or
• i = −m− p(m− n) mod pr+2.

The proof is an easy generalization of the lemma and is left as an exercise. The
corollary states the following: For any x, y, diff(x, y) looks almost like the pr -
coskeleton of x, except diff(x, y) might contain at most 4 additional symbols
replaced with a symbol _ compared to the coskeleton.

Now we have seen that, if we delete the symbol _ from the pr -coskeleton of x,
we obtain an element of Sp , and in particular an infinite concatenation of words of
the form:

12 . . . p′112 . . . p′21 . . . p′p′12 . . . p′$

where $ denotes any symbol.
As a consequence, if we delete the _ symbol from diff(x, y), we also obtain

infinite concatenations of words of the same form, except that 4 symbols might be
missing in each block.



6 The Undecidability of the Domino Problem 333

This is formalized in the next proposition.

Proposition 6.4.26 LetW be the collection of blocks of size p2 of the form

4 . . . p′ 1 1 2 . . . p′ 2 1 . . . p′ p′ 1 2 . . . p′ $ 1 2 3

where $ denotes any symbol. Let Ŵ be the set of subwords of words of W of length
at least p2 − 4.

Let x, y ∈ Sp and suppose that x and y differ in more than one position.
Then h(diff(x, y)) ∈ (Ŵ )Z where h is the erasing morphism: h(_) = ε and

h(a) = a otherwise.
In particular, let x �= y ∈ Sp. Then the image by h of every factor of diff(x, y) is

a factor of (Ŵ)Z

The words x and y may differ in only one position when xi = yi = ap(n + i) with
n ∈ Z rather than n ∈ Zp.

It would seem more natural to change the words in W so that the factor 123
appears at the beginning rather than at the end. The version we use is essentially
cosmetic but greatly simplifies the proof.

What is interesting and nontrivial is that this proposition is a characterization of
words in Sp.

Definition 6.4.27 We say that a pair of words (x, y) satisfies property P if every
factor of h(diff(x, y)) (resp. h(diff(y, x))) is a factor of (Ŵ)Z.

Notice that “every factor of h(diff(x, y)) is a factor of (Ŵ )Z” is the same as
“h(diff(x, y)) ∈ (Ŵ )Z” when h(diff(x, y)) is a biinfinite word, however it also
makes sense even if diff(x, y) is a finite word, or is simply infinite.

We are now in position to state the main theorem:

Theorem 6.4.28 Let p > 6.
Let x, y be two words over the alphabet {1, . . . , p − 1} s.t.

• x ∈ WZ

• y ∈ WZ

• For all k, the words x and σk(y) have property P

Then x ∈ Sp and y ∈ Sp .
The theorem is an easy consequence of the following proposition:

Proposition 6.4.29 Suppose that x and y are composed of blocks of size p of the
form

1 2 . . . p′ $
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and that for all k, the words x and σk(y) have property P . Then x ∈ WZ and
y ∈ WZ

Proof of the Theorem Let S be the set of all configurations x s.t. there exists y
s.t.:

• x ∈ (12 . . . p′$)Z
• y ∈ (12 . . . p′$)Z
• For all k, the words x and σk(y) have property P

Let x ∈ S and y that witnesses it. Upto shift, we may suppose that yi = xi = i

mod p for i �= p. Let x ′i = xpi and y ′i = ypi .
By the previous proposition, x ∈ WZ which implies that x ′ ∈ (12 . . . p′$)Z, and

the same is true for y ′.
Furthermore, we can prove that x ′ and y ′ satisfy property P . Indeed we have

h(diff(x ′, σ k(y ′))) = h(diff(x, σpk(y))) as x and y have the same p-skeleton and
therefore disagree only on the positions that are inside x ′ and y ′.

Therefore we have proven that x ′ ∈ S. We conclude by Proposition 6.4.21.

Proof of the Proposition The proof of the proposition is quite technical and should
be skipped at first read.

The various depictions here suppose that p = 10, that is p − 1 = 9. The general
pictures can be obtained by replacing all occurrences of 9 with “p − 1” and all
occurrences of 8 with “p − 2”.

By taking shifts of x and y we can suppose wlog that xi = i mod p for i �= 0
mod p, and similarly for y. We will prove by comparing x and σ 2(y) that x and
y almost have the predescribed structure. Considering x and σ−2(y) will finish the
proof.

First we compare x and σ 2(y):

i mod p 4 . . . 8 9 0 1 2 3
x 4 . . . 8 9 $ 1 2 3

σ 2(y) 6 . . . $ 1 2 3 4 5
z = diff(x, σ 2(y) 4 . . . ? 9 ? 1 2 3

The $ symbol corresponds to positions in x and σ 2(y) where the value is currently
unknown. The only symbols in z = diff(x, σ 2(y)) that could be equal to the symbol
_ are the question mark symbols. By assumption, we know that h(z) ∈ (Ŵ )Z.
This gives us a decomposition of z into blocks: write z = . . . w−1w0w1 . . . s.t.
h(wi) ∈ Ŵ .

It should be obvious that the only possibility is for each wi to be of size exactly
p2, and to be of the form 45 . . . p′ $ 45 . . . . . . p′ $ 123. Indeed, z contains the factor
“34” periodically with period p, and this factor appear at most p − 1 times inside a
word of Ŵ (which is of length between p2 − 4 and p2), so at least one out of every
p occurrences of the factor “34” should correspond to the last letter of a word in Ŵ
followed by the first letter of a word in Ŵ , which proves the result.
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We now look at each word wi independently. We will look at the situation from
the point of view of editing distance:

wi 4 5 . . . ? 9 ? 1 2 . . . ? 9 ? 1 . . . . . . ? 9 ? 1 2 . . . 9 ? 1 2 3
t 4 5 . . . 8 9 1 1 2 . . . 8 9 2 1 . . . . . . 8 9 9 1 2 . . . 9 $ 1 2 3

The question marks inside wi represents symbols that are either equal to the symbol
of x, or are equal to the symbol _. The word t is a word of W . We know that wi ,
when deleting the _ symbols, is equal to a word of Ŵ , i.e. equal to the word t with
at most 4 symbols removed. In other words, we should delete at most 4 symbols
from wi , and that can only be done in the places where the _ symbol appears, and
add at most 4 symbols to obtain the word t depicted.

This is only possible if every symbol of wi which is not a _ symbol has the same
value that the symbol at the same position in t .

We now look at the p2 symbols of x that correspond to wi . We have just said that
any symbol of x that was not changed into a symbol _, that is, every position in x
that contains a different value that σ 2(y), has the same symbol as t . Now looking
back at the table, the only possibility for a $ symbol in x (i.e. a symbol for which
we did not know previously the value) to become a _ symbol, if if this symbol was
actually a symbol 2.

We have therefore proven that the p2 symbols of x that correspond to wi are of
the form

4 5 . . . 8 9 1 1 2 . . . 8 9 2 1 . . . . . . 9 9 1 2 . . . 9 $ 1 2 3

where at most 4 of the underlined symbols might actually have been replaced by
the symbol 2. Thus x is a concatenation of blocks of W where at most four symbols
might have been replaced with the symbol 2.

We now start the reasoning again with x and σ−2(y), which proves that x is a
concatenation of blocks ofW , where at most four symbols might have been replaced
with the symbol p − 2.

Both situations cannot happen simultaneously unless no symbols were actually
replaced, i.e. x ∈ WZ.

Corollary 6.4.30 There exists a sofic shift X s.t. the distance shift XΔ correspond-
ing to X is exactly Sp × Sp. In particular the distance shift has no periodic point
and therefore gives rise to an aperiodic 2-dimensional SFT.

Proof The sofic shift is the set of all x, y s.t.

• x ∈ WZ

• y ∈ WZ

• (x, y) satisfy property P .

The only nontrivial part of this statement might be that the set of all (x, y) that
satisfy property P is a sofic shift.
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Indeed, let W be the language of ŴZ, i.e. the set of all factors of words in ŴZ.
W is easily seen to be a regular language as Ŵ is finite. Now let L be the set of all
words (u, v) over the alphabet (A× A) s.t. h(diff(u, v)) ∈ W . Then L is a regular
language as the inverse image by a morphism of a regular language. The set of (x, y)
all factors of which are in L is therefore a sofic shift.

6.4.5 Undecidability for Distance Shifts

In this section we will briefly describe what should be changed to prove that there
is no algorithm that decide if a distance shift is empty.

The subshiftX we build in the previous corollary codes the distance shift Sp×Sp .
Now suppose that the letters are colored with two colors, gray and light gray. We do
the same construction, but taking for W all words where color alternates between
the levels. That is, W contains all words of the form

4 · · · p 1 1 2 · · · p 2 1 2 · · ·· · ·· · · p p 1 2 · · · p 1 2 3

and all words of the form

4 · · · p 1 1 2 · · · p 2 1 2 · · ·· · ·· · · p p 1 2 · · · p 1 2 3

and we take as a sofic subshift the set X of all pairs (x, y) s.t.:

• x and y are of the form

(
1 2 · · · p′ $

)Z

• (x, y) satisfy property P (for this new set W )

The reader should be convinced that the previous reasoning go through and that
the distance shift defined by X is exactly the same as Sp × Sp except that symbols
are colored depending on their valuation (remember that the valuation of an integer
n , or a p-adic number n , is k if pk is the greatest integer that divides n). More
precisely if xi = ap(i + n) for n ∈ Zp, then xi is light gray if i + n is of valuation
k for k even, and dark gray otherwise.

We can go a bit further. Let B be a finite alphabet. Let P ⊆ B×B. We now look
at words over the alphabet {1, 2, . . . , p− 1} ×B. Symbols in {1, 2, . . . , p− 1} and
symbols and B will be written in two different layers to simplify the exposition.

Consider the following set of words W :

4 . . . p′ 1 1 2 . . . p′ 2 1 . . . p′ p′ 1 2 . . . p′ $ 1 2 3
a . . . a b a a . . . a b a . . . a b a a . . . a $ a a a

for all pairs (a, b) ∈ P .
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And we take as a sofic subshift the set X of all pairs (x, y) s.t.:

• x and y are of the form

1 2 . . . p′ $ 1 2 . . . p′ $ 1 2 . . . p′ $ ...
a0 a0 . . . a0 $ a0 a0 . . . a0 $ a0 a0 . . . a0 $ ...

• (x, y) satisfy property P (for this new set W )

Now the distance shift defined by this new set X as the following form: Its
elements are pairs (x, y) ∈ Sp × Sp. Furthermore, if xi = ap(i + n) then:

• xi has the symbol a0 if i + n is of valuation 0
• All positions j s.t. j + n is of valuation k ∈ N contain the same symbol ak
• For all k, (ak, ak+1) ∈ P

Now suppose that B are one-dimensional Wang tiles and that P codes the
adjacency relation: (t, t ′) ∈ P if t ′ can be placed on the right of t .

Then it is is easy to see that this distance shift codes somehow a tiling of N by
this set of Wang tiles.

It seems a strange idea to code a tiling in this complicated way, but we have
gained something here: we were able to fix the tile that should be in position 0
(namely the symbol a0). This is fundamental: As we saw earlier, this is precisely the
difficulty in proving the undecidability of the domino problem: find a way to fix the
symbol at position (0, 0).

To obtain the undecidability of the domino problem, we therefore have to find a
way to do the same construction but for two-dimensional Wang tiles.

The idea is to construct a distance shift that code Sp × Sq for two different
(relatively prime) values p and q . Using the same idea as explained before, we
will be able to guarantee that all positions of valuation k for p and k′ for q have
the same symbol ak,k′ , that the symbol a0,0 is the predescribed symbol, and that the
pairs (ak,k′, ak+1,k′) and (ak,k′, ak,k′+1) satisfy the horizontal and vertical rules.

6.4.6 Bibliographic Notes

Our presentation differs greatly from the previous presentations by Aanderaa-Lewis
[1] and Lewis [36]. In fact, the concept of p-adic numbers, of subshifts and sofic
shifts are not present in the original articles. Aanderaa and Lewis introduce in
particular the notion of perfect tilings, normal tilings and admissible tilings; The
admissible tilings they define in a awkward way are just the elements of the subshift
generated by the normal tilings.

There are important differences between the construction of Aanderaa-Lewis
and the construction we gave here. In fact, the concept of distance shift that they
use are called sampling systems, and are apriori weaker than distance shifts. As a
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consequence, they are not able to obtain a construction for something as simple as
Sp × Sp .

The construction they obtain correspond more or less to Tp × Tp where Tp is the
subshift generated by the word u defined by un = bp(n) where bp(n) are the last
two nonzero coefficients in the expansion of n in base p, i.e. b10(13,370) = 37 and
b10(13,070) = 07. The subshift they build is actually bigger than Tp × Tp: Each
cell n contains in theory the last two nonzero coefficients in the expansion of n in
base p, but the second-to-last coefficient (the “3” in b10(13,370) = 37) can actually
differ from his normal value, but in a controlled way.

6.5 The Construction of Kari

We now present the construction by Kari [31] for which the technique is very
different from the ones of Berger and Anderaa-Lewis.

We will first present a construction of an aperiodic tileset that was initially
designed to have a very small number of tiles, and then we will explain what to
change to obtain the undecidability of the Domino Problem. The presentation here
is inspired by the two groundbreaking articles of Kari [31, 32], see also [16].

While the Anderaa-Lewis construction can be explained through p-adic num-
bers, the core of Kari’s construction is to represent numbers in a bi-infinite way so
that each row of the tileset represents a different number. For the small aperiodic
tileset, this will be enforced by ensuring that a row on top of another one can only
be obtained by multiplying the previous number by a factor 2 or a factor 2

3 . The fact
that it is not possible to obtain 1 by any multiplication of 2’s and 2

3 ’s will imply
aperiodicity.

Let us first talk about the bi-infinite representations of numbers that will be used.

6.5.1 Balanced Representations of Reals

Definition 6.5.1 Let α be a positive real number, a ∈ {�α�, (�α� + 1)}Z is a
balanced representation of α iff for any subword a[i,i+n−1] we have:

nα − 1 ≤
i+n−1∑

k=i
ak ≤ nα + 1

In other words, a balanced representation of a real number is a sequence
composed only of its two nearest integers where the average over finite subwords of
length n is within 1

n
of α. This means in particular that if we take longer and longer

subwords, their average converges to α.
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Fig. 6.24 The Beatty
sequence and balanced

representation of φ = 1+√5
2 .

The ones and the twos of the
balanced representation
correspond respectively to
cutting a vertical and a
horizontal integer line

= ... 1, 2, 1, 2, 2, 1, 2, 1, ...

= ... 0, 1, 3, 4, 6, 8, 9, 11, 12, ...

Such a balanced representation for a finite word is easy to construct by means of
Beatty sequences [6]. Given a real number α we denote B (α) its Beatty sequence,
with B (α)k = �kα�. Informally, the Beatty sequence of a number α corresponds to
how many horizontal lines of the Z

2 grid the line y = αx has crossed at coordinate
x, see Fig. 6.24.

Now if we take the sequence of first differences of the Beatty sequence of α

b (α)k = B (α)k+1 − B (α)k ,

it is a symbolic sequence on alphabet {�α�, �α + 1�}. And it is a balanced
representation of α as for any i:

i+n−1∑

k=i
b (α)k = �(i + n)α� − �iα�

and

nα − 1 ≤ �(i + n)α� − �iα� < nα + 1.

So the sequence b (α) is a balanced representation of α it is also sometimes called
the β-sequence for α, see [42], or a rotation sequence [18]. It is interesting to note
that when α is irrational this sequence corresponds to the sturmian word for the
cutting line y = αx.
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6.5.2 Multiplying Balanced Representations

Given a positive rational number q = n
m

, it turns out that by multiplying a balanced
representation of (ai)i∈Z of some real number α by q one still obtains a balanced
representation. We however have to define what we mean by multiplying a balanced
representation.

To multiply a by q we will multiply each digit individually while using a carry:

ci + qai = bi + ci+1

where ci and ci+1 are respectively the carry inherited from the previous multiplica-
tion and the carry sent to the next. With such a definition, when multiplying some
subword a[i,i+n−1] by q , one obtains a word b[i,i+n−1] with

ci + q

i+n−1∑

k=i
ak =

i+n−1∑

k=i
bk + ci+n.

See Fig. 6.25 for an example of multiplication of a balanced representation.

Lemma 6.5.2 If a is a balanced representation of some α then there exists a
balanced representation b of qα that can be obtained by multiplying a by q .
Furthermore, the set of carries being used is finite and only depends on q .

Proof Take b any balanced representation of qα. Since

nα − 1 ≤
i+n∑

k=i
ai ≤ nα + 1

and

nqα − 1 ≤
i+n∑

k=i
bi ≤ nqα + 1

we have

−(1+ q) ≤
i+n∑

k=i
qai − bi ≤ 1+ q

Fig. 6.25 An example of multiplication of a balanced representation. On the bottom row, a
balanced representation of φ+ 1, on the top a balanced representation of 2

3 (φ+ 1). The carries are
shown in the middle
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Thus, it suffices to take carries that are in [−(1+ q), (1+ q)], and because the ai’s
and bi’s are integers and q = n

m
is a rational, the carries are the multiples of 1

m
in

this interval.

We now know that this set of carries is finite, which would be sufficient to
construct a tileset as will be seen in the next section. However Kari noticed that
it is possible to restrict oneself to a smaller set of carries by looking directly at how
the Beatty sequences for α and qα are related.

Lemma 6.5.3 The balanced sequence b (qα) can be obtained by multiplying b (α)
using carries belonging only to

S =
{
−n− 1

m
,−n− 2

m
, . . . ,

m− 1

m

}

Proof Since

q�α� − 1 < �qα� < q(�α� + 1)

we have that

−q < q�α� − �qα� < 1

which means in particular that for any α:

(q�α� − �qα�) ∈
{
−n− 1

m
,−n− 2

m
, . . . ,

m− 1

m

}

Now suppose we have incarry ci ∈ S and ci = qB (α)i−1 − B (qα)i−1:

ci + qb (α)i − b (qα)i = qB (α)i−1 − B (qα)i−1

+ qB (α)i − qB (α)i−1

− B (qα)i + B (qα)i−1

= (qB (α)i − B (qα)i)

= (q�iα� − �qiα�) ∈ S

It is thus possible to obtain b (qα) by multiplying b (α) by q using only carries
from S.

So we now know that multiplying balanced representations by some positive
rational can yield balanced representations. Let us now see in the next subsection
how this translates to aperiodic tilings.
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6.5.3 An Aperiodic Tileset

The idea now is to use the fact that our multiplication uses only a finite number
of rational carries (see Lemma 6.5.2) to implement multiplication by using non-
deterministic transducers.

For a multiplication by q = n
m

, the states will correspond to the possible carries:

S =
{
−n− 1

m
,−n− 2

m
, . . . ,

m− 1

m

}

The idea is to take balanced representations of numbers that belong only to the
interval [1, 3], avoiding any possible representation of 0. In particular, numbers in
[1, 1.5]will be multiplied by 2 and numbers in [1.5, 3] by 2

3 . The alphabet on which
the transducers will act will hence beΣ = {1, 2, 3}. The transition table will contain
all transitions

s
a|b−→ s′

verifying aq + s = b + s′.
We can now construct a tileset corresponding to our transducer: for each

transition we get one tile where the bottom and top represent the input and the
output respectively and the left and right edges represent the inward carry and the
outward carry respectively.

So in order to apply multiplications by 2 and 2
3 we need two different transducers

and corresponding sets of tiles. We can assume their set of states is disjoint, up to
renaming the states. Limiting the output of the transducer multiplying by 2 to {2, 3}
de facto limits the input interval to [1, 1.5].

Figure 6.26 shows the tiles for 2 and Figs. 6.27 and 6.28 show the tiles for 2
3 .

Lemma 6.5.4 The tileset T tiles the plane.

Proof Take some irrational real α in [1, 3], one can tile Z × N, by applying
iteratively a multiplication by 2 to b (α) when α ∈ [1, 1.5] and a multiplication

1

2
-1 -1

2

3
-1 0

1

3
0 -1

1

2
0 0

0 -1

1,3

1,2

2,3

1,2

Fig. 6.26 On the left the transducer corresponding to multiplication by 2 and on the right the
corresponding tiles. Notice how the input must belong to {1, 2} and the outputs to {2, 3}, which
translates the fact that the input belongs to [1, 2] and the output to [2, 3]
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Fig. 6.27 The transducer
corresponding to
multiplication by 2

3 for inputs
in [1, 2] and outputs in [1, 3]

0 1
3

2
3

1
3

2,2

3,2

2,1

3,2

1,1

3,1

2,12,1

1,11,1

2,2

3,2 3,2

Fig. 6.28 The set of tiles for
the multiplication by 2

3 . We
assume the 0 of this part of
the tileset is different from the
one of the multiplication by 2

3

2
0 0

2

1
0 1

3
1

1
0 1

3
1

1
1
3 0

3

2
1
3

1
3

2

2
1
3

1
3

2

1
1
3

2
3

2

1
1

3 0
3

2
1

3
1

3
3

1
1

3
2
3

2

2
2
3 0

1

1
2
3

1
3

3

2
2
3

2
3

by 2
3 when α ∈ [1.5, 3]: the result always stays in [1, 3]. By compactness the tileset

then tiles the whole plane.

We now know that we can tile the plane aperiodically however, lines of a valid
tiling do not necessarily correspond to a balanced representation, we therefore still
have to prove that the tileset always tiles aperiodically.

Lemma 6.5.5 The tileset T tiles only aperiodically.

Proof Suppose T tiles periodically, then there exists a tiling c : Z2 → T periodic
in both directions. Let a and b be its horizontal and vertical periods respectively and
let xi be the finite sum of the values represented on top of c(1, i) to c(a, i). Since
all the values are positive, xi cannot be zero. And since the carry on the left is equal
to the carry on the right of the period, xi = qix(i−1) with qi equal to 2 or 2

3 .
Therefore, x0 = qn · · · q1x0 which is imposible since no nonempty product of

2’s and 2
3 ’s can equal 1.

See Fig. 6.29 for an example of tiling by this tileset. The tileset obtained here is
not Kari’s tileset but a tileset built using the same techniques. Kari’s original tileset
used only numbers in the interval [ 1

2 , 2] but still used multiplications by 2 and 2
3 and

used a technical trick to avoid 0.
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Fig. 6.29 An example of tiling, the bottom row starts from the balanced representation of φ + 1,
and the transducers are then applied according to which interval the resulting multiplied integer
belongs to
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6.5.4 Undecidability

What is interesting about this construction of aperiodic tilesets is that it allows a
different encoding of computation: we will use piecewise affine maps in order to
encode computations. While in the usual encoding of Turing machines in tilesets, the
head and the current state are explicitly encoded in some tile, using piecewise affine
functions will allow to encode the state implicitly in two real numbers representing
the full instantaneous description of the Turing machine at some timestep.

6.5.4.1 Computing with Piecewise Affine Maps

Let us first explain how Turing machine computations may be encoded by piecewise
affine maps. Let M be a Turing machine working on alphabet Γ = {0, 1} and with
state set Q = {0, . . . , n}.

Let (c, h, q) ∈ Γ Z×Z×Q be an ID of said Turing machine. We will encode this
ID inside two real numbers (l, r) so that the fractional part of l and r will encode the
left and right side of the infinite tape respectively and �l� will encode the symbol
currently under the head and �r� the current state of the machine. This encoding
will be done in a way reminiscent of Cantor middle thirds: if the symbol currently
under the head is 1, then l ∈ [2, 3] and if it is 0 then l ∈ [0, 1].

Knowing the state of the machine is thus equivalent to determining to which
[k, k + 1[ interval r belongs to, moving to a new state corresponds to adding/-
substracting some integer to r and moving the head corresponds to shifting
(multiplying) the tape and writing the new symbol (adding a constant).

The transition function hence corresponds to applying a rational piecewise affine
map depending only on �r� and �l�. This map will not be defined on [1, 2] reflecting
the fact that [1, 2] does not code for any valid symbol of the tape.

Let’s see an example, with the Turing machine in state q and the following tape:

. . . 0000101001001.1.0101010101010101010 . . .

(l, r) can be as follows:

l = 2.2002002020000 . . .

r = q.0202020202020202020 . . .

If the machine goes from state q to state q ′, writes s and shifts the tape to the right,
it is equivalent to do the following operations on l and r:

l := (l − �l�) · 10

r := ((r − �r�)+ 2 · s)/10+ q ′
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which leads to the following new values of l and r:

l = 2.002002020000 . . .

r = q ′.(2s)0202020202020202020 . . .

Thus our Turing machine has become a set of affine maps whose application
depend only on which rational intervals r and l belong to. Let us now formalize
this.

Definition 6.5.6 (l, r) is a valid coding of ID (c, h, q) iff

• for any i ∈ N, 10(10i · l − �10i · l�) is in [0, 1] when ch−i = 0 and is in [2, 3]
when ch−i = 1,

• for any i ∈ N
∗, 10(10i · r − �10i · r�) is in [0, 1] when ch+i = 0 and is in [2, 3]

when ch+i = 1,
• and �r� ∈ Q.

Theorem 6.5.7 Let M be a Turing machine and f a piecewise affine map con-
structed as stated before:

1. If c is an ID ofM , and (l, r) a valid coding of c, then f (l, r) is a valid coding of
c′ the ID obtained after one more step ofM .

2. If (l, r) is such that f n(l, r) is defined for all n ∈ N, then there exists an ID c

and a valid coding (l′, r ′) of c such that f n(l′, r ′) is defined for all n ∈ N.

Proof (1) is straightforward. For (2), let (l, r) be such reals, suppose (l, r) is not
a valid coding, and let l = ∑∞

i=0 li10−i and r = ∑∞
i=0 ri10−i , since (l, r) is not

valid, this means that some li and ri are not zeroes or twos, but since f n(l, r) is
always defined, this also means that these never appear as l0, so the computation
to which they correspond is a computation that never reaches them. It then suffices
to replace them by zeroes to obtain a valid coding, c then corresponds to this valid
coding. See [12] for a more precise proof.

Using two disjoint sets like [0, 1] and [2, 3] allows us to avoid some decoding
problems that would necessarily happen if the tape was directly coded with its
representation in binary.3

6.5.4.2 Undecidability of the Domino Problem

The piecewise affine map that we have constructed can easily be transformed into a
set of tiles: it has rational coefficients, adding or substracting a rational number can
be done in a similar way to what was done for multiplication and the fact that we

3The representations 0.100 . . . and 0.011 . . . code the same real but should not encode the same
tape.
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are now considering two reals and not only one does not constitute an obstacle, the
transducers can as easily be constructed.

The outputs of any transducer coding for a transition will belong either to {0, 1}
or to {2, 3}, thus ensuring that numbers written on one row either belong to [0, 1] or
to [2, 3] and that invalid codings can never appear as a result of applying piecewise
affine map.

In order to obtain the undecidability of the domino problem, we will use the
immortality problem:

Theorem 6.2.9 (Hooper [25]) There is no algorithm that, given a Turing machine
M , decides ifM halts on all configurations.

This is still true if we restrict ourselves to Turing machines with a working
alphabet of size 2.

By not having any representation for any halting state in the tileset corresponding
to the piecewise affine map, any tiling by this tileset will represent an infinite
computation of our Turing machine. And thus the tileset will only be able to tile
a half plane if the Turing machine is immortal, by compactness, if the tileset tiles
the half plane, it tiles the whole plane.

6.6 The Substitutive Method 2/2

The construction of an aperiodic tileset, and the undecidability result, that we
describe in this section comes from the work of Durand, Romashchenko and Shen
[14] and is inspired by the work of Gács in the 70’s.

We saw in Sect. 6.3 the concept of an intrinsically substitutive tileset, and we
gave an example of such a tileset. However, we gave no indication how this tileset
was obtained, or how to prove in general that such a tileset should exist. The core of
the construction of Durand, Romashchenko and Shen is to use recursion theory to
prove this.

We will first redefine more generally the notion of substitutive tiling, and of a
simulation

Definition 6.6.1 ([5, 13, 14, 43]) Let σ, τ be two tilesets.
We say that σ simulates τ with zoom factor N if there exists a one-to-one

function φ : τ → σN×N s.t.

• For any finite pattern w, φ(w) is a valid tiling for σ precisely when w is a valid
tiling for τ .

• For any tiling of the plane x by σ , there exist w s.t. φ(w) = x upto shift. More
precisely there exists a unique pair (i ′, j ′) ∈ [0, N−1]×[0, N−1] and a unique
w s.t. xi+i′,j+j ′ = φ(w)i,j .

The uniqueness property means that there is only one way to shift x to obtain an
image of φ.
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Theorem 6.6.2 ([14]) There exists a tileset that simulates itself.

We will explain in this section how this theorem is proven, and then how to apply
it to obtain the undecidabilty of the domino problem.

The idea is that, given a tileset τ , it is easy to build a tileset σ that simulates τ
with a given zoom factor N .

We now somehow want to have σ = τ in the previous construction.
How to do this is similar to the fixed point theorem of recursion theorem,

which allows in particular to prove that functions that call themselves are (partial)
computable.

We will first illustrate this fixed point theorem in a particular example.
Suppose we want to compute recursively the factorial function, in a language

where recursion is not allowed. Here is what we would write in Python:

def f(n):
if n == 0:

return 1
else:

return n*f(n-1)

But in our fictive language, recursion is not allowed, so we cannot write call f .
One solution is to have f call another function g, and then somehow set g to be

equal to f . A first version would be:

def f(n):
if n == 0:

return 1
else:

return n*g(n-1)
g = f

In this example, g is a global variable that was somehow defined before the definition
of f and then changed value afterwards. This is bad programming practice, so we
prefer to give it as an argument to f:

def f(g,n):
if n == 0:

return 1
else:

return n*g(g,n-1)

we can then call f with input (f, n) to obtain the result. This version would however
make type theorists jump out of their skin,4 as it not easy to find what type is f .

4It however works in python.
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We will then proceed differently. Suppose that our programming language has a
way to convert the code of a program (which is just a string of characters) into a
function. Let call this procedure eval. Then we can write:

def f(x,n):
if n == 0:

return 1
else:

return n*eval(x)(x,n-1)

Now f is just a function that takes an integer and a string and outputs an integer.
Now if we feed f with n and its own code, then we obtain the factorial function.5

The tileset we will construct mimics exactly this idea.

6.6.1 The Fixed Point Theorem of Computability Theory

The generalization of what preceeds is called Kleene’s fixed point theorem and is
one of the fundamental theorems of computability theory. Usually in computability
theory functions, strings, integers are all represented by finite binary sequences that
may be seen as integers, and thus all theorems are on computable functions on
integers.

Theorem 6.6.3 (Kleene’s Fixed Point) If f : N × N → N is a computable
function, then there exists a computable function g such that f (g, n) = g(n).

Proof LetU be a universal program: given p, n1, . . . , nk as arguments,U computes
p with arguments n1, . . . , nk , that is to say:

U(p, n1, . . . , nk) = p(n1, . . . , nk).

This is essentially what the eval function from before does.
Consider s(p) = U(p, p), the function that applies p to its own code and denote

h(i, n) = f (s(i), n). Now set g(n) = h(h, n) we have:

g(n) = h(h, n) = f (s(h), n) = f (h(h), n) = f (g, n)

5Up to a few syntactic changes, the reasoning we took actually works in python, as shown by the
following two lines:
x = “lambda n,x: 1 if n == 0 else n*eval(x)(n-1,x)”
f = lambda n: eval(x)(n,x).
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One way to interpret this theorem is that there exists a function g that “mim-
ics” an infinite application of f on itself: g(n) = f (g, n) = f (f (g, n)) =
f (f (f (. . .), n), n).

The universal Turing machine of the proof induces some overhead to the time
t (n) that the program p would take by itself on an input of size n. Using several
tapes, one can design a universal TM taking an overhead at most polynomial in
t (n), see for instance [4, 22].

The aim is to construct a tileset using Kleene’s fixed point theorem to obtain a
self simulating tileset.

6.6.2 Simulating a Tileset with a Turing Machine

A tile can be summed up by the colors c = 〈n,w, s, e〉 of its four borders:

w

n

e

s

And thus a tileset can be seen as a computable function g(c) that accepts when c
represents a tile belonging to the tileset and rejects otherwise:

Definition 6.6.4 A computable function g codes a tileset τ with k colors if:

• g interprets its argument as a quadruplet of colors: g rejects if its input is not of
size 4 log k.

• g accepts only when c represents a tile of τ .

Now if g is a function defining a tileset τ , we are going to design a computable
function f (N, k, g, c) that verifies if the tile c is in a tileset τ ′ simulating τ with
zoom factor N . That is to say, f builds the tileset τ ′ from g and then checks that its
input c belongs to it.

The tileset constructed by f will divide the plane into macrotiles, virtual tiles
formed by an N × N square of smaller tiles. Each macrotile then runs the function
g on input C = 〈n,w, s, e〉, the 4 colors coded in the border of the macrotile. The
program g is only allowed to accept, so that only valid macrotiles may be formed.
Let us now see the details.
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The tileset constructed by f first starts by separating the grid into N×N squares:

N

N

N

N

N

N

N

N

N

N

This can easily be done by having tiles that count modulo N , the borders of the
macrotile appearing on the transition between 0 and N − 1:

i

(j + 1) mod N

(i + 1) mod N

j

The center of each macrotile then contains a zone on each side that represents
the color of the side and wires that route them towards a computation zone which
applies g to c:

nwse

g(n,w, s, e)

We make the computation zone of size N/2× N/2 inside each macrotile.
If N is big enough, this computation zone has enough time and space to run g:

Theorem 6.6.5 If g codes τ with k colors, there existsN such that for anyN ′ > N ,
f (N ′, k, g, c) codes a tileset simulating τ with zoom factor N ′.
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Proof Let t be an upper bound of the time taken by g on any accepting input of size
4 log k, when g is executed on a universal machine. We now take N = 2t .

Let N ′ > N . By our choice of N , the computation zone inside each macrotile
defined by f (N ′, k, g, c) is big enough for the computation of g to fit.

In this case, each macrotile codes colors n, s, e,w on its border s.t. g(〈n, s, e,w〉)
accepts, i.e. the macrotile codes a tile of τ .

Therefore the whole tileset τ ′ is simulating τ with zoom factor N ′.

6.6.3 A Fixedpoint Based Tileset

Wishful thinking would lead us to apply the fixedpoint theorem to f however this
is not possible as is for several reasons:

• First, g does not take the same arguments as f . As defined before, g supposes
that N and k are externally defined.

• N and k would depend on the size of f to be defined.

The solution to this is straightforward and is to make k and N become arguments
of g. The only modification needed in the previous construction for is to hardcodeN
and k as inputs of g inside the macrotiles that are constructed by f . As the number
of tiles generated by f is O(N2), this means that taking k = N2 colors is sufficient
to code them all. Furthermore, there is always room in the macrotiles to carry N2

colors, as this only takes 2 logN bits.
So we now have a function f (g,N, c) which takes a function g(N, c) as an

argument.
It now suffices to apply Kleene’s fixed point theorem to f . We obtain a new

program ρ such that f (ρ,N, c) = ρ(N, c).

Theorem 6.6.6 There exists N such that for any n > N , ρ(N, c) codes a tileset τ
simulating itself with zoom factor N .

Proof As f is polynomial in logN , |g| and |c|, this means that ρ’s runtime is
polynomial in logN . So taking N % poly(logN) suffices to have enough runtime
inside the macrotiles.

ρ defines a tileset τ which produces macrotiles of size N × N that themselves
check if they belong to τ by running ρ in their computation zone. Thus ρ simulates
itself with zoom factor N .

We can now show that τ indeed tiles the plane by inductively defining macrotiles
of level k, this will also give us a picture of what tiling by τ look like:

• The macrotiles of level 0 are the macrotiles formed by N ×N squares of tiles of
τ .

• The macrotiles formed N × N squares of macrotiles of level k are macrotiles of
level k + 1, see Fig. 6.30.
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Fig. 6.30 An N ×N square of macrotiles of level k forms a macrotile of level k + 1

τ does indeed tile the plane since for any k one can tile an N2k ×N2k square just
by taking a macrotile of level k, which implies that there exists a tiling of the plane,
by compactness.

One may also show that τ is aperiodic:

Lemma 6.6.7 A tileset that simulates itself is aperiodic.

Proof Let T be a tileset that simulates itself with zoom factor N and suppose it is
periodic. Since any tiling is uniquely subdivided in N × N zones, the period must
be divisible by N . However, since the tileset simulates itself, any tiling can also be
uniquely subdivided in N2 × N2 zones, so N2 must also divide the period. By the
same argument this must be true for any N2k , which is impossible.

6.6.4 Undecidability

The tileset τ we constructed in the previous subsection, while aperiodic, does
not prove the undecidability of the Domino Problem. In order to do this, given a
Turing machine M we will construct τM in a similar fashion, but we will embed
computations of M into the macrotiles which will prevent the tileability in case M
halts.

We cannot use exactly the construction from before, as a zoom factor of N for
each level of macrotiles will mean that the macrotiles of different levels have the
same computation space and thus all computations would be bounded by the same
N . The goal being that macrotiles of level k simultaneously generate macrotiles of
level k + 1 and simulate a computation of M for more and more time steps.



354 E. Jeandel and P. Vanier

Thus, if M halts, some macrotile of level k would uncover it and prevent the
formation of macrotiles of level k + 1 and the tileset to tile the plane.

To achieve this, instead of making f hardcode N as an input to g, f hardcodes
2N . Thus the computation zone is doubled with each simulation. So now a macrotile
of level k + 1 divides the plane in 2kN × 2kN macrotiles of level k. And the
computation zone inside the macrotiles of level k + 1 now is 2kN/2.

The program run by a macrotile can be summed up by the following pseudocode:

def f (g,N, c):
constuct Tk: a tileset dividing the plane in N ×N

macrotiles which contain a
computation of g(2N, c′).

if c �∈ Tk:
reject

else:
launch N/2 timesteps of the simulation of M

if the simulation halts reject

Instead of a constant zoom factor between the different levels, each level k now
has zoom factor Nk = 2kN which gives more and more computational room. So
each level of macrotiles now ensures more simulation steps of M and thus if M
halts, it will happen at some finite level which will prevent the tileability.

6.6.5 Bibliographic Notes

The fixed point tileset construction originally appeared in [15]. Its versatility
allowed Durand, Romashchenko and Shen to prove new and original results on
tilings as well as reprove ancient results [14]. For instance, among the results
that can be proven with almost no modifications of the construction is a result
by Hanf and Myers [21, 41] stating that there exists tilesets producing only non
computable tilings of the plane. Other results that can be proved using variations of
this technique include:

• Substitutive tilesets defined by a rectangular substitution are sofic, as was proved
by Mozes [40].

• d-dimensional effective subshifts are subactions of d + 1 dimensional sofic
subshifts, a result originally discovered only with d + 2-dimensional sofic shifts
by Hochman [23].

• A characterization of the entropy of tilings by right recursively enumerable
numbers (Hochman and Meyerovitch [24]).

• That there exists tilesets robust to errors.
• A characterization of the set of non-expansive directions of tilings [54].
• The subshift whose configurations are constituted only of squares whose sizes

are chosen from a co-recursively enumerable set [53].
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Chapter 7
Renormalisation of Pair Correlations
and Their Fourier Transforms
for Primitive Block Substitutions

Michael Baake and Uwe Grimm

Abstract For point sets and tilings that can be constructed with the projection
method, one has a good understanding of the correlation structure, and also of
the corresponding spectra, both in the dynamical and in the diffraction sense. For
systems defined by substitution or inflation rules, the situation is less favourable, in
particular beyond the much-studied class of Pisot substitutions. In this contribution,
the geometric inflation rule is employed to access the pair correlation measures of
self-similar and self-affine inflation tilings and their Fourier transforms by means
of exact renormalisation relations. In particular, we look into sufficient criteria for
the absence of absolutely continuous spectral contributions, and illustrate this with
examples from the class of block substitutions. We also discuss the Frank–Robinson
tiling, as a planar example with infinite local complexity and singular continuous
spectrum.

7.1 Introduction

The theory of model sets via the projection method, see [7, 56] and references
therein for background, has led to a reasonably good understanding of mathematical
models for perfect quasicrystals. This is particularly true of systems with pure point
spectrum, and applies to spectra both in the diffraction and in the dynamical sense;
see [7, 13, 14, 38, 40] and references therein for more, in particular on equivalence
results for the different types of spectra.
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Another intensely-studied approach starts from a substitution on a finite alphabet,
or considers an inflation rule for a finite set of prototiles; see [7, 29, 55] and
references therein for more. If the inflation multiplier happens to be a Pisot–
Vijayaraghavan (PV) number, one meets an interesting overlap with the projection
method via systems that can both be described by inflation and as a regular
model set; see [7, Ch. 7] for some classic examples. However, the still open Pisot
substitution conjecture, compare [1, 51], shows that important parts of the picture
are still missing.

Considerably less is known for more general substitution or inflation schemes,
be it beyond the PV case, in higher dimensions, or both. In particular, the study
of non-PV substitutions is only at its beginning. Some recent progress [4, 6]
in one dimension was possible by realising that such systems admit an exact
renormalisation approach to their pair correlation measures; see [18, 19] for related
results on the spectral measures for these systems.

The purpose of this contribution is to show how to extend such an exact
renormalisation approach to higher dimensions, and also beyond the case of inflation
tilings of finite local complexity (FLC). To be able to discuss some interesting
classes of examples, we will build on several results from [6]. One of our goals is to
formulate an effective sufficient criterion for the absence of absolutely continuous
(ac) diffraction, which then implies that the diffraction measure is a singular
measure, with the analogous result on the spectral measure of maximal type where
possible at present. This clearly is expected to be the typical situation for inflation
systems with vanishing topological entropy, but no general classification is known
so far.

To formulate a criterion for the absence of ac components, it will be instrumental
to identify a natural cocycle attached to the inflation rule together with an appropri-
ate Lyapunov exponent. Implicitly, this amounts to an asymptotic analysis of infinite
matrix products of Riesz product type. They have shown up in various ways in the
spectral theory of inflation systems [4, 10, 18, 19, 48]. It should not be surprising
to meet them again, in a slightly different fashion. In fact, they provide perhaps the
most natural point of entry for a renormalisation type analysis of inflation systems.

This contribution is both a summary of known results, including those from [3, 5,
6, 44], and their extension to some new territory, in particular in higher dimensions
(as announced in [45] and discussed in [6]). For the latter purpose, we proceed in
an example-oriented manner via the class of block substitutions (not necessarily of
constant size), which is still sufficiently simple to see the underlying ideas, yet rich
enough to illustrate some new phenomena. In particular, in view of recent general
interest [28, 31–33, 41, 55], we include some examples of infinite local complexity
as well. Various general results that we employ are discussed and proved in [6], for
which we only give a brief account here.

The material presented below is organised as follows. In Sect. 7.2, we set the
scene by recalling some basic material, including some proofs for convenience,
in particular where we are not aware of a good reference. Section 7.3 continues
this account, covering some important aspects of uniform distribution and averages,
which will be instrumental in most of our later calculations. Then, in Sect. 7.4,
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we discuss inflation systems in one dimension, from the viewpoint of exact
renormalisation of the pair correlation measures and their Fourier transforms, with
one concrete example of recent interest being discussed in Sect. 7.5. For further fully
worked-out examples, we refer to [4, 5, 10, 44].

Starting with Sect. 7.6, we develop the entire theory for higher-dimensional
inflation tilings with finitely many prototiles up to translations, which is then applied
to various examples. In particular, we treat binary block substitutions of constant
size (Sect. 7.7) and a rather versatile family of block substitutions with squares
(Sect. 7.8), which comprises tilings with infinite local complexity. This is also a
feature of the Frank–Robinson tiling (Sect. 7.9), which is shown to have singular
continuous diffraction beyond the trivial Bragg peak at the origin. Some concluding
remarks and open problems follow in Sect. 7.10.

7.2 Preliminaries

Our general references for concepts, notation and background are [7, 9]. Here,
we collect further methods and results, where we begin with a simple property of
Hermitian matrices.

Fact 7.2.1 Let H = (hij )1�i,j�d
∈ Mat(d,C) be Hermitian and positive semi-

definite, with rankm. Then, all diagonal elements of H are non-negative. If hii = 0
for some i, one has hij = hji = 0 for all 1 � j � d . In particular, H = 0 iff
m = 0.

Whenever H �= 0, there are m Hermitian, positive semi-definite matrices
H1, . . . , Hm of rank 1 such that H =∑m

r=1 Hr together with HrHs = 0 for r �= s.

Proof By Sylvester’s criterion, H positive semi-definite means that all principal
minors are non-negative, hence in particular all diagonal elements of H . Assume
hii = 0 for some i, and select any j ∈ {1, . . . , d}. By semi-definiteness in
conjunction with Hermiticity, one finds

0 = hii hjj � hij hji = |hij |2 � 0,

which implies the second claim. The equivalence of H = 0 with m = 0 is clear.
Employing Dirac’s notation, the spectral theorem for Hermitian matrices asserts

that one has H = ∑d
i=1 |vi〉λi 〈vi |, where the eigenvectors |vi〉 can be chosen to

form an orthonormal basis (so 〈vi |vj 〉 = δi,j and |vi〉〈vi | is a projector of rank 1),
while all eigenvalues are non-negative due to positive semi-definiteness. The rank
of H is the number of positive eigenvalues, counted with multiplicities. Ordering
the eigenvalues as λ1 � λ2 � · · · � λd � 0, one can choose Hr = |vr 〉λr 〈vr | for
1 � r � m, and the claim is obvious. �
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7.2.1 Logarithmic Integrals and Mahler Measures

The logarithmic Mahler measure of a polynomial p ∈ C[x] is defined as

m(p) :=
∫ 1

0
log

∣
∣p

(
e2π it)∣∣ dt . (7.1)

It was originally introduced by Mahler as a measure of the complexity of p; compare
[25]. If p(x) = a

∏s
i=1(x − αi), it follows from Jensen’s formula [49, Prop. 16.1]

that

m(p) = log|a| +
s∑

i=1

log
(
max{1, |αi |}

)
. (7.2)

This has the following immediate consequence.

Fact 7.2.2 If p is a monic polynomial that has no roots outside the unit disk, one
has m(p) = 0. In particular, this holds if p is a cyclotomic polynomial,1 or a
product of such a polynomial with a monomial. �

Clearly, for polynomials p and q , one has m(pq) = m(p)+m(q). If p ∈ Z[x],
one can say more about the possible values of m(p). They are of interest both in
number theory and in dynamical systems; see [3, 25] and references therein.

Mahler measures of multivariate (or multi-variable) polynomials are defined by
an integration over the corresponding torus. Concretely, for any p ∈ C

[
x1 , . . . , xd

]
,

one has

m(p) :=
∫

Td

log
∣
∣p

(
e2π it1, . . . , e2π itd

)∣∣ dt1 · · · dtd , (7.3)

where T
d = R

d/Zd denotes the d-torus. Unfortunately, in contrast to the one-
dimensional situation, there is no simple general way to calculate such integrals. If
we need to single out a variable, we do so by a subscript. For instance,mx(1+x+xy)
denotes the logarithmic Mahler measure of 1 + x + xy, viewed as a polynomial in
x, with y being a coefficient. We refer to [25] for general background and examples.

7.2.2 Radon Measures

Letμ denote a (generally complex) Radon measure on R
d , which we primarily view

as a linear functional over the space Cc(R
d ) of compactly supported continuous

1A non-constant polynomial p ∈ Z[x] is called cyclotomic if p(x) divides xn− 1 for some n ∈ N.
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functions. The ‘flipped-over’ version μ̃ is defined by μ̃(g) = μ(g̃), where
g̃(x) := g(−x). A measure μ is called positive when μ(g) � 0 for all g � 0,
and positive definite when μ(g ∗ g̃) � 0 for all g ∈ Cc(R

d). Here, g ∗ h
refers to the convolution of two integrable functions, as defined by

(
g ∗ h)(x) =∫

Rd g(x − y)h(y) dy. By |μ|, we denote the total variation measure of μ. If
|μ|(Rd) <∞, the measure is bounded or finite, while we call it translation bounded
when supt∈Rd |μ|(t+K) <∞ holds for some compact set K ⊂ R

d with non-empty
interior.

If f : Rd −→ R
d is an invertible mapping, we define the pushforward f.μ of a

measure μ by
(
f.μ

)
(g) = μ(g ◦f ), where g is an arbitrary test function. Viewing

μ as a regular Borel measure via the general Riesz–Markov representation theorem,
compare [50], the matching relation for a bounded Borel set E is

(
f.μ

)
(E) = (

f.μ
)
(1E) = μ(1E ◦ f ) = μ

(
1
f−1(E)

) = μ
(
f−1(E)

)
.

Of particular importance is the Dirac measure at x, denoted by δx , which is defined
by δx(g) = g(x) for test functions. For Borel sets, the matching relation is

δx (E) =
{

1, if x ∈ E,
0, otherwise,

which is often used in the form δx(E) = δx
(
1E

)
. For a point set S ⊂ R

d , which is
at most countable in our setting [7], one defines the corresponding Dirac comb as
δS =

∑
x∈S δx .

When ν is absolutely continuous relative to μ, denoted by ν 0 μ, with Radon–
Nikodym density h, we write ν = hμ, so that

(
hμ

)
(g) = μ(hg). For the

pushforward, this leads to

f.(hμ) = (
h ◦ f−1) · (f.μ), (7.4)

as follows from a simple calculation with a test function. Now, when we have
f (x) = Ax with A ∈ GL(d,R) and μ is Lebesgue measure, it is sometimes more
convenient to rewrite this relation as

A.h := f.h = h ◦ f−1

|det(A)| =
h ◦ A−1

|det(A)| , (7.5)

to be understood as a relation between absolutely continuous measures. The
convolution μ ∗ ν of two finite measures is defined by

(
μ ∗ ν)(g) =

∫

Rd

∫

Rd

g(x + y) dμ(x) dν(y),
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which can be extended in various ways, in particular to the case where one measure
is finite and the other is translation bounded [16, Prop. 1.13].

Lemma 7.2.3 If μ and ν are two convolvable measures on R
d and if the mapping

f : Rd −→ R
d is both invertible and linear, the pushforward operation satisfies the

relation f.(μ ∗ ν) = (f.μ) ∗ (f.ν).
Proof Let g be a general test function and define ga by ga (x) = g(a + x). Then,
one has

(
f.(μ ∗ ν))(g) =

∫

Rd

∫

Rd

g
(
f (x + y)

)
dμ(x) dν(y)

=
∫

Rd

∫

Rd

g
(
f (x)+ f (y)

)
dμ(x) dν(y)

=
∫

Rd

μ
(
gf (y) ◦ f

)
dν(y) =

∫

Rd

(f.μ)
(
gf (y)

)
dν(y)

=
∫

Rd

∫

Rd

g
(
x + f (y)

)
d
(
f.μ

)
(x) dν(y)

=
∫

Rd

∫

Rd

gx
(
f (y)

)
dν(y) d

(
f.μ

)
(x)

=
∫

Rd

ν(gx ◦ f ) d
(
f.μ

)
(x) =

∫

Rd

(
f.ν

)
(gx ) d

(
f.μ

)
(x)

=
∫

Rd

∫

Rd

g(x + y) d
(
f.ν

)
(y) d

(
f.μ

)
(x)

= (
(f.ν) ∗ (f.μ))(g) = (

(f.μ) ∗ (f.ν))(g),

where the step from the fourth to the fifth line, as well as the last step, rely on
Fubini’s theorem. �

A linear map f on R
d is expansive if there exists a constant α > 1 such that

‖f (x)‖ � α‖x‖ for all x ∈ R
d . This implies that all eigenvalues satisfy |λ| � α

and that f is invertible.

Lemma 7.2.4 Let μ be a Radon measure on R
d such that μ|U = μ({0}) δ0 holds

for some open neighbourhoodU of 0. Then, if f is an expansive linear map on Rd ,
one has

lim
n→∞ f n.μ = μ({0}) δ0 .
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Proof Let E ⊂ R
d be a fixed, bounded Borel set. Viewing μ as a regular Borel

measure, one has
(
f n.μ

)
(E) = μ

(
f−n(E)

)
. Since f is expansive, with expansion

constant α > 1, it is invertible, and f−1 is contractive, with ‖f−1(x)‖ � 1
α
‖x‖ for

all x ∈ R
d . Consequently, f−n(E) ⊂ U for n sufficiently large.

Now, the set E contains 0 if and only if f−n(E) does, so

(
f n.μ

)
(E) = μ({0}) δ0(E)

for n large enough. Since E was bounded but otherwise arbitrary, our claim on the
measure μ follows. �

The Fourier transform of measures will play an important role in many of our
arguments. We follow the classical approach as outlined in [16, Ch. 1], see also
[7, Ch. 8] as well as [46], where the Fourier transform of an integrable function f
is given by

f̂ (k) =
∫

Rd

e−2π i〈k|x〉f (x) dx

as usual, where 〈·|·〉 denotes the standard inner product of R
d . If μ is a finite

measure, its Fourier transform is a continuous function, written as

μ̂(k) =
∫

Rd

e−2π i〈k|x〉 dμ(x).

For translation-bounded measures, we shall also employ standard notions and
techniques from the theory of tempered distributions; compare [50, Sec. 6.2].

Below, we will make frequent use of a relation that tracks the consequence of an
invertible linear map under Fourier transform.

Lemma 7.2.5 Let μ be a Fourier-transformable measure on R
d , and consider a

matrix A ∈ GL(d,R). Then, with A∗ := (AT )−1 denoting the dual matrix, one has

Â.μ = A∗.μ̂
|det(A)| .

Moreover, when μ̂ is absolutely continuous relative to Lebesgue measure, hence
represented by a locally integrable function, the relation simplifies to

Â.μ = μ̂ ◦AT = AT.μ̂.

Proof If g is an arbitrary test function, one has

Â.μ (g) = (
A.μ

)
(ĝ) = μ(ĝ ◦A) =

∫

Rd

∫

Rd

e−2π i〈x|At〉g(x) dx dμ(t).
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Observing 〈x|At〉 = 〈t|ATx〉 and setting x = A∗y, hence dx = |det(A∗)| dy, one
finds

Â.μ (g) =
∫

Rd

∫

Rd

e−2π i〈t |y〉g(A∗y) dy dμ(t)

|det(A)| =
∫

Rd

(
ĝ ◦A∗)(t) dμ(t)

|det(A)|

= μ
(
ĝ ◦A∗)
|det(A)| =

μ̂
(
g ◦A∗)
|det(A)| =

(
A∗.μ̂

)
(g)

|det(A)| ,

which implies the first claim. The second claim is a consequence of Eq. (7.5). �

7.2.3 Riesz Products

Of particular interest in the context of singular measures are measures that have a
representation as infinite Riesz products. Let us recall one paradigmatic example of
pure point type, and then generalise it. Here, an expression of the form

∏
m�0 fm(k)

with continuous functions fm is a short-hand for the measure that is defined as the
vague limit of a sequence of absolutely continuous measures, the latter being given
by the Radon–Nikodym densities

∏n
m=0 fm(k) with n � 0.

Lemma 7.2.6 As a relation between translation-bounded measures on R, one has

∏

m�0

(
1+ cos(2π2mk)

) = δ
Z
,

where k ∈ R and convergence is in the vague topology.

Proof We employ a method that is well known from the theory of Bernoulli
convolutions; compare [47]. Define μ = δ0 + δ1 and consider the measure

ν = 1
2
μ ∗ μ̃ = δ0 + 1

2
(δ1 + δ−1),

which means that

ν̂(k) = 1+ cos(2πk).

With f (x) = 2x, one has f.ν = 1
2 (f.μ)∗(f.μ̃) by Lemma 7.2.3, where f.μ̃ = f̃.μ .

Moreover, one has μ∗(f.μ)∗ . . . ∗(f n−1.μ) =∑2n−1
=0 δ . Now, for n � 1, a simple
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convolution calculation gives

n−1∗
m=0

fm.ν =
2n−1∑

=1−2n

2n − ||
2n

δ
n→∞−−−−→ δ

Z
,

with convergence in the vague topology.

With f̂ m.ν = ν̂ ◦ f m, which follows from Lemma 7.2.5, an application of the
convolution theorem in conjunction with the continuity of the Fourier transform
leads to

̂n−1∗
m=0

fm.ν =
n−1∏

m=0

(̂ν ◦ f m)
n→∞−−−−→ δ̂

Z
= δ

Z
, (7.6)

where the last step is the Poisson summation formula (PSF); see the general version
in [7, Prop. 9.4]. Our claim now follows via the observation that

(
ν̂ ◦ f m

)
(k) =

1+ cos(2π2mk). �
More generally, let 2 � M ∈ N be fixed and consider

μ =
M−1∑

=0

δ and ν = μ ∗ μ̃
M

= δ0 +
M−1∑

=1

M − 

M

(
δ + δ−

)
.

With f (x) = Mx, one has μ ∗ (f.μ) ∗ . . . ∗ (f n−1.μ) =∑Mn−1
=0 δ and

n−1∗
m=0

f m.ν =
Mn−1∑

=1−Mn

Mn − ||
Mn δ

n→∞−−−−→ δ
Z

in the vague topology, so that Eq. (7.6) holds here as well. Observe that

ν̂(k) = 1+ 2
M−1∑

=1

M − 

M
cos(2πk),

which satisfies ν̂(k) � 0 and
∫ 1

0 ν̂(k) dk = 1. Moreover,
∏n−1

m=0

(
ν̂ ◦ fm) defines a

probability density on [0, 1] for each n ∈ N. Now, the generalisation of Lemma 7.2.6
reads as follows.

Proposition 7.2.7 For any 2 � M ∈ N, one has

∏

m�0

(
1+ 2

M−1∑

=1

M − 

M
cos(2πMmk)

)
= δ

Z
,

where k ∈ R and convergence is in the vague topology. �
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It is clear how to extend this to more than one dimension, the details of which
are left to the interested reader.

7.3 Uniform Distribution and Averages

While uniform distribution results are usually stated for one dimension, many of
them have natural, though less well-known, generalisations to higher dimensions.
We shall need some of them to calculate limits of various Birkhoff sums in our
examples. To formulate the results, we represent Td = R

d/Zd as the half-open unit
cube [0, 1)d with (coordinate-wise) addition modulo 1. As before, we use 〈x |y〉 =∑d

i=1 xi yi for the standard inner product in R
d . Let us recall some useful properties

of non-singular linear forms.

Fact 7.3.1 Consider a non-singular linear form f : Rd −→ R, which can thus be
written as f (x) = 〈a |x〉 with 0 �= a ∈ R

d . Then, if E is a Lebesgue null set in R,
its preimage f−1(E) is a Lebesgue null set in Rd .

Proof Let μL and νL denote Lebesgue measure in R
d and R, respectively. Clearly,

the linear mapping f is differentiable, with ∇f (x) = a �= 0 for all x ∈ R
d , hence

certainly measurable and surjective. Now, the pushforward f.μL defines a regular
Borel measure on R, with

(
f.μL

)
(E) = μL

(
f−1(E)

)
for any Borel set E ⊆ R;

compare [36, Thm. 39.C]. Due to the linearity of f , for any t ∈ R, we have the
relation f−1(t + E) = zt + f−1(E) for some zt ∈ R

d with f (zt ) = t , which
covers the empty set via the standard convention x +∅ = ∅.

This property implies
(
f.μL

)
(t + E) = (

f.μL

)
(E) for all t ∈ R and all Borel

sets E , which means that f.μL is translation invariant and thus a multiple of Haar
measure on R. Consequently, we have f.μL = cνL, where c > 0 follows from
a �= 0. This means that f.μL and νL are equivalent as measures, and our claim on
the Lebesgue null sets follows. �
Fact 7.3.2 Let α ∈ R with |α| > 1 be given and let f be the linear form from
Fact 7.3.1. Then, for Lebesgue-a.e. x ∈ R

d , the sequence
(
f (αnx)

)
n∈N is uniformly

distributed modulo 1.

Proof One has f (αnx) = αn t with t = 〈a |x〉 and a �= 0. Clearly, (αnt)n∈N is
uniformly distributed modulo 1 for a.e. t ∈ R by standard results from uniform
distribution theory; compare [39, Thm. 4.3 and Exc. 4.3]. If E is the corresponding
null set of exceptional points, uniform distribution modulo 1 of

(
f (αnx)

)
n∈N fails

precisely for all x ∈ f−1(E) ⊂ R
d . By Fact 7.3.1, f−1(E) is a null set in R

d , which
implies the claim. �
Lemma 7.3.3 Let α ∈ R with |α| > 1 be fixed. Then, for Lebesgue-a.e. x ∈ R

d ,
the sequence (αnx)n∈N taken modulo 1 is uniformly distributed in Td .
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Proof For d = 1, this is a well-known result from metric equidistribution theory
[39, Ch. 4], as mentioned earlier. For d > 1 and any given x ∈ R

d , it is convenient to
employ Weyl’s criterion [39, Thm. 6.2] and consider the convergence behaviour of
character sums. In fact, this implies that uniform distribution of (αnx)n∈N modulo 1
is equivalent to uniform distribution modulo 1 of the sequences (αn〈k |x〉)n∈N for all
k ∈ Z

d \ {0}; compare [39, Thm. 6.3]. For each such k, let Ek be the exceptional set
of points x ∈ R

d where uniform distribution fails, which is a null set by Fact 7.3.2.
Since Z

d \ {0} is countable, the set
⋃

k∈Zd\{0} Ek is still a null set in R
d , and the

claim follows. �
Next, we need to understand averages of various types of periodic and almost

periodic functions, in particular along exponential sequences of the above type.

Lemma 7.3.4 Let α ∈ R with |α| > 1 be fixed. For any a ∈ R
d and then a.e.

x ∈ R
d , one has

lim
N→∞

1
N

N−1∑

n=0

e2π iαn〈a |x〉 = δa,0.

Proof When a = 0, the limit is 1 for all x ∈ R
d , so let a �= 0. Then, by Fact 7.3.2,

(αn〈a |x〉)n∈N is uniformly distributed modulo 1 for a.e. x ∈ R
d , where the null set

Ea of exceptions depends on a. So, for any given a and then every x ∈ R
d \ Ea , we

get

lim
N→∞

1
N

N−1∑

n=0

e2π iαn〈a |x〉 =
∫ 1

0
e2π it dt = 0

by Weyl’s lemma. �
The next step is an extension to (complex) trigonometric polynomials, as given

by

Pm(x) = c0 +
m∑

=1

c e2π i 〈k |x〉

with m ∈ N0 and coefficients c ∈ C. When m � 1, the frequency vectors
k1 , . . . , km are assumed to be non-zero and distinct. Clearly, under the conditions of
Lemma 7.3.4, one obtains

lim
N→∞

1
N

N−1∑

n=0

Pm(α
nx) = c0 = M(Pm) (7.7)
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for a.e. x ∈ R
d . Here, M(f ) is the mean of a bounded function,

M(f ) := lim
n→∞

1
vol(An)

∫

An

f (x) dx, (7.8)

where A = (An)n∈N is a fixed sequence of growing sets for the averaging process.
The sets An are supposed to be sufficiently ‘nice’, which means that one assumes
a property of Følner or van Hove type. To be concrete, we can think of An as the
closed cube of sidelength n centred at 0. It is clear that the limit in (7.8) exists
for trigonometric polynomials. More generally, it exists for all functions that are
uniformly almost periodic, which are often also called Bohr almost periodic. They
are the continuous functions that can uniformly be approximated by trigonometric
polynomials. In other words, the space of uniformly almost periodic functions is the
‖.‖∞-closure of the space of trigonometric polynomials; see [23] for general results.

Proposition 7.3.5 Let f : R
d −→ C be a uniformly (or Bohr ) almost periodic

function, and let α ∈ R with |α| > 1 be given. Then, for a.e. x ∈ R
d , one has

lim
N→∞

1
N

N−1∑

n=0

f (αnx) = M(f ).

In particular, this applies to functions of the form f = log(g) with g a non-negative,
uniformly almost periodic function that is bounded away from 0.

Proof The first claim for d = 1 is [11, Thm. 6.4.4]. A close inspection of its proof
reveals that the same chain of arguments also applies to the case d > 1, which is all
we need here.

The second claim follows from the first because g(x) � δ > 0 for all x ∈ R
d

implies that log(g) is again uniformly almost periodic [4, Fact 6.14]. �
In the attempt to generalise Proposition 7.3.5 beyond uniformly almost periodic

functions, one difficulty emerges when f is no longer locally Riemann-integrable.
Let us first look at periodic functions, where we begin by recalling a classic result.

Fact 7.3.6 ([11, Lemma 6.3.3]) Let q ∈ Z with |q| � 2 be fixed, and consider a
function f ∈ L1

loc(R) that is 1-periodic. Then,

1
N

N−1∑

n=0

f (qnx)
N→∞−−−−→

∫ 1

0
f (y) dy = M(f )

holds for a.e. x ∈ R. �
The key ingredient to Fact 7.3.6 is the ergodicity of Lebesgue measure on T for

the dynamical system defined by x �→ qx modulo 1, which permits to use Birkhoff’s
ergodic theorem instead of Weyl’s lemma and uniform distribution of (qnx)n∈N for
a.e. x ∈ R. The natural counterpart on T

d can be stated as follows.
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Lemma 7.3.7 Let Q be a non-singular endomorphism of Td such that no eigen-
value is a root of unity, and consider a Zd-periodic function f ∈ L1

loc(R
d ). Then, for

a.e. x ∈ R
d , one has

1
N

N−1∑

n=0

f (Qnx)
N→∞−−−−→

∫

Td

f (y) dy = M(f ).

In particular, this result applies to every toral endomorphism that is expansive.

Proof Under our assumptions, Lebesgue measure is an invariant and ergodic
measure for the dynamical system defined by Q on T

d ; see [24, Cor. 2.20]. The
main statement now follows from Birkhoff’s ergodic theorem. Since all eigenvalues
of an expansive Q ∈ End(Td) satisfy |λ| > 1, the last claim is clear. �

Beyond Fact 7.3.6 and Lemma 7.3.7, we will need the following result, which
can be viewed as a variant of Sobol’s theorem [52]; see also [11, 37].

Lemma 7.3.8 Let p � 0 be a trigonometric polynomial in d variables, and let
α ∈ R with |α| > 1 be fixed. Let us further assume that, for some sufficiently small
δ > 0, the critical points of p with value in [0, δ] are isolated. Then, for Lebesgue-
a.e. x ∈ R

d , one has

lim
N→∞

1
N

N−1∑

n=0

log
(
p(αnx)

) = M
(
log(p)

)
.

Proof (Sketch) Since the case p(k) � δ > 0 for all k ∈ R
d is covered by

Proposition 7.3.5, we assume infk∈Rd p(k) = 0, hence infk∈Rd log(p(k)) = −∞,
which is the origin of the complication. Note, however, that all singularities of
log(p) are of logarithmic type and hence locally integrable, so log(p) is no longer
uniformly, but still Stepanov almost periodic; see [11, pp. 356–359] as well as [23,
Sec. VI.4].

Now, we have to deal with the small local minima of p. By assumption, there is
a δ > 0 such that the points k with ∇p(k) = 0 and p(k) ∈ [0, δ] are isolated. As p
is a quasiperiodic function, the set of critical points of this type, Z say, must then be
uniformly discrete.

Now, with a Borel–Cantelli argument, compare [11, Thm. 6.3.5] and
[10, Prop. 5.1], one can derive that, for a.e. x ∈ R

d , the sequence (αnx)n∈N0
stays

sufficiently far away from Z so that the average via the Birkhoff sum ultimately
is not distorted by the singularities or almost singularities of log(p), and Sobol’s
theorem can be applied. This gives

lim
N→∞

1
N

N−1∑

n=0

log
(
p(αnx)

) = M
(
log(p)

)

for a.e. x ∈ R
d as claimed. �
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At this point, we are set to start the spectral analysis of inflation systems via their
pair correlations, where we begin with the theory in one dimension.

7.4 Results in One Dimension

Let us recall the situation in one dimension from [5, 6]. Consider a primitive sub-
stitution � on an L-letter alphabet A = {a1 , . . . , aL}. It defines a unique symbolic
hull X�, which is compact and consists of a single local indistinguishability (LI)
class. This hull can be constructed as the closure of the shift orbit of a two-sided
fixed point of a suitable power of �. This shift space gives rise to a uniquely (in
fact, strictly) ergodic dynamical system under the Z-action of the shift, denoted as
(X�,Z).

The corresponding substitution matrix M is the primitive L×L-matrix with
elements Mij = cardai

(
�(aj )

)
� 0 and Perron–Frobenius (PF) eigenvalue λ > 1.

The matching (properly normalised) right eigenvector of M encodes the letter
frequencies, while the left eigenvector determines the ratios of natural tile lengths
for a consistent geometric inflation rule. The latter acts on L intervals (which are
our prototiles), one for each letter, of lengths corresponding to the entries of the left
eigenvector. If the L intervals do not have distinct lengths, we distinguish congruent
ones by labels (or colours). The inflation map induced by � then consists of a scaling
of the intervals by the inflation multiplier λ and their subsequent dissection into
original prototiles, according to the order determined by the substitution rule �. In
this setting, the inflation again defines a strictly ergodic dynamical system, now (in
general) under the continuous translation action of R, denoted as (Y,R), with Y the
new tiling hull.

To capture the geometric information, let us collect the relative positions of the
tiles in the inflation map in a set-valued displacement matrix T . Each element Tij
thus is a set, viewed as a list of length Mij that contains the relative positions of
the interval (or tile) of type i in the inflated interval (or supertile) of type j (and
is the empty set if Mij = 0). To define the distance between tiles, we assign a
reference point to each tile, which we usually choose to be the left endpoint of the
interval. Clearly, since the reference point determines the tile and its position, the
set of (labelled or coloured) reference points is mutually locally derivable (MLD)
with the tiling by intervals. For a given tiling, define 'i as the set of all reference

points of tiles of type i, and ' = ⋃̇L

i=1'i as the set of all such reference points.
Let νij (z) with z � 0 be the relative frequency of the occurrence of a tile of type

i (left) and one of type j (right) at distance z, with the understanding that

νij (−z) = νji(z).

These are the pair correlation coefficients of the inflation rule, which exist for all
elements of the hull and are independent of the choice of the element. Given ',
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decomposed as ' = ⋃̇
i'i , one can represent each coefficient as a limit,

νij (z) = lim
r→∞

card
(
Br(0) ∩'i ∩ ('j − z)

)

card(Br(0) ∩') = dens
(
'i ∩ ('j − z)

)

dens(')
� 0.

Due to the strict ergodicity, one has νij (z) > 0 if and only if z ∈ Sij := 'j − 'i ,
where the sets Sij are independent of the choice of ' from the hull, because the
latter is minimal and thus consists of a single LI class [7].

Let us now recall the general renormalisation relations for the νij from [4, 5, 10],
which are proved in full generality in [6], also for higher dimensions; see Eq. (7.18)
below.

Lemma 7.4.1 Let νij be the pair correlation coefficients of the geometric inflation
rule induced by the primitive L-letter substitution � with inflation multiplier λ, and
let T be the corresponding set-valued displacement matrix. Then, they satisfy the
identities

νij (z) = 1
λ

L∑

m,n=1

∑

r∈Tim

∑

s∈Tjn
νmn

(
z+ r − s

λ

)

for arbitrary z ∈ R. �
Remark 7.4.2 The identities of Lemma 7.4.1 have a special structure, which we
call an exact renormalisation for the following reason. First, there is a finite subset
of identities that close, and give what is known as the self-consistency part of the
identities. Then, all remaining relations are purely recursive, which also implies
that the solution space of the renormalisation identities is finite-dimensional. This is
further discussed and explored in [5, 6]. ♦

Now, define ϒij =
∑

z∈Sij νij (z) δz , which is a pure point measure for each
1 � i, j � L. For the measure vectorϒ = (ϒ11, ϒ12, . . . , ϒLL), we use f.ϒ for the
componentwise pushforward, where f (x) = λx as before. With this, Lemma 7.4.1
implies the matching relation for the pair correlation measures to be

ϒ = 1
λ

(
δ̃T

∗⊗ δT
) ∗ (f .ϒ),

where δT is the measure-valued matrix with elements δTij and
∗⊗ denotes the Kro-

necker product of two measure-valued matrices with convolution as multiplication.
All elements of ϒ are Fourier-transformable as measures, which follows from

[5, Lemma 1]. Thus, we define the Fourier matrix of our inflation system as

B(k) := δ̂T (k) = δ̂T (−k),
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which is an L×L matrix function with trigonometric polynomials as entries, and
thus analytic in k. Now, by Fourier transform in conjunction with the convolution
theorem, one finds

ϒ̂ = 1
λ2

(
B(.)⊗ B(.)

) (
f−1.ϒ̂

)
, (7.9)

to be read as a relation between measure vectors. The main advantage of this
formulation is that we now actually obtain three equations from (7.9) as follows.

Each ϒ̂ij is a measure that has a unique decomposition into a pure point (pp) and
a continuous part, with a countable supporting set for the pure point part. Taking the
union of the latter over all i, j allows us to define the decomposition

ϒ̂ = ϒ̂pp + ϒ̂cont

with a matching decomposition R = Epp ∪̇ Econt. Here, Epp is a countable set, and
we may assume without loss of generality that it is also invariant under f and f−1,
for instance by replacing Epp with

⋃
n∈Z f n(Epp), which is still countable. The

complement then still is a valid supporting set for the continuous part, and also
invariant under f and f−1.

Repeating this type of argument, we can further split ϒ̂cont into its singular
continuous (sc) and absolutely continuous (ac) component, which goes along with
a decomposition R = Epp ∪̇ Esc ∪̇ Eac, where each supporting set is invariant under
f and f−1; see [6] for a more detailed discussion of this point. This decomposition
leads to the following result.

Lemma 7.4.3 The measure vector ϒ̂ satisfies the three separate equations

ϒ̂α = 1
λ2

(
B(.)⊗ B(.)

) (
f−1.ϒ̂α

)
,

for α ∈ {pp, sc,ac}.
Proof This is a consequence of the fact that B(k) ⊗ B(k) is analytic in k, hence
cannot change the spectral type, together with

(
f−1.ϒ̂

)
α
= f−1.ϒ̂α due to f being a

simple dilation, which cannot change the spectral type either. The claim now follows
from restricting Eq. (7.9) to the supporting sets Eα constructed above. �

All three equations have interesting implications, as discussed in [4–6]. Here,
we concentrate on the ac part. To obtain some insight into the latter, we denote
the Radon–Nikodym density vector of ϒ̂ac by h. Then, Lemma 7.4.3 results in the
relation

h(k) = 1
λ

(
B(k)⊗ B(k)

)
h(λk),

which has to hold for a.e. k ∈ R and can be iterated. Note that the different power
of λ in the denominator in comparison to Lemma 7.4.3 results from a change of



7 Renormalisation for Block Substitutions 375

variable transformation. For values of k with det(B(k)) �= 0, it can also be inverted
to get an iteration in the opposite direction. It is a crucial observation from [4, 6, 10]
that the asymptotic behaviour can be analysed from the simpler iterations

v(k) = 1√
λ
B(k)v(λk) and v(λk) = √λB−1(k)v(k), (7.10)

where the components of v(k) are locally square-integrable functions. Using
Fact 7.2.1, this emerges from a decomposition of

(
hij (k)

)
, viewed as a positive

semi-definite Hermitian matrix, as a sum of rank-1 matrices of the form vi(k) v
†
j (k)

and the observation that the overall growth rate is dictated by the maximal growth
rate of these summands; see [4, 6] for details.

To capture the asymptotic behaviour, one defines the Lyapunov exponents,
compare [57], for the iterations that emerge from Eq. (7.10), which is possible when
B(k) is invertible for a.e. k ∈ R. It turns out that the required values can all be
related to the extremal Lyapunov exponents of the matrix cocycle defined by

B(n)(k) := B(k)B(λk) · · ·B(λn−1k), (7.11)

which happens to be the Fourier matrix of �n. The quantities of interest to us here
are controlled by the maximal Lyapunov exponent of this cocycle, defined as

χB(k) := lim sup
n→∞

1
n

log
∥∥B(n)(k)

∥∥, (7.12)

where ‖.‖ refers to any sub-multiplicative matrix norm, such as the spectral norm or
the Frobenius norm. In favourable cases, χB(k) will exist as a limit for a.e. k ∈ R,
as we shall see later in several examples. The main criterion can now be formulated
as follows.

Theorem 7.4.4 Let � be a primitive substitution on a finite alphabet, and consider
the corresponding inflation rule with inflation multiplier λ = λPF for intervals of
natural length. Let χB(k) be the maximal Lyapunov exponent of the Fourier matrix
cocycle (7.11), and assume that det

(
B(k)

) �= 0 for at least one k ∈ R.
If there is some ε > 0 such that χB(k) � 1

2 log(λ) − ε holds for Lebesgue-a.e.
k ∈ R, one has ϒ̂ac = 0, and the diffraction measure of the system is singular.

Proof (Sketch) Under our assumptions,2 for a.e. k ∈ R with k �= 0, the
sequence

(
h(λnk)

)
n∈N of Radon–Nikodym density vectors, as n → ∞, displays

an exponential growth of order e2(D−δ)n, where D = 1
2 log(λ) − χB(k) � ε > 0

and δ > 0 can be chosen such that D − δ > 0. The implied constant will depend on
k and δ. Such a behaviour is incompatible with the translation-boundedness of the
components of ϒ̂ac, which is a contradiction unless h(k) = 0 for a.e. k ∈ R, hence

2Since det
(
B(k)

)
is a trigonometric polynomial, it is either identically 0 or has isolated zeros.
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ϒ̂ac = 0. For further details, we refer to [4, Sec. 6.7 and App. B] as well as to the
general treatment in [6]. �
Remark 7.4.5 The statement of Theorem 7.4.4 can be strengthened and extended in
various ways. First of all, one can show that χB(k) � log

√
λ holds for a.e. k ∈ R.

As a consequence, a non-trivial ac diffraction component is only possible when
χB(k) = log

√
λ is true for k in a subset of positive measure in every interval of the

form [−λa,−a] or [a, λa] with a > 0. When λ is a PV number without any further
restriction, which thus also covers all primitive inflation rules of constant length as
well as those with integer inflation factor, the relation must even hold for Lebesgue-
a.e. k ∈ R; see [6] for details. This poses severe restrictions on the existence of
ac diffraction in inflation systems beyond the necessary criterion of Berlinkov and
Solomyak [17]. ♦

7.5 Consequences and an Application

For the Fibonacci inflation, the exact renormalisation for the pair correlation
functions was used to establish a spectral purity result and then pure point spectrum
[5], thus confirming a known property in an independent way. The same line of
thought works for all noble means inflations in complete analogy.

It is tempting to expect a similar result for all irreducible PV inflations, but one
quickly realises that spectral purity is essentially equivalent to almost everywhere
injectivity of the factor map onto the maximal equicontinuous factor (MEF). While
the existence of non-trivial point spectrum in one-dimensional inflation tilings
requires λ to be a PV number [54], it is the exclusion of any continuous spectral
component that would settle the (still open) Pisot substitution conjecture.

A less ambitious task thus is to establish the mere absence of absolutely
continuous diffraction or spectral measures. It has long been ‘known’ (without
mathematical proof) that the presence of ac diffraction requires a particular scaling
property of the diffraction measure as a function of the system size. This stems
from the heuristic expectation that a structure has an ac diffraction spectrum if
its fluctuations are somewhat similar to those of a disordered random structure,
so fluctuations growing as

√
N for a chain of length N , in line with the law of

large numbers. This behaviour corresponds to a wandering exponent equal to 1
2 ; see

[2, 35, 43] for an application to aperiodic structures.
In the case of constant-length substitutions, this effectively corresponds to a

condition on the spectrum of the substitution matrix M . Namely, if λ is its PF
eigenvalue, M must also have an eigenvalue

√
λ or one of that modulus. The

necessity of an eigenvalue of modulus
√
λ for the existence of an ac spectral

measure was recently proved in [17]. That this criterion is necessary, but not
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sufficient, can be shown by an example, for instance using the constant-length
substitution

a �→ ab , b �→ ca , c �→ bd , d �→ dc (7.13)

on the 4-letter alphabet {a, b, c, d}. The substitution matrix reads

M =

⎛

⎜
⎜
⎝

1 1 0 0
1 0 1 0
0 1 0 1
0 0 1 1

⎞

⎟
⎟
⎠

and has spectrum {2,±√2, 0}, hence clearly satisfies the
√
λ -criterion. Neverthe-

less, as was shown in [20] on the basis of Bartlett’s algorithmic classification of
spectral types [15], all spectral measures of this substitution are singular.

Let us apply Lyapunov exponents to reach this conclusion in an independent way.
It is straight-forward to calculate

T =

⎛

⎜
⎜
⎝

{0} {1} ∅ ∅

{1} ∅ {0} ∅

∅ {0} ∅ {1}
∅ ∅ {1} {0}

⎞

⎟
⎟
⎠ and B(k) =

⎛

⎜
⎜
⎝

1 z 0 0
z 0 1 0
0 1 0 z

0 0 z 1

⎞

⎟
⎟
⎠

where z = e2π ik. One has det
(
B(k)

) = z4 − 1 which vanishes only for k ∈ 1
4Z, so

that B(k) is invertible for a.e. k ∈ R. Let us now, for n ∈ N, define the matrices

B(n)(k) := B(k)B(2k)B(4k) · · ·B(2n−1k). (7.14)

By definition, B(1) = B is the Fourier matrix of �, while B(n) is the Fourier matrix
of �n, and hence a natural object to study in this context.3

Since the substitution is of constant length, B(n) defines a cocycle over the
compact dynamical system defined by k �→ 2k modulo 1 on T. We thus have
Oseledec’s multiplicative ergodic theorem [57] at our disposal, which implies
that the Lyapunov exponents exist for a.e. k ∈ R and satisfy forward Lyapunov
regularity, hence in particular sum to

lim
n→∞

1
n

n−1∑

=0

log
∣
∣det

(
B(2k)

)∣∣ = M
(
log

∣
∣det

(
B(.)

)∣∣) = m(z4 − 1) = 0,

3Notice that, while the Fourier matricesB(k) for different k generally do not commute, the matrices
B(2)(k) = B(k)B(2k), which correspond to the square of the substitution rule (7.13), form a
commuting family of matrices. This corresponds to the fact that the substitution is non-Abelian
in the sense of [48], meaning that the column-wise letter permutations do not commute, while its
square becomes Abelian.
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where the first equality is a consequence of Birkhoff’s ergodic theorem, as detailed
in Fact 7.3.6, while the last step follows directly from Fact 7.2.2.

To continue, it is helpful to observe that B(k) admits a k-independent splitting
of C4 into a two-dimensional and two one-dimensional subspaces. Concretely, one
finds

UB(k)U−1 =

⎛

⎜⎜
⎝

1+z 0 0 0
0 1−z 0 0
0 0 −z 1
0 0 1 z

⎞

⎟⎟
⎠ with U = 1

2

⎛

⎜⎜
⎝

1 1 1 1
1 −1 −1 1
1 −1 1 −1
1 1 −1 −1

⎞

⎟⎟
⎠ ,

where the unitary matrix U is an involution, so U−1 = U . By standard arguments,
it is clear that two of the four exponents are given by m(1 + z) = 0 and
m(1 − z) = 0, which derives from the invariant one-dimensional subspaces. The
remaining two exponents must still sum to 0, and can be determined from the
induced cocycle B̃(n)(k) = B̃(k)B̃(2k) · · · B̃(2n−1k) with B̃(k) = (−z 1

1 z

)
. With

pN(k) := ‖B̃(N)(k)‖2
F, which is a trigonometric polynomial due to the use of the

Frobenius norm, we know that

χB(k) = χB̃(k) � 1
N

M
(
log ‖B̃(N)(k)‖F

) = m(pN)

2N
=: mN (7.15)

holds for a.e. k ∈ R and every N ∈ N. In particular, one has the (almost sure)
estimate χB(k) � lim infN→∞ mN .

Now, employing Jensen’s formula again, the numbers mN can easily be calcu-
lated numerically with high precision, and are given in Table 7.1 for N � 12. These
values clearly show that χB(k) � 1

5 < log
√

2 ≈ 0.346574, which implies the
absence of ac diffraction.

Since we are in the constant-length case, this result translates into one on the
spectral measures via the general results of [48, Prop. 7.2] on the maximal spectral
type of a constant-length substitution; see also [15, Thm. 3.4]. The crucial point to
observe here is that we do not need to consider the spectral measures of all functions
that are square-integrable over the hull, but only those of the (possibly weighted)
lookup functions for the type of level-m supertile at 0, for all m ∈ N0.

Our diffraction measure provides the result for the spectral measure of the lookup
functions of the prototiles themselves, compare [14], while we can repeat our
analysis for any supertile in noting that this will simply lead to a rescaling, as a result
of Lemma 7.2.5. Concretely, the spectral measures will then be Riesz products of the

Table 7.1 Some values of the means mN from Eq. (7.15), calculated via Eq. (7.2). The numerical
error is always less than 10−3

N 1 2 3 4 5 6 7 8 9 10 11 12

mN 0.693 0.478 0.379 0.334 0.302 0.274 0.252 0.235 0.220 0.208 0.198 0.189
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same type in the sense that only finitely many initial factors are missing. Since they
clearly have the same Lyapunov exponents and growth rates, our result translates
to their spectral measures as well. In line with [20], but by a completely different
method, we have thus arrived at the following result.

Corollary 7.5.1 Consider the dynamical system (X�,Z) defined by the primi-
tive constant-length substitution � from (7.13), which has inflation multiplier 2.
Although its substitution matrix also has an eigenvalue

√
2, and thus satisfies the

necessary criterion for the presence of an absolutely continuous spectral measure,
no such measure exists, and all spectral measures are singular. �

It follows from the full analysis in [20] that the extremal spectral measures are
either pure point or singular continuous, and that both possibilities occur here. Let
us briefly mention that [6] presents a method to construct infinitely many other
examples of this kind, which demonstrates that the

√
λ -criterion alone is far from

sufficient for the emergence of ac spectral components.

7.6 Results in Higher Dimensions

One advantage of the geometric language with tilings is its generalisability to higher
dimensions. Here, a tile in R

d is a compact set t that is the closure of its interior, and
we will only consider cases where t is simply connected, though this is not required
for the general theory. A prototile is a representative of a tile and all its translates
under the action of Rd .

Given a finite set T = {t1, . . . , tL} of L prototiles and an expansive linear map
Q, one speaks of a stone inflation relative to Q (otherwise often called a self-affine
inflation) if there is a rule how to exactly subdivide each level-1 supertile Q(ti ) into
translated copies of the original tiles. Iterating such an inflation rule, called � as
before, leads to tilings that cover Rd , and via the orbit closure in the standard local
rubber topology also to a compact hull Y. If the inflation is primitive, see [7, 12, 34]
for details, this hull is minimal and consists of a single LI class, which is to say
that any two elements of the hull are LI. It is an interesting and important fact that
this property is not restricted to the FLC situation, but still holds for more general
inflation tilings [30], with the properly adjusted notions of indistinguishability and
repetitivity; see also [41].

To keep track of the relative positions of the tiles under the inflation procedure,
we need to equip each ti with a reference or control point. While there are usually
many ways to do so, some will be more ‘natural’ than others. What really counts is
that the tiling and the point set contain the same information. So, it is imperative to
choose the control points such that they are MLD with the tiling. When congruent
tiles exist, the control points are coloured to distinguish them according to the tile
type. This means that the space of (coloured) control point sets and the tiling hull
are topologically conjugate as dynamical systems under the translation action of Rd
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in a local way. For this reason, we usually identify the two pictures, and speak of
tilings or point sets interchangeably, always using Y to denote the hull.

Now, we can define the displacement sets Tij essentially as before, so

Tij = {all relative positions of ti in Q(tj )}, (7.16)

where the relative positions are defined via the control points. Note that all quantities
are defined in complete analogy to the one-dimensional case. In particular, the
corresponding Fourier matrix is once again given by

B(k) = δ̂T (k). (7.17)

Note that k ∈ R
d reflects the dimension of the Euclidean space the tiling lives in,

while B(k) ∈ Mat(L,C) covers the combinatorial structure of the inflation rule. As
before,

M = B(0)

is the non-negative inflation or incidence matrix, with leading eigenvalue λ =
|det(Q)| by construction of the stone inflation. Many explicit examples are dis-
cussed in [7, Ch. 6] as well as in [26, 29, 33]; see also the TILINGS ENCYCLOPE-
DIA.4 Quite frequently,Qwill be a homothety, simply meaningQ(x) = λx and thus
referring to the case of a self-similar inflation, but it can also contain a rotation (as in
Gähler’s shield tiling; see [7, Sec. 6.3.2]) or scale differently in different directions
(as in general block substitutions; see Fig. 7.1 below for an example). The crucial
point here is that space and combinatorial information are properly separated for the
renormalisation approach.

The renormalisation equations for the pair correlation coefficients are derived [6]
by the same arguments used in Lemma 7.4.1 above, where the local recognisability
in the aperiodic case follows from [53]. The result reads

νij (z) = 1
|det(Q)|

L∑

m,n=1

∑

r∈Tim

∑

s∈Tjn
νmn

(
Q−1(z+ r − s)

)
, (7.18)

which, in terms of the corresponding pair correlation measures, becomes

ϒ = 1
|det(Q)|

(
δ̃T

∗⊗ δT
) ∗ (Q.ϒ).

4The TILINGS ENCYCLOPEDIA is maintained by Dirk Frettlöh and Franz Gähler, and is accessible
online at http://tilings.math.uni-bielefeld.de.

http://tilings.math.uni-bielefeld.de
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Fig. 7.1 A simple example of a primitive binary block substitution in the plane. It is a stone
inflation for the linear map Q = diag(3, 2). The lower left corners of all blocks are used as control
points (not shown), which are coloured according to the block type

Note that these relations also apply to periodic inflation tilings, as shown in [6].
Taking Fourier transforms, with the dual map

Q∗ := (QT )−1,

we obtain the relations

ϒ̂ = 1
|det(Q)|2

(
B(.)⊗ B(.)

) (
Q∗.ϒ̂

)
(7.19)

by Lemma 7.2.5. Once again, they have to hold separately for the pure point,
singular continuous and absolutely continuous components, respectively, as in
Lemma 7.4.3.

Due to the appearance of Q∗, one defines the Fourier matrix cocycle as

B(n)(k) = B(k)B(QT k) · · ·B((QT )n−1k), (7.20)

where the transpose can also be seen as a consequence of Eqs. (7.16) and (7.17)
via a simple calculation with the Fourier transform. Now, as in the one-dimensional
case, one has the following result [6].

Fact 7.6.1 If B(k) is the Fourier matrix of the primitive stone inflation rule �, the
Fourier matrix of �n is given by B(n)(k) from Eq. (7.20). �

With χB as defined in Eq. (7.12), and in complete analogy to the one-dimensional
case, one can now derive [6, Thm. 5.7] the following criterion for the absence of ac
diffraction components.

Theorem 7.6.2 Consider a finite set T of prototiles in R
d and a primitive stone

inflation for T , with expansive linear mapQ, and suppose that this defines an FLC
tiling system. Assume further that each prototile is equipped with a control point,
possibly coloured, such that the tilings and the corresponding control point sets are
MLD. Define Fourier matrix and Lyapunov exponents as explained above.

Suppose that B(k) is invertible for a.e. k ∈ R
d and that there is some ε > 0 such

that χB(k) � 1
2 log|det(Q)| − ε holds for a.e. k ∈ R

d . Then, one has ϒ̂ac = 0 and
the diffraction measure of the tiling system is singular. �
Remark 7.6.3 A closer inspection of the proof in [6] reveals that the FLC condition
is actually not necessary. Indeed, if one starts form a stone inflation with finitely
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many prototiles up to translations, the criterion from Theorem 7.6.2 works without
further modifications. We shall see and discuss several examples later on. ♦

Let us note in passing that the comments of Remark 7.4.5, with the obvious
adjustments, apply to this higher-dimensional case as well. In particular, the
conditions for the appearance of ac spectral components in higher dimensions are
as restrictive as in one dimension.

7.7 Binary Block Substitutions of Constant Size

An interesting class is provided by primitive, binary block substitutions in d

dimensions, where we have two types of unit blocks, white (0) and black (1) say,
which are both substituted into a block of equal size and shape. Here, we assume
the corresponding linear expansion to be Q = diag(n1, . . . , nd) with all ni � 2, so
Q = QT in this case.

Let us now place the inflated white block on top of the inflated black one (in
R
d+1 that is), so that one can easily identify bijective and coincident positions via

the corresponding columns. We cast them into polynomials as follows. Let p be the
polynomial in z = (z1, . . . , zd ) for all positions, which means that

p(z) =
d∏

j=1

(
1+ zj + . . .+ z

nj−1
j

)
.

Likewise, q and r are the polynomials for bijective columns of type
[

0
1

]
and

[
1
0

]
,

while s0 and s1 stand for the polynomials of the coincident columns of type
[

0
0

]
and[

1
1

]
, respectively. Clearly, one has q+r+s0+s1 = p. With k = (k1 , . . . , kd ) ∈ R

d ,
the Fourier matrix then has the form

B(k) =
(
q(z)+ s0 (z) r(z)+ s0 (z)

r(z)+ s1 (z) q(z)+ s1 (z)

)
with zj = e2π ikj .

Since det
(
B(k)

) = p(z)
(
q(z)− r(z)

)
, the matrix B(k) is invertible for a.e. k ∈ R

d ;
see [8] for more on bijective block substitutions and [26] for some general results.

The Fourier matrix cocycle belongs to the compact dynamical system defined by
k �→ Qk modulo 1 on T

d . In this situation, we may use Oseledec’s multiplicative
ergodic theorem [57], which tells us that the two Lyapunov exponents exist for a.e.
k ∈ R

d and add up to

lim
N→∞

1
N

N−1∑

=0

log
∣
∣det

(
B(Qk)

)∣∣
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whenever this limit exists, which is true for a.e. k ∈ R
d by Lemma 7.3.7. The limit

is
∫

Td

log
∣
∣det

(
B(k)

)∣∣ dk = m(p)+m(q − r) = m(q − r),

because m(p) = 0 by Fact 7.2.2.
Since (1, 1) is a left eigenvector of B(k) for all k ∈ R

d , with eigenvalue
p(z1 , . . . , zd ) and the zj from above, one obtains

1
N

log
∥
∥(1, 1)B(N)(k)

∥
∥ N→∞−−−−→ m(p) =

d∑

j=1

m
(
1+ zj + . . .+ z

nj−1
j

) = 0

for a.e. k ∈ R
d . Since we thus know one exponent together with the sum, we get

that

χB(k) = χBmax(k) = m(q − r)

holds for a.e. k ∈ R
d . By standard estimates [6, 10, 44], one now finds

exp
(
m(q − r)

)
< ‖q − r‖1 � ‖q − r‖2 =

√
det(Q)− nc �

√
det(Q) ,

where the first step follows from Jensen’s inequality; see [42] for a suitable
formulation. Moreover, with nc denoting the total number of coincident columns,
the equality is a result of Parseval’s identity. Together, we get the inequality
m(q − r) < log

√
det(Q), which gives the required criterion for the absence of

absolutely continuous components in ϒ̂ .
Clearly, the corresponding property also holds in higher dimensions, and we have

the following general result; see also [6].

Theorem 7.7.1 The diffraction measure of a primitive binary block substitution of
constant size in dimension d � 2 is always singular. �
Example 7.7.2 For the block substitution of Fig. 7.1, Q = diag(3, 2) is the linear
expansion. With (z1 , z2) = (x, y), the polynomials are p(x, y) = (1+x+x2)(1+y)
together with q(x, y) = x2(1 + y), r(x, y) = y, s0 (x, y) = 1 + x(1 + y) and
s1 (x, y) = 0. This gives

B(k) =
(

1+ (x + x2)(1+ y) (1+ x)(1+ y)

y x2(1+ y)

)
with (x, y) = (

e2π ik1, e2π ik2
)

and det
(
B(k)

) = p(x, y)(x2 + x2y − y). The existence of the various limits of
Birkhoff sums we need here, for a.e. k ∈ R

2, follows once again from Lemma 7.3.7.
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The non-zero Lyapunov exponent is given by

m(x2 + x2y − y) = m(x2 + x2y + y) = m(1+ x−2y + y) = m(1+ x + y)

= 3
√

3
4π

L(2, χ−3) = 2
∫ 1/3

0
log

(
2 cos(πt)

)
dt ≈ 0.323066,

where L(z, χ−3) is the L-function for the principal Dirichlet character χ−3 of the
imaginary quadratic field Q

(√−3
)
. Here, the first equality follows from a change

of variable transformation, while the third emerges by a standard formula from
[25]. The connection between logarithmic Mahler measures and special values of
L-functions is a famous result that first appeared in [58] as the groundstate entropy5

of the anti-ferromagnetic Ising model on the triangular lattice; see [3, 49] and
references therein for more. ♦
Remark 7.7.3 The absence of ac diffraction immediately implies that the spectral
measure for the ‘one-point lookup function’ must be singular. As in the one-
dimensional case, this implies that the spectral measure is also singular for any
function that looks up the level-n supertile at the origin; see the discussion before
Corollary 7.5.1. Then, by [15], any spectral measure must be singular, and our
system has singular dynamical spectrum. This gives another, independent proof of
a result that was previously shown in [8, 26]; see also [29]. ♦

7.8 Block Substitutions with Squares

Here, we are interested in inflation rules with a single prototile of unit area and
linear expansion Q, but some added complexity from the set S of relative positions
of the tiles within the supertile. In particular, this will be our first class of examples
where we go beyond the FLC case. The special interest in this class originates
in the fact that the Fourier matrix cocycle, B(n)(k), simply is a sequence of
multivariate trigonometric polynomials. We thus write P (n)(k) to indicate this. The
renormalisation equation becomes an equation directly for the autocorrelation and
reads

γ = ν ∗ (f.γ ) with ν = δS ∗ δ−S
|det(Q)| . (7.21)

Let us begin with a particularly simple case.

5It is interesting historically that this connection was overlooked for a long time because the
numerical value given there (for the correct integral) was erroneous, which was corrected in an
erratum 23 years later.
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Example 7.8.1 The staggered block substitution defined by

with arbitrary a ∈ R results in a tiling that is lattice-periodic, with lattice of periods
+ = 〈v, e2 〉Z , where v = e1 + ae2. In particular, the resulting tiling is 1-periodic
in e2-direction. Since dens(+) = 1, the autocorrelation is γ = δ+, where we use
a reference point in the lower left corner of every unit square as indicated. The
diffraction measure is γ̂ = δ+∗ with the dual lattice +∗ = 〈e1 , e2 − ae1〉Z .

Let us look at this result from the renormalisation point of view, which is also
applicable here because the inflation can easily be changed into a stone inflation
without changing the control point positions; see Remark 7.8.2 below. As mentioned
above, the approach also works for periodic cases, like the one at hand. By an
iteration of the renormalisation equation (7.21) and an application of Lemma 7.2.4,
the autocorrelation is

γ = ∗
m�0

f m.ν with ν = (
δ0 + 1

2 (δe2
+ δ−e2

)
) ∗ (δ0 + 1

2 (δv + δ−v)
)
,

where f (x) = 2x. Now, Fourier transform leads to the two-dimensional Riesz
product

γ̂ =
∏

m�0

(
1+ cos(2π2m(k1 + ak2 ))

)(
1+ cos(2π2mk2 )

) =
∑

∈Z
γ̂
(1)
 × δ

(2)


with γ̂
(1)
 = ∏

m�0

(
1 + cos(2π2m(k1 + a))

)
and k = (k1 , k2 ). Here, we have

adopted the standard notation for product distributions or measures, where the upper
index refers to the two coordinate directions. Clearly, one has γ̂

(1)
0 = δ

(1)
Z

by

Lemma 7.2.6. Moreover, the distribution γ̂ (1) is 1-periodic for every  ∈ Z, which
means that γ̂ is 1-periodic in e1-direction, independently of a.

Whenever a ∈ Z, one finds γ̂ (1) = δ
(1)
Z

by Lemma 7.2.6, and hence γ̂ = δ
Z2 as

required. More generally, given k2 = , the only contribution to γ̂
(1)
 emerges for

k1 + a = r ∈ Z, hence for k = r e1 + (e2 − ae1) ∈ +∗, which means that the
Riesz product representation also gives γ̂ = δ+∗ , as it must.

Now, looking at this result from the cocycle perspective, we find that
P(k) = (1+ y)(1+ xya) with x = e2π ik1 and y = e2π ik2 , so that

χP (k) := lim
n→∞

1
n

n−1∑

=0

log|P(2k)| = M
(
log|P |)
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holds for a.e. k ∈ R
2 by Lemma 7.3.8, where one observes that log|P | = 1

2 log|P |2
with |P |2 satisfying the required conditions. Now, the mean can be calculated as

M
(
log|P |) = my(1+ y) + lim

T→∞
1
T

∫ T

0
mx(1+ xya) dk2 = 0,

where both Mahler measures are zero because all roots of the polynomials lie on the
unit circle. This fits with the explicit calculation of γ̂ from above. ♦
Remark 7.8.2 By standard methods, which are explained in [7] and in [33], one can
replace the square in Example 7.8.1 with a new prototile so that the inflation rule is
turned into a stone inflation. This has no effect on the position of the control point,
wherefore we continue with the simpler formulation as a block substitution.

In the same vein, one can see that our approach also works for more general
inflation rules, certainly as long as they are MLD with a stone inflation. For
examples of such rules and their reduction to stone inflations, see [7, Ch. 5] and
[33]. ♦

Extending this initial example, we may consider a block substitution with M

columns of N blocks each, where entire columns can be shifted in vertical direction
by an arbitrary amount, as indicated in the next diagram,

(7.22)

When using the lower left corner as reference point for each square, it is clear that
a modification into a stone inflation according to Remark 7.8.2 does not change
the resulting point set. For this reason, we stick to the formulation with squares for
simplicity.

Let us now assume that the ith column is shifted by ai ∈ R in vertical direction,
with i ∈ {0, 1, . . . ,M − 1}. Since a0 only results in a global shift of the entire
block, we set a0 = 0 without loss of generality, and consider the remaining ai as
shifts relative to column 0.

As in the previous case, which had the FLC property, we define the hull as the
orbit closure of a fixed point tiling, where the closure is now taken with respect to
the local rubber topology [13]. This defines a compact tiling space [30], without
any change in the FLC case. However, this slight modification takes care of the
potential occurrence of a tiling with infinite local complexity. As before, we obtain a
dynamical system, under the continuous translation action of R2, which is uniquely
ergodic; see also [41]. Each tiling in the hull is 1-periodic in the e2-direction.



7 Renormalisation for Block Substitutions 387

From the set S of relative displacements, one finds

P(k) = δ̂S(k) = (1+ y + . . .+ yN−1)
(
1+ xya1 + x2ya2 + . . .+ xM−1yaM−1

)

with x = e2π ik1 and y = e2π ik2 . Note that the trigonometric polynomial P is
quasiperiodic, but 1-periodic in k1. Now, with Q = diag(M,N), the cocycle is
defined by

P (n)(k) = P(k)P (Qk) · · ·P(Qn−1k),

with P (1) = P as usual. Our Lyapunov exponent can be calculated as follows,

χP (k) = lim
n→∞

1
n

log
∣
∣P (n)(k)

∣
∣ = lim

n→∞
1
n

n−1∑

=0

log
∣
∣P(Qk)

∣
∣.

By an obvious variant of Lemma 7.3.8, where α is replaced by the expansionQ, the
limit exists for a.e. k ∈ R

2 and is given by

M
(
log|P |) = lim

T→∞
1
T

∫ T

0

∫ 1

0
log

∣∣P(k)
∣∣ dk1 dk2

= my

(
1+ y + . . .+ yN−1)

+ lim
T→∞

1
T

∫ T

0
mx

(
1+ xya1 + . . .+ xM−1yaM−1

)
dk2 .

As 1 + y + . . .+ yN−1 is cyclotomic, the first term vanishes. The integrand in the
second is the logarithmic Mahler measure of a polynomial (in x) with all coefficients
on the unit circle, which is known as a unimodular polynomial. By an application
of Jensen’s inequality in conjunction with Parseval’s equation, one can show that its
logarithmic Mahler measure is bounded by log

√
M for every k2 ∈ R. Consequently,

we have

M
(
log|P |) � log

√
M < log

√
MN

because N > 1 by assumption. This implies that we cannot have any absolutely
continuous diffraction, and γ̂ must be singular.

The remarkable aspect of this simple class of examples is that the tilings are
generally not FLC; compare [33] and references therein. One can say a bit more
about the explicit structure of the diffraction measure. First of all, it is 1-periodic
in e1-direction, and it consists of parallel arrangements of one-dimensional layers,
distinct in general, which have their own Riesz product representation. We leave
further details to the interested reader.
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Remark 7.8.3 The above results can be generalised to R
d+1 with d � 1 as follows.

Consider a block of M1 × · · · ×Md ×N cubes, with all Mi � 2 and N � 2. Now,
modify this block as an arrangement of M1 × · · · ×Md columns of N cubes each,
where column (m1, . . . ,md) is shifted by an arbitrary real number a

m1,...,md
in ed+1-

direction. We may set a0,...,0 = 0 without loss of generality. With the expansion
Q = diag(M1 , . . . ,Md ,N), one can now repeat the above analysis. Here, one
obtains tilings of Rd+1 that are 1-periodic in ed+1-direction.

Writing

z = (z1, . . . , zd, zd+1) =
(
e2π ik1, . . . , e2π ikd , e2π ikd+1

) = (x1 , . . . , xd , y),

one finds the polynomial

P(k) = (
1+ y + . . .+ yN−1)R(k) with

R(k) =
M1−1∑

m1=0

· · ·
Md−1∑

md=0

x
m1
1 · · · xmd

d y
am1,...,md ,

where R, and hence also P , is 1-periodic in ei-direction for all 1 � i � d . The
maximal Lyapunov exponent, for a.e. k ∈ R

d+1, is now given by

χB(k) = lim
T→∞

1
T

∫ T

0
mx(R) dkd+1 � log

√
M1 · · ·Md

= 1
2

d∑

i=1

log(Mi) <
1
2

log
(
det(Q)

)
,

where the last estimate is a consequence of N � 2, while the intermediate steps
work in complete analogy to our above treatment for d = 1. The conclusion is, once
again, the absence of absolutely continuous diffraction. ♦

Obviously, one can extend this class of examples by colouring blocks. This will
lead to higher-dimensional Fourier matrices again, with an uncoloured tiling of the
above type as a factor system. We leave further details to the interested reader, and
turn to a perhaps more interesting non-FLC example.
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7.9 The Frank–Robinson Tiling

Let us take a closer look at the tiling dynamical system defined by the stone inflation

(7.23)

where the short edge has length 1 and the long one length

λ = 1

2

(
1+√13

) ≈ 2.303,

while the linear expansion is Q = λ12. This inflation defines the Frank–Robinson
tiling [30], see also [27], a patch of which is shown in Fig. 7.2. Note that the
algebraic integer λ is neither a PV number nor a unit. By standard PF theory, the
relative prototile frequencies in any Frank–Robinson tiling are given by

(ν1 , . . . , ν4 ) = 1
9
(4− λ, 4λ− 7, 4λ− 7, 19− 7λ); (7.24)

see [7, Ex. 5.8] for details. With the chosen edge lengths, the density of the control
point set ' induced by Eq. (7.23) is dens(') = (3+ λ)/13 ≈ 0.408.

Fig. 7.2 A patch of the
Frank–Robinson tiling
defined by the stone inflation
rule (7.23), obtained by three
inflation steps from a single
large square
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If we define the hull as the orbit closure of a fixed point tiling (under the square
of the rule (7.23)) in the local rubber topology, we get a compact tiling space of
infinite local complexity; see [30] and [7, Ex. 5.8] for more. As in the FLC case, it
is also true here [41, Cor. 5.7 and Ex. 6.3] that the tiling dynamical system does not
have any non-trivial eigenfunction. In the diffraction context, this implies that the
pp part consists of the trivial Bragg peak at k = 0 only; see below for its intensity.

By taking the lower-left corner of each prototile as its control point, as indicated
in Eq. (7.23) and Fig. 7.2, we turn each tiling of the hull into a Delone set that is
MLD with the tiling. Now, the absence of non-trivial eigenfunctions translates to
the diffraction of this Delone set by asserting that the trivial Bragg peak at k = 0 is
the only contribution to the pure point part of the diffraction measure.

The Fourier matrix B is given by

B(x, y) =

⎛

⎜
⎜
⎝

x2y2 1 1 1
p(x, y) 0 r(y) 0
p(y, x) r(x) 0 0
q(x, y) 0 0 0

⎞

⎟
⎟
⎠ , with (x, y) = (

e2π ik1, e2π ik2
)

(7.25)

and the (trigonometric) polynomials

r(x) = xλ + xλ+1 + xλ+2,

p(x, y) = x2 + x2y + yλ+2,

q(x, y) = 1+ x + y + xy + xλyλ
(
x2 + y2 + xy2 + x2y + x2y2).

(7.26)

Note that B(0) is the inflation matrix of the tiling, with PF eigenvalue λ2.
Now, the cocycle is given by B(n)(k) = B(k)B(λk) · · ·B(λn−1k), with maximal

Lyapunov exponent

χB(k) = lim sup
n→∞

1
n

log ‖B(n)(k)‖,

where the choice of the (sub-multiplicative) matrix norm is arbitrary. Absence of
absolutely continuous components of the diffraction will be implied if we show
that χB(k) � log(λ) − ε for some ε > 0 and a.e. k ∈ R

2. Since it is convenient
to work with the square of the Frobenius norm,6 we prefer to compare 2χB with
log(λ2) ≈ 1.668 instead.

6The spectral norm gives better bounds, but is harder to calculate. Also, computing means is easier
with simple trigonometric polynomials, via harvesting their quasiperiodicity.



7 Renormalisation for Block Substitutions 391

By standard subadditive arguments along the lines used for our previous exam-
ples, one finds that, for any N ∈ N and then a.e. k ∈ R

2,

2χB(k) � 1
N

M
(
log ‖B(N)(.)‖2

F

) =: mN , (7.27)

where M again denotes the mean. Since log ‖B(N)(.)‖2
F is a quasiperiodic function

in two variables, with fundamental frequencies 1 and λ, the mean can be expressed
as an integral over the 4-torus, T4. To this end, one introduces new variables u1, u2
and v1 , v2 such that

B(k) = B̃(u1, u2, v1 , v2 )
∣
∣
u1=λk1 , u2=k1 , v1=λk2 , v2=k2

where B̃ is 1-periodic in each variable. Here, B̃ is defined in complete analogy to
(7.25), with the corresponding modifications on r , p and q from Eq. (7.26); compare
[4] for a related one-dimensional case analysed previously. One now finds

mN = 1
N

M
(
log ‖B̃(N)(.)‖2

F

)

= 1
N

∫

T4
log ‖B̃(N)(u1, u2, v2 , v2 )‖2

F du1 du2 dv1 dv2 ,

(7.28)

which can be calculated numerically with good precision. Figure 7.3 illustrates the
result.

1

2

3

0 1 2 3 4 5 6 7 8 9 10

Fig. 7.3 Numerical values of the upper bounds mN of 2χB from Eq. (7.28), for 1 � n � 10.
The horizontal line is at height 2 log(λ) ≈ 1.668. The estimated numerical errors are indicated by
vertical bars (the dotted line is for eye guidance only)
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Let us summarise this section as follows.

Theorem 7.9.1 Let ' be the set of control points of any element of the Frank–
Robinson tiling hull. Then, the diffraction measure of the corresponding Dirac
comb, δ', is of the form γ̂ = dens(')2 δ0 + γ̂sc, where the singular continuous
part can be expressed in terms of a generalised Riesz product.

More generally, if one assigns general complex weights u1, . . . , u4 to the four
types of control points, not all zero, the corresponding diffraction measure is still
singular, where the only point measure is the central peak at 0 with intensity

I0 = dens(')2
∣
∣ν1u1 + . . .+ ν4u4

∣
∣2,

where dens(') = (3 + λ)/13 and where the νi are the prototile frequencies from
Eq. (7.24). �

The natural next step consists in defining the (integrated) distribution function
for γ̂sc in the positive quadrant, as

F(k1 , k2 ) = γ̂sc
([0, k1 ]×[0, k2 ]

)
,

with the matching extension to the other quadrants. This leads to a continuous func-
tion (which requires an extra argument along the directions of e1 and e2 ; compare
[8, Sec. 5] for a similar analysis) which behaves as F(k1 , k2 ) ∼ γ ({0}) k1k2 for
large values of k1 and k2 . As such, it does not reveal the interesting structure of the
sc measure. A better understanding of the latter requires a multi-fractal analysis,
which is outside the scope of this survey.

At this point, it is suggestive to assume that also the dynamical spectrum is
singular, in particular in the light of [14], but we have no complete answer to this
question at present.

7.10 Closing Remarks

As we have illustrated by various examples, Lyapunov exponents lead to useful
insight on the spectral nature of inflation tilings in any dimension. They are a
powerful tool to exclude absolutely continuous spectral components. So far, our
approach is taylored to inflation tiling spaces with finitely many prototiles up to
translations, and thus gives no new insight to pinwheel-type systems. Nevertheless,
the latter also have a strong renormalisation structure, and further progress seems
possible.

To explore the absence of ac diffraction and spectral measures in more generality,
one would need a more analytic (rather than numerical) approach to the estimates for
upper bounds, or, ideally, exact expressions of Fürstenberg type for the exponents.
Also, it would help to establish the almost sure existence of Lyapunov exponents
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as limits, which does not seem to be an easy task outside the constant-length or the
Pisot case.

In this exposition, we have mainly considered the absolutely continuous part
of the spectrum. It is not difficult to analyse the pure point part as well, where
some results are discussed in [5, 6]. Considerably more involved seems the singular
continuous part, which originates from the different scalings one encounters.
Various results on the spectral measures in one dimension are derived in [18, 19]
via matrix Riesz products, which are not restricted to the self-similar case. It would
be interesting to establish a connection with the topological constraints on size and
shape changes [21, 22], which should at least be possible in the irreducible Pisot
case.
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Chapter 8
Yet Another Characterization of the Pisot
Substitution Conjecture

Paul Mercat and Shigeki Akiyama

Abstract We give a sufficient geometric condition for a subshift to be measurably
isomorphic to a domain exchange and to a translation on a torus. This gives
another characterization of the Pisot substitution conjecture. For an irreducible unit
Pisot substitution, we introduce a new topology on the discrete line and give a
simple necessary and sufficient condition for the symbolic system to have pure
discrete spectrum. This condition gives rise to an algorithm based on computation of
automata. To see the power of this criterion, we provide families of substitutions that
are shown, using different methods, to satisfy the Pisot substitution conjecture:

• a �→ akbc, b �→ c, c �→ a, for k ∈ N

• a �→ albak−l, b �→ c, c �→ a, for k ∈ N≥1, for 0 ≤ l ≤ k.

We also provide an example of S-adic system with pure discrete spectrum.

8.1 Introduction

Sturmian systems are well-known examples of subshifts that are conjugate to trans-
lations on the torus R/Z. In 1982, Gérard Rauzy (see [18]) gave a generalization
to higher dimension for the subshift generated by the infinite fixed point of the
Tribonacci substitution:

⎧
⎨

⎩

a �→ ab

b �→ ac

c �→ a

.

P. Mercat (�)
Aix-Marseille Université, Marseille, France
e-mail: paul.mercat@univ-amu.fr

S. Akiyama
Institute of Mathematics, University of Tsukuba, Tsukuba, Japan
e-mail: akiyama@math.tsukuba.ac.jp

© The Editor(s) (if applicable) and The Author(s), under exclusive license
to Springer Nature Switzerland AG 2020
S. Akiyama, P. Arnoux (eds.), Substitution and Tiling Dynamics: Introduction
to Self-inducing Structures, Lecture Notes in Mathematics 2273,
https://doi.org/10.1007/978-3-030-57666-0_8

397

http://crossmark.crossref.org/dialog/?doi=10.1007/978-3-030-57666-0_8&domain=pdf
mailto:paul.mercat@univ-amu.fr
mailto:akiyama@math.tsukuba.ac.jp
https://doi.org/10.1007/978-3-030-57666-0_8


398 P. Mercat and S. Akiyama

He constructed a compact subset of R2 (which we call now the Rauzy fractal) that
tiles the plane by translation and on which we can define a domain exchange which
is measurably conjugate both to the symbolic subshift, and to a translation on the
two dimensional torus R2/Z2.

In 2001, Arnoux and Ito (see [2]) generalized the work of Rauzy to any
irreducible unit Pisot substitution. They introduced a combinatorial condition which
is easy to check, called the strong coincidence, that permits to get a measurable
conjugacy between the subshift and a domain exchange, which is also a finite
extension of a translation on a torus.

All the known examples satisfied the condition, and this led to one of the main
open questions in the field, the Pisot substitution conjecture. This conjecture has
also been cited in Chaps. 1, 2, 3, and 7, and we cite below the statement given in
Chap. 2 as Conjecture 2.6.1, which is the simplest and most restricted form of the
conjecture.

Conjecture 8.1.1 (Pisot Substitution Conjecture: Symbolic Substitutive Case) If σ
is an irreducible Pisot substitution then the associated substitutive system (Ωσ ,Z)

has pure discrete spectrum.

This conjecture has been proved in the case of two letters (see [3]), but not
for larger alphabets. It admits several generalizations, to tilings and to higher
dimensions, and it can be formulated in several equivalent ways, symbolic or
geometric, see [1]. One way to attack this conjecture is to understand well the
construction of [2]. Then we soon realize that the strong coincidence (which is still
open for all irreducible Pist substitutions) seems a little too weak to achieve this
goal. To obtain a measurable conjugacy between the subshift of an irreducible unit
Pisot substitution and a translation on a torus, several equivalent conditions (super
coincidence, Geometric coincidence) have been studied, see for example [4, 10].
This article gives another formulation of these various coincidences and a short
proof of their equivalence. The new criterion is checked by automata computation.

We introduce a topology on Z
d that permits to characterize easily when the

subshift of a given irreducible unit Pisot substitution over d letters is measurably
isomorphic to a translation on a (d − 1)-dimensional torus: see Theorem 8.3.3. We
show that this condition is equivalent to the non-emptiness of some computable
regular language: see Theorem 8.5.11.

In the last section, we use this condition to prove pure discreteness for the family
of substitution

sk :
⎧
⎨

⎩

a �→ akbc

b �→ c

c �→ a
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for k ∈ N, where ak means that the letter a is repeated k times. And we also prove
pure discreteness for the family of substitution

sl,k :
⎧
⎨

⎩

a �→ albak−l
b �→ c

c �→ a

for k ∈ N≥1, 0 ≤ l ≤ k, by computing explicitly a automaton describing algebraic
relations, and showing that pure discreteness for the substitution

sk :
⎧
⎨

⎩

a �→ akb

b �→ c

c �→ a

implies pure discreteness for the other substitutions.
We also use the criterion to prove pure discreteness for the S-adic system with

the two substitutions

s1 :
⎧
⎨

⎩

a �→ aab

b �→ c

c �→ a

and s2 :
⎧
⎨

⎩

a �→ aba

b �→ c

c �→ a

,

for all words in {s1, s2}N.

8.2 A Criterion for a Subshift to Have Purely Discrete
Spectrum

In this section, we describe a general geometric criterion for a subshift to be
measurably isomorphic to a translation on a torus. Let us start by introducing some
notations.

8.2.1 Subshift

We denote byAN (respectivelyAZ) the set of infinite (respectively bi-infinite) words
over an alphabet A. We denote by |u| the length of a word u, and |u|a denotes the
number of occurrences of the letter a in a word u ∈ A∗. And we denote by

Ab(u) = (|u|a)a∈A ∈ N
A
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the abelianisation vector of a word u ∈ A∗. The canonical basis of R
A will be

denoted by (ea)a∈A = (Ab(a))a∈A.
The shift on infinite words is the application

S : AN −→ AN

(ui)i∈N �−→ (ui+1)i∈N

We can also define the shift on bi-infinite words in an obvious way, and it becomes
invertible.

We denote SNu = {Snu | n ∈ N} and SZu = {Snu | n ∈ Z}. We use the usual
metric on AN:

d(u, v) = 2−n where n is the length of the maximal common prefix.

The map S is continuous for this metric. Given an infinite word u, the compact set
SNu is S-invariant. We call subshift generated by u, the dynamical system (SNu, S).

The same can be done for bi-infinite words.

8.2.2 Discrete Line Associated to a Word

Let u ∈ AN be an infinite word over the alphabet A. Then, the associated discrete
line is the following subset of ZA:

Du :=
{
Ab(v) ∈ Z

A v finite prefix of u
}
.

If u ∈ AZ is a bi-infinite word, then the corresponding discrete line is

Du := −Dv ∪Dw,

where v,w ∈ AN are infinite words such that u = tvw, where tv = . . . vn . . . v2v0
denotes the mirror of the word v = v0v2 . . . vn . . ..

For u ∈ AN, we can partition this discrete line into d = |A| pieces. For every
a ∈ A, let

Du,a :=
{
Ab(v) ∈ Z

A va finite prefix of u
}
.

The sets Du,a + ea , a ∈ A, also gives almost a partition of Du:

Du = {0} ∪
⋃

a∈A
Du,a + ea.
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For a bi-infinite word u ∈ AZ, we have the same, but we get a real partition, without
the {0}. In both cases, these partitions permit to see the shift S on the word u as a
domain exchange E:

E : Du −→ Du

x �−→ x + ea for a ∈ A such that x ∈ Du,a.

There is also a property of tiling for this discrete line: we have the following

Proposition 8.2.1 Let Γ0 be the subgroup ofZA generated by (ea−eb)a,b∈A, and let
u be any bi-infinite aperiodic word over the alphabet A. Then Du is a fundamental
domain for the action of Γ0 onZA. Moreover the translation T by ea (for any a ∈ A)
onZA/Γ0 is conjugate to the domain exchangeE onDu by the natural quotient map
π0 : ZA → Z

A/Γ0, and the shift (SZu, S) is conjugate to the domain exchange
(Du,E) by the map

c : S
Zu→ Du

Snu �→ En0
.

Remark 8.2.2 We have the same for infinite non-eventually periodic words, but we
get a fundamental domain for the action on the half-space

{
(xa)a∈A ∈ Z

A
∑

a∈A xa ≥ 0
}
,

and a conjugacy with the shift on SNu.

Proof The vectors (ea)a∈A are equivalent modulo the groupΓ0. Hence, this discrete
line is equivalent to Zea for any letter a ∈ A, and this is an obvious fundamental
domain ofZA for the action ofΓ0. The map c is well-defined and one-to-one because
the word u is aperiodic. And it gives a conjugacy between the shift (SZu, S) and the
domain exchange (Du,E): c ◦ S = E ◦ c. The natural quotient map π0 : ZA →
Z
A/Γ0 restricted to Du is bijective, and it gives a conjugacy between the domain

exchange (Du,E) and the translation (ZA/Γ0, T ): π0 ◦ E = T ◦ π0.

If the discrete line Du stays near a given line of RA (this will be the case for
example for periodic points of Pisot substitutions), then we can project onto a
hyperplane P of RA (for example the hyperplane of equation

∑
a∈A xa = 0) along

this line. The projection of ZA is dense in the hyperplane for almost all lines, and
the group Γ0 becomes a lattice in the hyperplane. If the projection of the discrete
line is not so bad, we can expect that the closure gives a tiling of the hyperplane, and
that the closure of each piece of the partition of the discrete line doesn’t intersect
each other. And we can expect that the conjugacy given by the previous proposition
becomes a conjugacy of the closures. Figure 8.1 shows the conjugacy given by the
Proposition 8.2.1, and what we get if everything goes well.

Let us now give a general geometric criterion that permits to know that everything
works well as in Fig. 8.1.
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Fig. 8.1 Commutative
diagrams of the conjugacy
between the shift S, the
domain exchange E and the
translation T on the quotient
torus, before and after taking
the closure

8.2.3 Geometrical Criterion for the Pure Discreteness of the
Spectrum

Here is the main general geometric criterion for a subshift to have a pure discrete
spectrum. We use the notations defined in Sect. 8.2.2.

Theorem 8.2.3 Let u ∈ AN be an infinite word over an alphabet A, and let π
be a linear projection from R

A onto a hyperplane P . We assume that we have the
following:

• the restriction of π to Z
A is injective and has a dense image,

• the set π(Du) is bounded,
• the subshift (SNu, S) is minimal,
• the boundaries of π(Du,a), a ∈ A, have zero Lebesgue measure,
• the union π(Du) =⋃

a∈A π(Du,a) is disjoint in measure.

Then there exists a σ -algebra and a S-invariant measure μ such that the subshift
(SNu, S,μ) is a finite extension of the translation of the torus (P/π(Γ0), T , λ),
where T is the translation by π(ea) (for any a ∈ A) on the torus P/π(Γ0), Γ0 is
the group generated by

{
ea − eb a, b ∈ A}, and λ is the Lebesgue measure. And it

is also a topological semi-conjugacy.
If moreover the union

⋃

t∈π(Γ0)

π(Du)+ t = P

is disjoint in Lebesgue measure, then the subshift (SNu, S,μ) is uniquely ergodic
and is isomorphic to the translation on the torus (P/π(Γ0), T , λ) and to a domain
exchange on π(Du).

Remark 8.2.4 The disjointness in measure of the union

⋃

t∈π(Γ0)

π(Du)+ t = P,
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implies the disjointness in measure of the union

⋃

a∈A
π(Du,a) = π(Du),

and it also implies that the boundaries of π(Du,a), a ∈ A, have zero Lebesgue
measure.

Indeed, if we have λ(π(Du,a) ∩ π(Du,b)) > 0, then we have

λ
(
(π(Du)+ π(ea − eb)) ∩ π(Du)

)
≥ λ

(
(π(Du,a) ∩ π(Du,b))+ π(ea)

)
> 0,

so we have a = b.
And we obtain that the boundary of each π(Du,a), a ∈ A, has zero Lebesgue

measure, since

∂π(Du,a) ⊆ π(Du,a) ∩
⎛

⎝
⋃

b∈A\{a}
π(Du,b) ∪

⋃

t∈π(Γ0)\{0}
π(Du)+ t

⎞

⎠ .

In order to prove this theorem, we start by showing that we can extend by
continuity the map π ◦ c : SNu → π(Du) that gives the conjugacy between the
shift (SNu, S) and the domain exchange (π(Du),E).

Lemma 8.2.5 Let u ∈ AN be a non-eventually periodic infinite word over an
alphabet A, and let π be a projection from R

A onto a hyperplane P . We assume
that π(Du) is bounded. Then the map

π ◦ c : S
Nu→ π(Du)

Snu �→ En0

can be extended by continuity at any point of the closure whose orbit is dense in
SNu.

To prove this lemma, we need the following geometric lemma, saying that we
can always translate a bounded set of Rd in order to have a non empty but arbitrarily
small intersection with the initial set.

Lemma 8.2.6 Let Ω be a bounded subset of Rd . Then, we have

inf
t∈Ω−Ω diam(Ω ∩ (Ω − t)) = 0.

The proof is left as an exercise. It can be proven for example by considering a
diameter and using the parallelogram law.

Proof of Lemma 8.2.5 Let w ∈ SNu having dense orbit in SNu and let ε > 0. By
Lemma 8.2.6, there exists t ∈ Du−Du such that diam(π(Du)∩(π(Du)−π(t))) ≤ ε.
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Let n1 and n2 ∈ N such that c(Sn2u) − c(Sn1u) = t . We can assume that n1 ≤ n2
up to replace t by −t . Then, there exists n0 ∈ N such that d(Sn0w,u) ≤ 2−n2 .
Now, for all v ∈ SNu such that d(w, v) ≤ 2−(n0+n2), we have that c(Sn0+n1v) ∈
Du∩(Du−t), because c(Sn0+n2v)−c(Sn0+n1v) = t . Hence, if we let η = 2−(n0+n2),
we have for all v, v′ ∈ Du,

d(v,w) ≤ η

and
d(v′, w) ≤ η

⎫
⎬

⎭
⇒ d(π ◦c(v), π ◦c(v′)) = d(π ◦c(Sn0+n1v), π ◦c(Sn0+n1v′)) ≤ ε.

This proves that we can extend π ◦ c by continuity at point w.

Lemma 8.2.7 Let u ∈ AN be an infinite non-eventually periodic word over an
alphabet A, and let π be a projection from R

A onto a hyperplane P . We assume
that we have the following conditions:

• the restriction of the projection π to ZA is injective and has a dense image,
• the set π(Du) is bounded,
• for every a ∈ A, the boundary of π(Du,a) has zero Lebesgue measure,
• the union

⋃
a∈A π(Du,a) = π(Du), is disjoint in Lebesgue measure.

Then the natural coding cod of (π(Du),E) for the partition Du =⋃
a∈A Du,a , can

be extended by continuity to a full measure partM of the closure. And we have

∀x ∈ M, lim
y→x

y∈π(Du)

(π ◦ c)−1(y) = cod(x).

Proof Let Ω = π(Du) and ∀a ∈ A, Ωa = π(Du,a). We can extend the domain
exchange E in an obvious way:

E′ :
⋃

a∈A
◦
Ωa −→ Ω

x �−→ x + π(ea) for a ∈ A such that x ∈ ◦
Ωa.

The part of full Lebesgue measure that we consider is the E′-invariant set

M :=
⋂

n∈N
E′−nΩ.

Let ε > 0 and let x ∈ M . Let n0 ∈ N≥1 such that 2−n0 ≤ ε. The set

Mn0 :=
n0⋂

n=0

E′−nΩ
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is an open set containing x, because E′ is continuous and E′−1Ω = ⋃
a∈A

◦
Ωa

is open. Hence there exists η > 0 such that B(x, η) ⊆ Mn0 . And for every y ∈
B(x, η)∩M , the natural coding of (M,E′) for the partition M =⋃

a∈AM ∩Ωa +
π(ea) coincides with the coding of x for the n0 first steps. Hence, cod is continuous
on M . We get also the last part of the lemma by observing that if y ∈ B(x, η) ∩
π(Du), then the coding of y (which is equal to (π ◦ c)−1(y)) also coincide with the
coding of x for the n0 first steps.

Now we can prove the main theorem of this section. We start by extending the
map π ◦c by continuity, and we show that this map is almost everywhere one-to-one.
It gives us an isomorphism between the subshift (SNu, S,μ), for some measure μ,
and a domain exchange defined Lebesgue-almost everywhere on π(Du). Then, we
show that the map π0 : π(Du)→ P/π(Γ0) is finite-to-one, and it gives us that the
subshift is a finite extension of the translation on the torus (P/π(Γ0), T , λ). Then if
we assume that we have also the last hypothesis that π(Du) tiles the hyperplane P ,
then we deduce that we have the isomorphism with the translation on the torus, and
we show that the unique ergodicity of the translation on the torus implies the unique
ergodicity of the subshift.

Proof of the Theorem 8.2.3 The hypothesis on the projection π show that u cannot
be eventually periodic. Indeed, if u was eventually periodic with a period v ∈ A∗,
then the hypothesis that π(Du) is bounded implies that π(Ab(v)) = 0, but this
contradict the hypothesis that the restriction of π to Z

A is injective.
The Lemma 8.2.5 shows that we can extend the map π ◦ c by continuity to a

map c : SNu → π(Du). If we compose c with the natural projection π0 onto the
torus P/π(Γ0), we get a continuous function which is onto, because of the equality
π(Γ0)+ π(Du) = P that comes from Γ0 +Du = Z

A. And we have the equality

π0 ◦ c ◦ S = T ◦ π0 ◦ c,

where T is the translation by π(ea) (for any a ∈ A) on the torus P/π(Γ0). Indeed,
this equality is true on the dense subset SNu by the Proposition 8.2.1, and the
maps π0, S and T are continuous. This proves that the translation on the torus
(P/π(Γ0), T ) is a topological factor of the subshift (SNu, S).

Let’s consider the σ -algebra that we get from the Borel σ -algebra with the
continuous map π0 ◦ c : SNu → P/π(Γ0). A measure μ on this σ -algebra can
be defined by μ((π0 ◦ c)−1(A)) = λ(A) for any Borel set A of P/π(Γ0), where
λ is the Lebesgue measure. By continuity, this measure μ that we get on SNu is
S-invariant, and for this measure the translation of the torus (P/π(Γ0), T , λ) is a
factor of the subshift (SNu, S,μ). Then, the Lemma 8.2.7 gives

∀x ∈ c−1(M), x = lim
y→x

y∈SNu
(π ◦ c)−1 ◦ π ◦ c(y) = cod(x) ◦ c.
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So the map c is one-to-one on the subset of full μ-measure c−1(M). Hence, the map
c : SNu→ π(Du) is a measurable conjugacy between the subshift (SNu, S,μ) and
the domain exchange (π(Du),E, λ).

To prove that the subshift is a finite extension of the translation on the torus,
it remains to show that the number of preimages by π0 is bounded and almost
everywhere constant. The boundedness is a consequence of the hypothesis that
π(Du) is bounded, and because π(Γ0) is a discrete subgroup of P . But this number
of preimages is invariant by the translation, so by ergodicity of the translation on
the torus, it is almost everywhere constant. Hence we get that the domain exchange
(π(Du),E, λ) (which is isomorphic to the subshift (SNu, S,μ)) is a finite extension
of the translation on the torus (P/π(Γ0), T , λ).

If we assume moreover that the sets π(Du)+t , t ∈ π(Γ0), are disjoint in measure,
then the map π0 : π(Du) → P/π(Γ0) is invertible almost everywhere, is one-
to-one on c−1(M), and is a measurable conjugacy between the domain exchange
(π(Du),E, λ) and the translation on the torus (P/π(Γ0), T , λ). And the map π0◦c :
SNu→ P/π(Γ0) is a measurable conjugacy between the subshift (SNu, S,μ) and
the translation on the torus (P/π(Γ0), T , λ).

Then, the unique ergodicity of the translation on the torus implies that the subshift
is also uniquely ergodic. Indeed, if μ′ is an S-invariant measure of SNu, then the
pushforward (π0 ◦ c)∗(μ′) is a T -invariant measure of the torus P/π(Γ0), so it is
proportional to the Lebesgue measure. And the μ′-measure of the complementary
of the set c−1(M) is 0, so the support of μ′ is included in the support of μ. And the
restriction of π0 ◦ c to c−1(M) is injective and bi-continuous, thus we have μ′ = μ

up to a scaling constant.

8.2.4 An Easy Example: Generalization of Sturmian
Sequences

An easy example where all works fine is obtained by taking a random line of Rd

with a positive direction vector. We consider the natural Zd -tiling by hypercubes,
and we take the sequence of hyperfaces that intersect the line. Almost surely, this
gives a discrete line corresponding to some word u over the alphabet of the d type
of hyperfaces. It is not difficult to see that the orthogonal projection π along the
line onto a hyperplane P behave correctly for almost every choice of line. It gives a
set whose closure tile the plane, on which a domain exchange acts. This dynamics
is conjugate to the subshift generated by the word u. It is also conjugate to the
translation by π(e1) on the torus P/π(Γ0) ) T

d−1. Figure 8.2 shows the domain
exchange for a line whose a direction vector is around (0.54973, 0.36490, 0.99501)
in R

3.

Remark 8.2.8 The word appearing in this last example is obtain by a simple
algorithm: If the positive direction vector of the line is (v1, v2, v3), and if the line
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Fig. 8.2 Domain exchange conjugate to a translation on the torus T
2, and also conjugate to the

subshift generated by a word corresponding to a discrete approximation of a line of R3

goes through the point (c1, c2, c3) then we have almost surely

∃(k1, k2, k3) ∈ Z
3, ∀j ∈ {1, 2, 3}, kj = �vj kin − cin

vin
+ cj�

⇒ ∃!in+1 ∈ {1, 2, 3}, ∀j ∈ {1, 2, 3}\{in+1}, kj = �vj kin+1 + 1− cin+1

vin+1

+ cj�.

The sequence (in)n∈N define an infinite word over the alphabet {1, 2, 3}, and we get
a bi-infinite word by invertibility of this algorithm.

8.3 Pure Discreteness for Irreducible Unit Pisot Substitution

In this section, we define a topology on N
A that permits to give a simple condition to

get the pure discreteness of the spectrum of the subshift coming from an irreducible
Pisot unit substitution, using the criterion of the previous section. And in the next
section, we show that the reciprocal is true.

8.3.1 Substitutions

Let s be a substitution (i.e. a word morphism) over a finite alphabet A of cardinality
d . We denote by A∗ the set of finite words over the alphabet A. Let Ms (or simply
M when there is no ambiguity) be the incidence matrix of s. It is the d × d matrix
whose coefficients are

ma,b = |s(b)|a , ∀(a, b) ∈ A2,



408 P. Mercat and S. Akiyama

where |u|a denotes the number of occurrences of the letter a in a word u ∈ A∗. A
periodic point of s is a fixed point of some power of s. It is an infinite word u ∈ AN

such that there exists k ∈ N≥1 such that sk(u) = u.
A substitution s is primitive if there exists a n ∈ N such that for all a and b ∈ A,

the letter b appears in sn(a). A substitution s is irreducible if its incidence matrix
is irreducible—i.e. if the degree of the Perron eigenvalue of the matrix equals the
number of letters of the substitution.

If u is a periodic point of a primitive substitution, we can check that the subshift
(SNu, S) depends only on the substitution and is minimal.

We say that a substitution s is Pisot if the maximal eigenvalue of its incidence
matrix is a Pisot number—i.e. an algebraic integer greater than one, and whose
conjugates have modulus less than one. If a substitution is Pisot irreducible, we can
verify that the projection π onto a hyperplane, along the eigenspace for the Pisot
eigenvalue is bounded. We say that a Pisot number is an unit if its inverse is an
algebraic integer. We say that a substitution is an irreducible Pisot unit substitution
if the substitution is irreducible (i.e. the characteristic polynomial of the incidence
matrix is irreducible), the highest eigenvalue of the incidence matrix is a Pisot
number, and the determinant of the incidence matrix is ±1. It is equivalent to say
that the incidence matrix has only one eigenvalue of modulus greater or equal to
one, and that this eigenvalue is a Pisot unit number.

8.3.2 Topology and Main Criterion

Let A be a finite set, P be an hyperplane of R
A (for example the hyperplane of

equation
∑

a∈A xa = 0), and π be an irrational projection onto this hyperplane—
that is a projection such that π(ZA) is dense in P . We define, for any subset S of P ,
the discrete line of points that project to S:

QS =
{
x ∈ N

A π(x) ∈ S} .

This permits to define a topology on N
A by taking the following set of open sets

{
QU U open subset of P

}
.

And we can extend this topology to Z
A by considering the open sets of ZA

{
S ⊆ Z

A S ∩ N
A is an open subset of NA

}
.

Remark 8.3.1 We could define the topology directly on the whole space Z
A and

work with bi-infinite words, but this topology permits to deal with infinite words.
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Properties 8.3.2 The topology that we just defined has the following properties:

• If the projection π is such that π(ZA) is dense in P , then for any open subset U
of P , we have that π(QU) is dense in U , and we have

QU = ∅ ⇐⇒ U = ∅.

• For any bounded subset S ⊆ P and any t ∈ Z
A, the symmetric difference

(QS + t)ΔQS+t

is finite. In particular, we have
◦
QS = ∅ ⇐⇒

◦
QS+t = ∅ ⇐⇒

◦︷ ︸︸ ︷
QS + t = ∅.

• If det(M) ∈ {−1, 1}, then for any bounded subset S of P , the symmetric

difference (MQS)ΔQπ(MS) is finite. In particular, we have

◦︷ ︸︸ ︷
MQS = ∅ ⇐⇒

◦
Qπ(MS) = ∅.

• The space NA is a Baire space for this topology.

The fact that NA is a Baire space follows from the fact that P is a Baire space,
by the Baire category theorem. Indeed, if Q is a dense open set of Zd , then there
exists a dense open set U of P such that Q = QU . Hence, a countable intersection
of dense open subsets of Zd is a dense subset of Zd .

This topology gives a necessary and sufficient condition for the subshift of a Pisot
irreducible substitution, to have a pure discrete spectrum:

Theorem 8.3.3 Let s be an irreducible unit Pisot substitution over an alphabet A,
and let u ∈ AN be a periodic point of s. Then the subshift (SNu, S) has pure discrete

spectrum if and only if ∃a ∈ A, ◦
Du,a �= ∅.

8.3.3 Proof That an Inner Point Implies the Pure Discreteness
of the Spectrum

In this subsection, we prove the first statement and the sufficiency of the second
statement. The necessity is proven in the next section.

Proof (First Part of the Proof of the Theorem 8.3.3) Up to replace the substitution
s by a power, we can assume that the periodic point u is a fixed point. Let us show
that the hypothesis of the Theorem 8.2.3 are satisfied.

• The restriction of the projection π to Z
A is injective, and π(ZA) is dense in P :

this is known for every irreducible Pisot substitution.
• The set π(Du) is bounded: it is well known that for any Pisot irreducible

substitution, the Rauzy fractal π(Du) is compact.
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• The subshift (SNu, S) is minimal: this is true for every primitive substitution,
see [17] proposition 5.5.

Now if we assume that ∃a ∈ A, ◦
Du,a �= ∅, then we have the following

Lemma 8.3.4 We have for all a ∈ A, ◦Du,a �= ∅ andDu,a =
◦
Du,a .

Proof We have the equality

Du,a =
⋃

b
t−→a∈As

MDu,b + t,

where b
t−→ a ∈ As means that it is a transition in the automaton As (i.e. there

exists words u, v ∈ A∗ such that s(b) = uav and Ab(u) = t). By primitivity, up to
iterate enough this equality, every set Du,b appears in the union, so every set Du,a

has non-empty interior as soon as one of them has non-empty interior. This ends the
proof of Lemma 8.3.4.

If we iterate n+ 1 times the equality, we get

Du,a =
⋃

b
tn−→...

t0−→a∈As

MnDu,b +
n∑

k=0

Mktk,

where b
tn−→ . . .

t0−→ a ∈ As means that there exists states (qi)
n+1
i=0 of As with q0 = a

and qn+1 = b, such that for every i, qi+1
ti−→ qi is a transition in As . Each term

of this union has non-empty interior, because each Du,b has non-empty interior and
det(M) ∈ {−1, 1}. And the diameter of each π(MnDu,b) tends to zero as n tends to
infinity, so it proves that the interior of Du,a is dense in Du,a .

Hence,
◦
Du is a dense open subset of π(Du). By Baire’s theorem, for all t ∈

Γ0\{0}, the empty set
◦
Du ∩ (

◦
Du + t) is a dense subset of

◦
Du ∩ (

◦
Du + t), therefore

the sets
◦
Du and (

◦
Du + t) are disjoint. Moreover the boundary of π(Du) has zero

Lebesgue measure since the substitution s is Pisot unimodular. This gives the wanted
disjointness in measure.

The hypothesis of the Theorem 8.2.3 are satisfied, thus the subshift (SNu, S) is
uniquely ergodic and measurably conjugate to the rotation by π(ea) on the torus
P/π(Γ0) with respect to the Lebesgue measure. In particular, it has pure discrete
spectrum.
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8.4 Algebraic Coincidence Ensures an Inner Point

In this section, we prove that pure discreteness of the subshift (SNu, S) ensures the

non emptiness of
◦

Du,a for some a.

8.4.1 Algebraic Coincidence of Substitutive Delone Set

A Delone set is a relatively dense and uniformly discrete subset of Rd . We say that
Λ = (Λa)a∈A is a Delone multi-color set in R

d (also called Delone m-set in chapter
1) if each Λa is a Delone set and ∪a∈AΛa ⊂ R

d is Delone. Here a ‘multi-set’ Λ is
simply a vector whose entries are Delone sets. We introduce this concept instead of
taking their union, only becauseΛa∩Λb may not be empty for a �= b. We think that
each element ofΛa has color a. A set Λ ⊂ R

d is a Meyer set if it is a Delone set and
there exists a finite set F that Λ−Λ ⊂ Λ + F . A Delone set is a Meyer set if and
only if Λ−Λ is uniformly discrete in R

d [13]. Note that a Meyer set has finite local
complexity (FLC), i.e., for any r > 0 there are only finitely many transitionally
inequivalent clusters (configurations of points) in a ball of radius r . Λ = (Λa)a∈A
is called a substitution Delone multi-color set if Λ is a Delone multi-color set and
there exist an expansive matrix B and finite sets Dab for a, b ∈ A such that

Λa =
⋃

b∈A
(BΛb +Dab), a ∈ A, (8.1)

where the union on the right side is disjoint. The translation closure of the
multi-color Delone set gives a topological dynamical system, which is minimal
and uniquely ergodic if the substitution matrix (#Dab) is primitive. Lagarias and
Wang [12] proved that | detB| must be equal to the Perron Frobenius root of the
substitution matrix.

Self-affine tiling dynamical system is the minimal and uniquely ergodic topolog-
ical dynamical system given by a self-affine tiling with translation action (Solomyak
[21]). One can restates its translation dynamics by the translation action on the
corresponding multi-colored Delone set Λ (see [15]) Here a point in Λa represents
a tile colored by a. The points are located in relatively the same position in the
same colored tile. Lee [14] introduced algebraic coincidence of substitutive multi-
color Meyer set in R

d which is equivalent to pure discreteness of the corresponding
dynamical system.

In this section, we prove that if 1-dimensional substitutive Meyer set associated
to an irreducible Pisot unit substitution satisfy the algebraic coincidence, then there

exists a ∈ A such that
◦

Du,a �= ∅, which completes the proof of the main theorem.



412 P. Mercat and S. Akiyama

8.4.2 Substitutive Meyer Set from Du

Let s be a primitive substitution over an alphabetA whose substitution matrix is M .
Assume that v = . . . vn . . . v1 and u = u1 . . . un . . . are one-sided infinite words
such that vu ∈ AZ is a 2-sided fixed point of s. The u (resp. v) is a right (resp.
left) infinite fixed point of s and v1u1 is the subword of σn(a) for some n ∈ N and
a ∈ A. The left abelianisation Dv,a is defined by

{

−
n∑

i=1

evi

∣
∣∣
∣
∣
vn = a

}

.

and Dvu,a = Dv,a ∪ Du,a . As s is a substitution, Du,a (resp. Dv,a) has one to
one correspondence to the words {u1 . . . un| n ∈ N} (resp. {vn . . . v1| n ∈ N}). We
also define Dvu = ⋃

a∈A Dvu,a . Then Dvu is a geometric realization of the fixed
point vu ∈ AZ, that is, the set of vertices of a broken line naturally generated by
corresponding fundamental unit vectors ea (a ∈ A).

We project this broken line to make a self-similar tiling of the real line by tiles
(intervals) corresponding to each letter. This is done by associating intervals whose
lengths are given by the entry of a left eigenvector  = (a)a∈A. The corresponding
expanding matrix is of size 1 and equal to the Perron Frobenius root of M . Define
ψ : Du,v → R by ψ(

∑n
i eui ) =

∑n
i=1 ui and ψ(−∑n

i evi ) = −∑n
i=1 vi

according to the domain Du or Dv . Put Λa = {ψ(v)| v ∈ Du,a} for a ∈ A. We
normalize the eigenvector  so that ψ becomes the orthogonal projection to the 1-
dimensional subspace π−1(0) generated by the expanding vector of M . Then this is
exactly the set of left end points of intervals which consists the tiling. It is clear that
ψ : Du,a → Λa is bijective and preserves addition structure, i.e., if x ± y ∈ Du,a

for x, y ∈ Du,a then ψ(x ± y) = ψ(x) ± ψ(y) holds in Λa and vice versa. By
this choice of the length, Λ = (Λa)a∈A forms a substitution multi-colored Delone
set. When s is a Pisot substitution, Λ is a substitution multi-colored Meyer set. The
closure of the set of translations {Λ− t| t ∈ R} by local topology forms a compact
set X and (X,R) is a topological dynamical system. By primitivity of s, this system
is minimal and uniquely ergodic. Moreover the system (X,R) is not weakly mixing
if and only if s is a Pisot substitution [21]. Clark and Sadun [6] showed that if s is an
irreducible Pisot substitution, then (X,R) shows pure discrete spectrum if and only
if (SNu, S) does. Therefore we can use techniques developed in the tiling dynamical
system to our problem.

8.4.3 Algebraic Coincidence for Du

In this setting the algebraic coincidence in [14] reads

∃a ∃n ∈ N ∃η′ ∈ R βn
⋃

a∈A
(Λa −Λa) ∈ Λa − η′ (8.2)
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and the projection ψ is bijective, (8.2) is equivalent to

∃a ∃n ∈ N ∃η ∈ R
d Mn(∪a∈A(Du,a −Du,a)) ∈ Du,a − η. (8.3)

Clearly we see η ∈ Du,a . By primitivity of s, we easily see that for any a, b ∈ A,
there exists k ∈ N that

βk(Λa −Λa) ⊂ (Λb −Λb) (8.4)

Yet we need another result depending heavily on irreducibility of substitution:

Lemma 8.4.1 ([4, 20]) Let s be a primitive irreducible substitution and Λ be an
associated substitution Delone multi-color set in R. Then we have

〈
⋃

a∈A
(Λa −Λa)

〉

=
〈

(
⋃

a∈A
Λa)− (

⋃

a∈A
Λa)

〉

. (8.5)

Here 〈X〉 stands for the additive subgroup of Rd generated by the set described in
X. Since

ψ−1

(〈

(
⋃

a∈A
Λa)− (

⋃

a∈A
Λa)

〉)

contains all fundamental unit vector ea (a ∈ A), it clearly coincides with Z
d .

Therefore Lemma 8.4.1 implies

〈
⋃

a∈A
(Du,a −Du,a)

〉

= Z
d (8.6)

8.4.4 Proof of the Existence of an Inner Point

Note that the substitution matrix M is contained in GL(d,Z), because s is a Pisot
unit substitution.

Without loss of generality, we assume that u begins with a ∈ A, which implies
0 ∈ Du.a . We will prove that there exists N ∈ N that π(η) is an inner point of Du,a

where η ∈ Du,a appeared in (8.3).
Let

ϕ : P(Z
A)→ P(ZA)

S �→ Mn(S − S)
D : P(Z

A)→ P(ZA)
S �→ S − S

,
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where n ∈ N is such that

∀b ∈ A, Mn(Du,b −Du,b) ⊆ Du,a − η.

Lemma 8.4.2 For all k ∈ N≥1, we have

ϕk

(
⋃

b∈A
Du,b −Du,b

)

⊆ Du,a − η.

Proof Easy, by induction.

Lemma 8.4.3 Let P ⊆ Z
A such that ψ(P) is relatively dense in R+ and π(P ) is

bounded. Then, there exists R > 0 such that

QB(0,1) ⊆
⋃

x∈P
B(x,R),

where B(x,R) is the ball of ZA of center x and radius R.

Proof Let M > 0 such that ∀x ∈ R+, d(x,ψ(P )) ≤ M . There exists C1 > 0 and
C2 > 0 such that

∀(x, y) ∈ (RA)2, d(x, y) ≤ C1d(ψ(x), ψ(y))+ C2d(π(x), π(y))

depending on the choice of the left eigenvector for the map ψ , and the choice of
the linear projection π . We choose R = C1M + C2(diam(π(P ∪ {0})) + 1). Let
x ∈ QB(0,1), then we have ψ(x) ∈ R+, and for y ∈ P such that d(x, P ) = d(x, y)

we have

d(x, y) ≤ C1d(ψ(x), ψ(P )) + C2d(π(x), π(y))

≤ C1M + C2(diam(π(P ∪ {0}))+ 1) ≤ R.

Therefore, we have x ∈⋃
y∈P B(y,R).

Lemma 8.4.4 There exists N ∈ N such that

B(0, 1) ⊆ DN

(
⋃

b∈A
Du,b −Du,b

)

,

where B(0, 1) is the unit ball of P .
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Proof The set ψ(Du,a) is relatively dense in R+ and π(Du,a) is bounded. So, by
Lemma 8.4.3, there exists a R > 0 such that

QB(0,1) ⊆
⋃

x∈Du,a

B(x,R).

And we have, by (8.6),

⋃

N∈N
DN

(
⋃

b∈A
Du,b −Du,b

)

=
〈
⋃

b∈A
(Du,b −Du,b)

〉

= Z
A.

Thus there exists N ∈ N≥3 large enough such that

B(0, R) ⊆ DN−1

(
⋃

b∈A
Du,b −Du,b

)

,

where B(0, R) is the ball of ZA of center 0 and radius R. Then, we have

QB(0,1) ⊆
⋃

x∈Du,a

B(x,R) ⊆ B(0, R) −D2(Du,a) ⊆ DN

(
⋃

b∈A
Du,b −Du,b

)

. �

Using these lemmas, we have the inclusion

MnNQB(0,1) ⊆ MnNDN
(⋃

b∈A Du,b −Du,b

)

= ϕN
(⋃

b∈A Du,b −Du,b

) ⊆ Du,a − η.

And this implies that Du,a contains MnNQB(0,1)+ η, therefore it has non-empty
interior.

8.5 Computation of the Interior

In this section, we show that the interior of some subsets of Zd , for the topology
defined in the Sect. 8.3.2, can be described by a computable regular language. This
gives a way to decide the Pisot substitution conjecture for any given irreducible
Pisot unit substitution.
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8.5.1 Regular Languages

Let Σ be a finite set, and let Σ∗ = ⋃
n∈NΣn be the set of finite words over the

alphabet Σ . A subset of P(Σ∗), is called a language over the alphabet Σ . We say
that a language L over an alphabet Σ is regular if the set

{
u−1L u ∈ Σ∗}

is finite, where u−1L := {
v ∈ Σ∗ uv ∈ L}.

An automaton is a quintuplet A = (Σ,Q, I, F, T ), whereΣ is a finite set called
alphabet, Q is a finite set called states, I ⊆ Q is the set of initial states, F ⊆ Q is
the set of final states, and T ⊆ Q × Σ ×Q is the set of transitions. We denote by

p
t−→ q a transition (p, t, q) ∈ T , and we will write

q0
t1−→ q1

t2−→ . . .
tn−→ qn ∈ T

when for all i = 1, 2, . . . , nwe have (qi−1, ti , qi) ∈ T . We call language recognized
by A the language LA over the alphabet Σ defined by

LA = {u ∈ Σ∗| ∃(qi)i ∈ Q|u|+1, q0 ∈ I, q|u| ∈ F,
and q0

u1−→ q1
u2−→ . . .

u|u|−−→ q|u| ∈ T }.

The following proposition is a classical result about regular languages
(see [5, 9, 11, 19]).

Proposition 8.5.1 A language is regular if and only if it is the language recognized
by some automaton.

We say that an automaton is deterministic if I has cardinality one, and if for every
state q ∈ Q and every letter t ∈ Σ , there exists at most one state q ′ ∈ Q such that
(q, t, q ′) ∈ T is a transition.

The minimal automaton of a regular language L, is a deterministic automa-
ton recognizing L and having the minimal number of states. Such automaton
exists, is unique, and the number of states is equal to the cardinal of the set{
u−1L u ∈ Σ∗} \{∅}. To an automaton, we can associate the adjacency matrix in
MQ(Z) whose (s′, s) coefficient is the number of transitions from state s to state s′.
We denote by tL the mirror of a language L.

tL := {
unun−1 . . . u1u0 u0u1 . . . un−1un ∈ L

}
.
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8.5.2 Discrete Line Associated to a Regular Language

Given a word u over an alphabet Σ ⊆ Z
d , and a matrix M ∈ Md(Z), we define

Qu,M =
|u|−1∑

k=0

Miui.

Given a languageL over an alphabet Σ ⊆ Z
d , and a matrix M ∈ Md(Z), we define

the following subset of Zd .

QL,M =
{
Qu,M u ∈ L} =

{∑|u|−1
k=0 Miui u ∈ L

}
.

We will also call this set a discrete line, because when M has a Pisot number as
eigenvalue and no other eigenvalue of modulus greater than one, then this set stays
at bounded distance of a line of Rd—line which is the eigenspace of the matrix M
for the Pisot eigenvalue. And we show now that every discrete line coming from a
substitution is also the discrete line of some regular language. When it will be clear
from the context what is the matrix, we will simply write Qu and QL.

Remark 8.5.2 The notation QS was also defined for a part S ⊆ P , but there is no
ambiguity, because parts of P and languages are always different objects, and we
use the same notation because in both cases it represents a discrete line.

To a substitution s over the alphabetA, and a, b ∈ A, we associated the following
deterministic automaton As

a,b with

• set of states A,
• initial state a,
• set of final states {b},
• alphabet Σ = {t ∈ Z

d |∃(c, u, v) ∈ A × A∗ × A∗, s(c) = uv with Ab(u) =
t and |v| > 0},

• set of transitions T = {(c, t, d) ∈ A × Σ × A|∃u, v ∈ A∗, s(c) =
udv and Ab(u) = t}.

We denote byLsa,b the language of this automaton. We denotes by As the automaton
As
a,b where we forget the data of the initial state and the set of final states.

Remark 8.5.3 This automaton is the abelianisation of what we usually call the
prefix automaton.

Remark 8.5.4 For a substitution s and two letters a and b, the language Lsa,b has
little to do with what we usually call the language of the substitution s (i.e. the set
of finite factors of periodic points of s). The alphabet of Lsa,b is not even the same
as the alphabet of the substitution s.
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Proposition 8.5.5 If u is a fixed point of a substitution s whose first letter is a, then
we have for every letter b,

Du,b = QtLsa,b,Ms
.

Remark 8.5.6 This proposition corresponds to write elements of the discrete line
Du,b using the Dumont-Thomas numeration.

Remark 8.5.7 If we want to describe the left infinite part of the discrete line
associated to a bi-infinite fixed point of the substitution s, we have to consider the
automata A ts

a,b where ts is the reverse substitution of s—that is ∀a ∈ A, ts(a) =
t(s(a)). We can also describe a bi-infinite discrete line with only one automaton over
the bigger alphabet Σs ∪ −Σts .

Remark 8.5.8 The automaton As permits to compute easily the map E1(s) defined
in [2]:

E1(s)(x, ea) =
∑

a
t−→b∈T

(Mx + t, eb),

where T is the set of transitions of As .
We can also compute easily the map E∗1 (s) when det(M) ∈ {−1, 1}:

E∗1 (s)(x, e∗b) =
∑

a
t−→b∈T

(M−1(x − t), e∗a).

And we have

(y, eb) ∈ E1(s)(x, ea) ⇐⇒ a
y−Mx−−−−→ b ∈ T ⇐⇒ (x, e∗a) ∈ E∗1 (s)(y, e∗b).

Proof of the Proposition 8.5.5 The first idea is to describe the set of prefixes of
sn(a) followed by a letter b, by words of length n in the regular language tLsa,b, like
in the Fig. 8.3 but with a different alphabet.

Lemma 8.5.9 For every n ∈ N, there exists a natural map

ϕn :
⋃

b∈A

{
v ∈ A∗ vb prefix of sn(a)

}→
⋃

b∈A

{
w ∈ Lsa,b |w| = n

}

such that

∀b ∈ A, ϕn
({
v ∈ A∗ vb prefix of sn(a)

}) =
{
w ∈ Lsa,b |w| = n

}
.
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Fig. 8.3 Different ways of describing the same thing. Equivalence between the choice of a prefix
of sn(a) followed by a letter b, a path of length n in a tree to a letter b, a path of length n in the prefix
automaton with initial state a and final state b, for the substitution s : a �→ ab, b �→ ac, c �→ a.
For example, the prefix abaca of s3(a) corresponds to the word 101, and the prefix a corresponds
to the word 001

Proof By induction on n. For n = 0, the map ϕ is uniquely defined. If n ≥ 1,
for v ∈ A∗ such that vb is a prefix of sn(a), there exists a unique uplet of words
(v′, v′′, v′′′) ∈ (A∗)3, and an unique letter c ∈ A such that s(v′c) = vbv′′′, where
s(c) = v′′bv′′′. We define ϕn(v) = ϕn−1(v

′)Ab(v′′). This is a word of length n

in the regular language Lsa,b, because by induction we have ϕn−1(v
′) ∈ Lsa,c, with

ϕn−1(v
′) of length n − 1, and the equality s(c) = v′′bv′′′ implies that there exists a

transition for state c to state b labeled by Ab(v′′) in the automaton As .

We check that the formulae linking the abelianisation of the prefix and the
corresponding word in tLsa,b is the one expected.

Lemma 8.5.10 For every v ∈ A∗ such that vb is a prefix of sn(a), we have

Ab(v) = Qtϕn(v),

where ϕn is the map defined by Lemma 8.5.9 above.

Proof For every such word v, the map ϕn gives a unique sequence (vk, ck,wk) in
A∗ × A × A∗ such that we have ∀ 0 ≤ k ≤ n − 1, s(ck) = vk+1ck+1wk+1, with
c0 = a, v0 = w0 = ε, and cn = b. And, we have

sn(a) = vbw = sn−1(v1)s
n−2(v2) . . . s(vn−1)vncnwns(wn) . . . s

n−2(w2)s
n−1(w1).
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Therefore we have

Ab(v) = Ab
(
sn−1(v1)s

n−2(v2) . . . s(vn−1)vn

)

= Mn−1 Ab(v1)+Mn−2 Ab(v2)+ . . .+M Ab(vn−1)+ Ab(vn)

= QAb(vn)Ab(vn−1)...Ab(v2)Ab(v1)

= Qtϕn(v).

With these two lemmas, we get

Du,b =
{
Ab(v) vb prefix of u

}

=
⋃

n∈N

{
Ab(v) vb prefix of sn(a)

}

=
⋃

n∈N

{
Qtw w ∈ Lsa,b, |w| = n

}

= QtLsa,b
.

This ends the proof of the Proposition 8.5.5.

8.5.3 Computation of the Interior

We have seen in the previous section that the subshift associated to an irreducible
Pisot substitution has pure discrete spectrum as soon as the interior of a piece of
the discrete line is non-empty (see Theorem 8.3.3), for the topology defined in
Sect. 8.3.2. In this section, we give a way to compute the interior (and hence to
test the Pisot substitution conjecture) with the following

Theorem 8.5.11 Let L be a regular language over an alphabet Σ ⊆ Z
A, M be

an irreducible Pisot unimodular matrix, and π be the projection on a hyperplaneP
along the eigenspace ofM for its maximal eigenvalue β. Then, there exists a regular

language
◦
L ⊆ L such that Q ◦

L
= ◦

QL. Moreover, this language
◦
L is computable

from L.

Remark 8.5.12 The language
◦
L doesn’t depend on the choice of the hyperplane P .

With this theorem, the criterion given by the Theorem 8.3.3 gives the following
result:

Corollary 8.5.13 Let s be an irreducible Pisot unit substitution over an alphabet
A. If there exist letters a, b ∈ A such that a is the first letter of a fixed point of s,
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and the regular language t
◦
Lsa,b is non-empty, then the subshift (SNu, S) has pure

discrete spectrum.

And, the Pisot substitution conjecture is equivalent to

Conjecture 8.5.14 For any irreducible Pisot unit substitution s over an alphabet A

and for any letters a, b ∈ A, the regular language t
◦
Lsa,b is non-empty.

8.5.4 Proof of the Theorem 8.5.11

In order to compute the interior, we need a big enough alphabet.

Lemma 8.5.15 For any Pisot unit primitive matrixM ∈ Md(N), there exists Σ ′ ⊆
Z
A such that 0 ∈ ◦

QΣ ′∗,M .

Proof Let’s consider any substitution s whose incidence matrix is the irreducible
unit Pisot matrix M . Let u be a periodic point for this substitution. We know that
π(Du) is bounded and is a fundamental domain for the action of the lattice π(Γ0) on
π(ZA), where Γ0 is the subgroup of ZA spanned by ea − eb, a, b ∈ A. Hence, there
exists a finite subset S ⊆ Γ0 such that Du+S =

{
x + y (x, y) ∈ Du × S

}
contains

zero in its interior. Then, the alphabetΣ ′ = Σs+S satisfy that 0 ∈ ◦
QΣ ′Σ∗s ⊆

◦
QΣ ′∗ .

The alphabet given by this lemma is not optimal. Here are two conjectures that
gives natural choices of alphabet. The first one gives an alphabet of minimal size,
and the second one gives the alphabet Σ that naturally comes from the substitution.

Conjecture 8.5.16 For all irreducible unit Pisot matrix M with spectral radius β,

we have 0 ∈ ◦
QΣ ′∗ , for Σ ′ = {−1, 0, 1, 2, . . . , 4β5 − 2}.

Conjecture 8.5.17 For all irreducible unit Pisot substitution s, we have
◦
QΣs

∗ �= ∅.

Remark 8.5.18 This last conjecture is a consequence of the Pisot substitution
conjecture. But it should be easier to solve.

Remark 8.5.19 We cannot assume in this last conjectures that the interior always
contains 0, since we can only get the positive part of the hyperplane P with Pisot
numbers whose conjugates are positive reals numbers. Nevertheless, if we have only
◦
QΣ ′∗ �= ∅, then the set Lint computed in the proof of the Theorem 8.5.11 satisfy

◦
QL ⊆ QLint ⊆

◦
QL,

so we have
◦
QL = ∅ ⇐⇒ Lint = ∅. Hence we can decide if QL has empty interior

or not by computing Lint with this alphabet Σ ′.
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The following theorem is also useful to compute the interior. It is a variant of the
main theorem of [16].

Theorem 8.5.20 Consider two alphabets Σ and Σ ′ in Z
A, and a matrix M ∈

MA(Z) without eigenvalue of modulus one. Then the language

Lrel := {
(u, v) ∈ (Σ ′ ×Σ)∗ Qu = Qv

}

is regular.

Remark 8.5.21 This language Lrel is related to what is usually called the zero
automaton. See [7] and [8] for more details.

Proof of the Theorem 8.5.11 Consider the language

Lint := Z(S(Z(p1(Σ
′∗ × L0∗ ∩ Lrel)))),

where

• Σ ′ is an alphabet given by the Lemma 8.5.15 and containing 0,
• p1 : (Σ ′ × Σ)∗ → Σ ′∗ is the word morphism such that ∀(x, y) ∈ Σ ′ ×
Σ, p1((x, y)) = x,

• Lrel is the language defined in Theorem 8.5.20,
• for any language L over the alphabet Σ ′, S(L) := {

u ∈ Σ ′∗ uΣ ′∗ ⊆ L
}
,

• for any language L ⊆ Σ ′∗, Z(L) := {
u ∈ Σ ′∗ ∃n ∈ N, u0n ∈ L}.

Then, we have

QLint =
◦
QL,

and we have that the language Lint is “complete”, that is:

Lint =
{
u ∈ Σ ′∗ Qu ∈ QLint

}
.

Indeed, for all u ∈ Σ ′∗ we have

u ∈ Lint ⇐⇒ ∃n ∈ N, u0n ∈ S(Z(p1(Σ
′∗ × L0∗ ∩ Lrel))),

⇐⇒ ∃n ∈ N, u0nΣ ′∗ ⊆ Z(p1(Σ
′∗ × L0∗ ∩ Lrel)),

⇐⇒ ∃n ∈ N, ∀v ∈ Σ ′∗, ∃k ∈ N, u0nv0k ∈ p1(Σ
′∗ × L0∗ ∩ Lrel),

⇐⇒ ∃n ∈ N, ∀v ∈ Σ ′∗, ∃k ∈ N, ∃w ∈ L0∗, (u0nv0k, w) ∈ Lrel,

⇐⇒ ∃n ∈ N, ∀v ∈ Σ ′∗, Qu0nv ∈ QL,

⇐⇒ ∃n ∈ N, Qu +Mn+|u|QΣ ′∗ ⊆ QL,

⇐⇒ Qu ∈
◦
QL.
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This last equivalence is true, if we assume that the alphabet Σ ′ is positive (which
is not always possible). This problem disappears if we consider the bi-infinite
topology, where open subsets of ZA are π−1(U) for U open subset of P . Or one
could replace Σ ′∗ by Σ ′Σ∗s , and it computes the interior up to a finite number of
points.

And we can assume that Σ ⊆ Σ ′ up to replace Σ ′ by Σ ∪Σ ′. Then, we get the

language
◦
L by taking the intersection with L:

◦
L = L ∩ Lint .

This language verify what we want because QLint ⊆ QL and because Lint is
complete.

Remark 8.5.22 If we just want to test the non-emptiness of the language
◦
L, it is not

necessary to compute all what is done in this proof. For example, the computation
of the language Lint is enough (and we do not need that Σ ⊆ Σ ′). And we don’t
even need to compute completelyLint if we only want to test if it is non-empty. And
it is enough to have Σ ′ such that QΣ ′∗ has non-empty interior.

8.5.5 Examples

Example 8.5.23 For the Fibonacci and for the Tribonacci substitutions, we get
t
◦
Lsa,b = tLsa,b, for a the first letter of the fixed point u, and any letter b. Therefore

the sets Du,b are open:
◦
Du,b = Du,b (and we can check that they are also closed).

Example 8.5.24 For the “flipped” Tribonacci substitution:

a �→ ab

b �→ ca

c �→ a

the minimal automaton of the language
◦

tLsa,a has 79 states (80 states for
◦

tLsa,b, 81

for
◦

tLsa,c). This automaton is plotted in Fig. 8.4, and the sets π(Du,a) and π(
◦
Du,a)

for the fixed point u are drawn in Fig. 8.5.
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Fig. 8.4 Minimal automaton of the language
◦

tLsa,a of the Example 8.5.24. The labels 0 correspond
to the null vector, the labels 1 correspond to the vector ea , and the labels b2 − b − 1 correspond to
the vector ec. Final states are the double circles, and the initial state is the bold circle

Fig. 8.5 The sets π(Du,a) (in gray and blue) and π(
◦
Du,a) (in blue) for the Example 8.5.24

Example 8.5.25 For the following substitution associated to the smallest Pisot
number:

a �→ b

b �→ c

c �→ ab

the minimal automaton of the language
◦

tLsa,a has 1578 states (1576 states for
◦

tLsa,b,

1577 for
◦

tLsa,c). The sets π(Du,a) and π(
◦
Du,a) are plotted on Fig. 8.6, where u is

the periodic point starting by letter a.

Remark 8.5.26 The first author have implemented the computing of the interior in
the Sage mathematical software. The above examples has been computed using this
implementation which is partially available here: https://pypi.org/project/badic or
https://gitlab.com/mercatp/badic.

https://pypi.org/project/badic
https://gitlab.com/mercatp/badic
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Fig. 8.6 The sets π(Du,a) (in gray and blue) and π(
◦
Du,a) (in blue) for the Example 8.5.25. Whole

set at the left, and a zoom on it at the right

Remark 8.5.27 To prove the Pisot substitution conjecture, it is enough for each
irreducible Pisot substitution s and for any letter a, to find one particular “canonical”

word in the language
◦

tLsa,a in order to prove it is non-empty.

8.6 Pure Discreteness for Various Infinite Family
of Substitutions

8.6.1 Proof of Pure Discreteness Using a Geometrical
Argument

Using the Theorem 8.3.3, we can prove the Pisot substitution conjecture for a new
infinite family of substitutions:

Theorem 8.6.1 Let k ∈ N, and let

sk :
⎧
⎨

⎩

a �→ akbc

b �→ c

c �→ a

where ak means that the letter a is repeated k times. The subshift generated by the
substitution sk is measurably conjugate to a translation on the torus T2 (Fig. 8.7).
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Fig. 8.7 Rauzy fractal of s20

Proof The strategy of the proof is to use the Theorem 8.3.3. We identify P with the
complex plane C. For k ≥ 1, let u be the fixed point of sk starting with letter a. We

show that π(
◦
Du,a) �= ∅ by showing that the point

tk := k

2
−
√
k

2
I

is not in the closure of π(ZA\Da):

tk �∈
⋃

l∈A\{a}
π(Du,l) ∪

⋃

t∈Γ0\{0}
π(Du + t),

where A = {a, b, c} is the alphabet of the substitution sk , Γ0 is the group generated
by (ei − ej )i,j∈A, where (ei)i∈A is the canonical basis of RA, I denotes a complex
number such that I 2 = −1, and π is the projection along the eigenspace for the
maximal eigenvalue of the incidence matrix

M =
⎛

⎝
k 0 1
1 0 0
1 1 0

⎞

⎠

of the substitution sk , such that π(ea) = 1, π(eb) = −β2 + (k + 1)β − (k − 1) and
π(ec) = β2−kβ−1, where β is the complex eigenvalue ofM such that Im(β) < 0.

In order to do that, we approximate the sets Du,l by union of balls (Fig. 8.8):

Lemma 8.6.2 For all k ≥ 3 and for every l ∈ A, we have the inclusion

π(Du,l) ⊆
⋃

t∈Sl
B(t,

1

1− 1√
k

),

Fig. 8.8 Strategy to prove
that tk �∈ π(Zd\Du,a).
Approximation of the sets
π(Du,l) and their translated
copies, by disks, for k = 20
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where

Sa = {γβ} ∪
{
i + βj (i, j) ∈ {0, 1, . . . , k − 1}2} ,

Sb =
{
k + βi i ∈ {0, 1, . . . , k − 1}} ,

Sc = {kβ} ∪
{
γ + βi i ∈ {0, 1, . . . , k − 1}} ,

where γ = −β2 + (k + 1)β + 1 = β − 1
β
.

Proof For every l ∈ A, we have the equality

π(Du,l) =
{∑|u|−1

k=0 uiβ
i u ∈ tLl

}

where Ll is the language of the automaton of Fig. 8.9 where we replace the set of
final states by {l}.

We get the proof of the lemma by considering words of length two, and by the
inequality

∣
∣
∣∣
∣
∣

|u|−1∑

k=2

uiβ
i

∣
∣
∣∣
∣
∣
≤
|u|−1∑

k=2

max
{|t| t ∈ Σ} |β|i ≤ 1

1− 1√
k

for any word u over the alphabet Σ , where Σ = {0, 1, . . . , k − 1, k, γ } is the
alphabet of the languages Ll . Indeed, we have max

{|t| t ∈ Σ} = k and |β| ≤ 1√
k

for k ≥ 3.

Lemma 8.6.3 For every k ≥ 1, we have the inequalities

1
√
k + 2

k

< |β| < 1√
k

√
k − 1√

k
< |γ | <

√

k + 2

k
+ 1√

k

Fig. 8.9 Automaton
describing π(Du)

astart

b

c

0, 1, ..., k 1

k

γ

0
0
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−1

k
< Re(β) < − 1

k + 2
k

− 1√
k
< Im(β) < − 1

√
k + 2

k

+ 1

k

where Re(β) is the real part of β, and Im(β) is the imaginary part.

Proof Let β+ be the real conjugate of β. We have β+ = k + 1
β+ + 1

β2+
> 0, so

k ≤ β+ ≤ k + 2

k
.

And we have |β|2 = 1
β+ , hence we get the wanted inequalities for |β|. The

inequalities for γ = β − 1
β

follow. To get the real part, remarks that we have

k = β+ + β + β = β+ + 2 Re(β), and this gives Re(β) = − 1
2β+ − 1

2β2+
. The

inequalities for the imaginary part follow.

Lemma 8.6.4 For all k ≥ 14, we have tk �∈ π(Du,b)

Proof For all i ∈ {0, 1, . . . , k − 1}, we have |k + iβ − tk| =
∣
∣∣ k2 + iβ +

√
k

2 I

∣
∣∣ ≥

k
2 − |iβ| −

√
k

2 ≥ k
2 − 3

√
k

2 . This is greater than 1
1− 1√

k

for k ≥ 14.

Lemma 8.6.5 For all k ≥ 31, we have tk �∈ π(Du,c)

Proof We have |γ + iβ − tk| =
∣
∣∣− k

2 + γ + iβ +
√
k

2 I

∣
∣∣ ≥ k

2 − |iβ| − |γ | −
√
k

2 ≥
k
2 − 3

√
k

2 −
√
k + 2

k
− 1√

k
. This is greater than 1

1− 1√
k

for k ≥ 31.

We have |kβ − tk| ≥ k
2 − 3

√
k

2 . This is greater than 1
1− 1√

k

for k ≥ 14.

Let us show now that the point tk is not in the translated copies of π(Du) by the
group π(Γ0). The group π(Γ0) is

π(Γ0) =
{
c(β − k − 2)+ d(β2 − kβ − 2) (c, d) ∈ Z

2
}
.

Let tc,d := c(β − k − 2)+ d(β2 − kβ − 2).

Lemma 8.6.6 For all k ≥ 8 and for all (c, d) ∈ Z
2 such that |c| ≥ 1 and 2 |c| ≥

|d|, we have
∣
∣tc,d

∣
∣ ≥ k − 3

√
k.
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Proof We have

∣
∣tc,d

∣
∣ ≥ |c| (k + 2)− |c|√

k
− |d| (1

k
+√k + 2) ≥ |c| (k − 1√

k
− 2

k
− 2
√
k − 2).

This is greater than k − 3
√
k for k ≥ 8.

Lemma 8.6.7 For all k ≥ 9 and for all (c, d) ∈ Z
2 such that |c| ≤ |d| and 2 ≤ |d|,

we have

∣∣Im(tc,d )
∣∣ ≥ 2

√
k − 3.

And if moreover |d| ≥ 3, then we have
∣∣Im(tc,d)

∣∣ ≥ 3
√
k − 5.

Proof We have
∣
∣Im(β2 − kβ − 2)

∣
∣ ≥ k |Im(β)| − |β|2 ≥ k√

k+ 2
k

− 1 − 1
k
. And we

have |Im(β − k − 2)| = |Im(β)| ≤ 1√
k
. Hence,

∣
∣Im(tc,d )

∣
∣ ≥ |d|

⎛

⎝ k
√
k + 2

k

− 1− 1

k

⎞

⎠− |c|√
k
≥ 2

⎛

⎝ k
√
k + 2

k

− 1− 1

k
− 1√

k

⎞

⎠ .

This is greater than 2
√
k − 3 for k ≥ 9. If moreover |d| ≥ 3, then we have

∣
∣Im(tc,d )

∣
∣ ≥ 3

⎛

⎝ k
√
k + 2

k

− 1− 1

k
− 1√

k

⎞

⎠ ,

and this is greater than 3
√
k − 5 for k ≥ 6 (Fig. 8.10).

Fig. 8.10 Zone covered by
the Lemma 8.6.6 (in green),
and by the Lemma 8.6.7 (in
blue), and remaining points
(the red points are remaining
only for l = c)

c

d
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Lemma 8.6.8 For all k ≥ 8, l ∈ A and t ∈ Sl , we have

|t − tk| ≤ k

2
+ 2
√
k and

|Im(t − tk)| ≤
{ 3

2

√
k if t �∈ {

γ + βi i ∈ {0, 1, . . . , k − 1}}
2
√
k otherwise.

Proof For every (i, j) ∈ {0, 1, . . . , k − 1}2, we have |i + βj − tk| ≤ k
2 + 3

2

√
k,

|k + βi − tk| ≤ k
2 + 3

2

√
k, |γ + βi − tk| ≤

√
k + 2

k
+ 1√

k
+ 1 + k

2 +
√
k

2 (because

the imaginary part of β is negative), |kβ − tk| ≤ k
2 + 3

2

√
k and |γβ − tk| =∣

∣
∣β2 − 1− k

2 +
√
k

2 I

∣
∣
∣ ≤ 1

k
+ 1 + k

2 +
√
k

2 . Hence, the first inequality is true for

k ≥ 8.
We have |Im(i + βj − tk)| = |Im(k + βj − tk)| =

∣
∣∣j Im(β)−

√
k

2

∣
∣∣ ≤ 3

2

√
k,

|Im(γ + βi − tk)| ≤
∣
∣∣Im(γ )+

√
k

2

∣
∣∣ + i |β| ≤

√
k + 2

k
+ 1√

k
−

√
k

2 + √k,

|Im(kβ − tk)| ≤ k |β| +
√
k

2 ≤ 3
2

√
k, |Im(γβ − tk)| ≤ |γβ| +

√
k

2 ≤
√
k

2 + 1 + 1
k

.
Hence, we get the wanted inequality for k ≥ 3.

Lemma 8.6.9 For all k ≥ 69, we have tk �∈ (π(Du)+ t0,1) ∪ (π(Du)+ t0,−1), and
we have tk �∈ ⋃

d∈{−2,−1,0,1,2}(π(Du,c)+ t0,d).

Proof For all (i, j) ∈ {0, 1, . . . , k}, we have

∣
∣i + βj + t0,±1 − tk

∣
∣ ≥ ∣

∣Im(βj + t0,±1 − tk)
∣
∣

=
∣
∣
∣
∣
∣
Im(β)(j ∓ k)± Im(β2)+

√
k

2

∣
∣
∣
∣
∣
.

If ± = +, we have
∣
∣i + βj + t0,1 − tk

∣
∣ ≥

√
k

2 − 1
k

because Im(β) < 0. This is
greater than 1

1− 1√
k

for k ≥ 10.

If ± = −, we have
∣
∣i + βj + t0,−1 − tk

∣
∣ ≥ k√

k+ 2
k

−
√
k

2 − 1− 1
k

. This is greater

than 1
1− 1√

k

for k ≥ 22.

For |d| ≤ 1, we have

∣
∣γβ + t0,±1 − tk

∣
∣ ≥ k

2
−
√
k

2
−

∣∣
∣β2 − 1

∣∣
∣− (

1

k
+√k + 2) ≥ k

2
− 3

√
k

2
− 3− 2

k
.

This is greater than 1
1− 1√

k

for k ≥ 24.



8 Yet Another Characterization of the Pisot Substitution Conjecture 431

For all i ∈ {0, 1, . . . , k − 1}, and |d| ≤ 2, we have

∣
∣γ + βi + t0,d − tk

∣
∣ ≥ k

2
−

√

k + 2

k
− 1√

k
−√k − ∣

∣t0,d
∣
∣−
√
k

2

≥ k

2
− 1√

k
− 3

2

√
k − |d| 1

k
− |d|√k − 2 |d|

= k

2
− 1√

k
− 7

2

√
k − 2

k
− 4.

This is greater than
1

1− 1√
k

for k ≥ 69.

For |d| ≤ 2, we have
∣
∣kβ + t0,d − tk

∣
∣ ≥ k

2 − 3
2

√
k − |d| ( 1

k
+ √k + 2) ≥

k
2 − 7

2

√
k − 2

k
− 4. This is greater than

1

1− 1√
k

for k ≥ 69.

Using the Lemmas 8.6.6 and 8.6.7, we have that for all the cases not covered by
the Lemma 8.6.9

∣
∣tc,d

∣
∣ ≥ k − 3

√
k or

∣
∣Im(tc,d )

∣
∣ ≥ 3

√
k − 5 or

∣
∣Im(tc,d)

∣
∣ ≥ 2

√
k − 3.

Hence, for all l ∈ A and all t ∈ Sl , we have

∣
∣t + tc,d − tk

∣
∣ ≥ k − 3

√
k −

√
k

2
−

∣
∣
∣
∣t −

k

2

∣
∣
∣
∣ ≥

k

2
− 9

2

√
k −

√

k + 2

k
− 1

k
or

∣
∣t + tc,d − tk

∣
∣ ≥ 3

√
k − 5−

√
k

2
− |Im(t)| ≥ 3

2

√
k − 5−

√

k + 2

k
− 1

k
or

∣
∣t + tc,d − tk

∣
∣ ≥ 2

√
k − 3−

√
k

2
− |Im(t)| ≥ 1

2

√
k − 3,

if t �∈ {
γ + iβ i ∈ {0, 1, . . . , k − 1}}.

This is greater than
1

1− 1√
k

for k ≥ 126 in the first case, for k ≥ 149 in the

second case and for k ≥ 69 in the third case.

Consequently, we have proven that for every k ≥ 149, we have π(
◦
Du,a) �= ∅

because tk is not in the closure of π(ZA\Du,a). By the Theorem 8.3.3, we obtain
the conclusion.

For 0 ≤ k < 149, we can check by computer, using what is done in the Sect. 8.5,
that the interior of Du,a is non-empty, by computing explicitly a regular language
describing this interior and checking that this language is non-empty.
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Fig. 8.11 π(Du,a\
◦
Du,a) for s20

When we compute the interior of Du,a for these substitutions sk , it appears that
we get automata of the same shape for k large enough.

Conjecture 8.6.10 For all k ≥ 4, the minimal automaton of the regular language
◦
L :=

{
u ∈ tL

sk
a,a Qu ∈

◦
Du,a

}
has 45 states (Fig. 8.11).

8.6.2 Proof of Pure Discreteness Using Automata

In this subsection, we prove the pure discreteness using completely different
technics but still as a corollary of Theorem 8.3.3, for an another infinite family
of substitutions:

sl,k :
⎧
⎨

⎩

a �→ albak−l
b �→ c

c �→ a

∀ 0 ≤ l ≤ k,

using the pure discreteness for the substitution

sk :
⎧
⎨

⎩

a �→ akb

b �→ c

c �→ a

∀ k ∈ N≥1.

This last substitution is a β-substitution, and the associated symbolic system is pure
discrete after [4] (but a similar argument as the one of the previous subsection can
also be used to prove the pure discreteness for this family). We use this fact to prove
the pure discreteness for the other family of substitutions.

The idea is to show that the part corresponding to letter a of the discrete line
associated to sl,k contains a homothetic copy of the one for sk . More precisely,
we prove that M2Du,a ⊆ Dv,a , where M is the incidence matrix of sl,k (it doesn’t
depends on l and k), v is the infinite fixed point of sl,k and u is the infinite fixed point

of sk . Hence, we have
◦

Du,a �= ∅ 7⇒
◦

Dv,a �= ∅, and we can use the Theorem 8.3.3.
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Remark 8.6.11 The symbolic system associated to sl,k is conjugate to the one
associated to sk−l,k by word-reversal. Therefore, we can assume without loss of

generality that 1 ≤ l ≤
⌈
k

2

⌉

.

8.6.2.1 Description of Du,a and Dv,a

In all the following, u is the infinite fixed point of sk , and v is the infinite fixed point
of sl,k , for integers l, k ∈ N, with k ≥ l ≥ 1. We consider the following map

ϕ :
{

Z
A → Q(β)

(vl)l∈A �→ va + (β − k)vb + (β2 − βk)vc.
,

where A = {a, b, c}. This linear map is one-to-one and has the property that the
multiplication by the incidence matrix M in R

A becomes a multiplication by β in
Q(β), because (1, β − k, β2 − βk) is a left eigenvector of M for the eigenvalue β.
For a language over an alphabet Σ ⊆ Q(β), we denote

QL := ϕ(Qϕ−1(L)) =
{∑|u|

i=0 uiβ
i u ∈ L

}
.

Using the Proposition 8.5.5, we have ϕ(Du,a) = QLk and ϕ(Dv,a) = QLl,k where
Lk is defined in Fig. 8.12 and Ll,k is the regular language defined on Fig. 8.13, for
β root of the polynomial X3 − kX2 − 1.

Fig. 8.12 Automaton defining a language Lk such that ϕ(Du,a) = QLk , where a transition labeled
by e means that there are k − 1 transitions labeled by 1, 2, . . . , k − 1

Fig. 8.13 Automaton defining a language Ll,k such that ϕ(Dv,a) = QLl,k , where a transition
labeled by f means that there are l − 1 transitions labeled by 1, 2, . . . , l − 1 and k − l transitions
labeled by β − k + l, β − k + l + 1, . . . , β − 2, β − 1
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8.6.2.2 Zero-Automaton

In order to show that M2Du,a ⊆ Dv,a , we need a way to go from the language
Ll,k to the language Lk . The following proposition permits to do it by describing
algebraic relations between a word over the alphabet of Lk and a word over the
alphabet of Ll,k . It works for 1 ≤ l ≤ k − 2, but by the Remark 8.6.11 we can
assume it without loss of generality as soon as k ≥ 4.

Proposition 8.6.12 Let L0 be the language defined in Fig. 8.15. We have

L0 ⊆
{
u ∈ (Σk −Σl,k)

∗ ∑|u|
i=0 uiβ

i = 0
}
,

if 1 ≤ l ≤ k − 2, where

• Σk = {0, 1, . . . , k} is the alphabet of the language Lk ,
• Σl,k = {0, 1, . . . , l, β − k + l, β − k + l + 1, . . . , β − 1} is the alphabet of the

language Ll,k , and

Proof Let L′0 be the language of the automaton depicted in the Fig. 8.14. We verify
easily that L′0 is the transposed (i.e. the word reversal) of the language L0. And we
easily check that the transitions of the automaton of Fig. 8.14, satisfy the following.

x
t−→ y 7⇒ y = βx + t, t ∈ Σk −Σl,k.

Hence, if we have a word u0u1u2 . . . un ∈ L′0, it corresponds to a path from 0 to 0,
so we have

0
u0−→ u0

u1−→ βu0 + u1
u2−→ . . .

un−1−−→
n−1∑

i=0

βn−1−iui
un−→

n∑

i=0

βn−iui = 0. �

Fig. 8.14 Automaton recognizing the language L′0
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Fig. 8.15 Automaton recognizing the language L0

8.6.2.3 Proof That M2Du,a ⊆ Dv,a

We define a language L by the automaton A of Fig. 8.16.

Lemma 8.6.13 The transitions of the automatonA of Fig. 8.16 satisfy

X
b−→ Y 7⇒ Y ⊆

{
y ∈ Q0 ∃x ∈ X, ∃c ∈ Σl,k, x

b−c−−−→ y ∈ A0

}

whereQ0 = {0, 1, 2, 3, 4, 5, 6} is the set of states of the automatonA0 of Fig. 8.15.

Proof We can check that using the following array: a star or a letter l means that
we have a ∈ b − Σl,k for a given (a, b) ∈ Σ0 × Σk (the converse is false, but we
don’t need it), where Σ0 = {0, 1, 2, 1 − β, 2 − β, k − β, k + 1 − β, k + 2 − β} is
the alphabet of A0.

Σ0

Σk 0 1 2 . . . l − 1 l l + 1 l + 2 . . . k − 1 k

0 ∗ ∗ ∗ l

1 ∗ ∗ ∗ l

2 ∗ ∗ ∗
1− β ∗
2− β ∗ ∗
k − β ∗ ∗ ∗

k + 1− β ∗ ∗ ∗
k + 2− β ∗ ∗ �
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Fig. 8.16 The automaton A, recognizing a language L. {0} is the initial state and every state is
final

We remark that every state of the automaton A of Fig. 8.16 contains 0. Hence, if

we have a path {0} b1−→ X1
b2−→ . . .

bn−→ Xn in this automaton, we have 0 ∈ Xn, and
by the Lemma 8.6.13, we can find (ci)ni=1 ∈ Σn

l,k such that we have the following
path in A0:

0
b1−c1−−−→ x1

b2−c2−−−→ . . .
bn−cn−−−→ 0.

Then, by definition of the automaton A0, we have

Qb =
n∑

i=1

biβ
i =

n∑

i=1

ciβ
i = Qc.

And we have the following.

Lemma 8.6.14 The sequence (ci)ni=1 ∈ Σ∗l,k can be chosen such that the word
c1c2 . . . cn is in Ll,k .

Proof The language Ll,k is the set of words over the alphabet Σ∗l,k such that every
letter l is preceded by two letters 0. And we can check that in the proof of the
Lemma 8.6.13, the only place where we need to take ci = l is when we follow a
transition of A labeled by l or by l + 1. And this occurs only when we follow an
transition labeled by 0 or 1 in the automaton A0.
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The only transitions of A that needs to take ci = l are {0, 2, 5, 6} l−→ {0, 1, 3, 4},
{0, 2, 5, 6} l+1−−→ {0, 1, 3, 4} and {0, 1, 3, 6} l+1−−→ {0, 1, 3, 4}. But we can check that
when we reach the state {0, 2, 5, 6}, we have read at least two zeroes, so we can
assume that the 0 of the state {0, 2, 5, 6} has been reached by following the path

0
0−0−−→ 0

0−0−−→ 0

in A0. This allows us to consider the transitions 0
l−l−−→ 0 and 0

(l+1)−l−−−−→ 1 of A0 and
getting a word c1c2 . . . cn that stays in the language Ll,k. In the same way, we reach
the state {0, 1, 3, 6} after reading a 0 and then a 1, so we can assume that the 1 in
the state {0, 1, 3, 6} has been reached by following the path

0
0−0−−→ 0

1−0−−→ 1

in A0. This allows us to consider the transition 1
(l+1)−l−−−−→ 4 of A0 and getting a

word c1c2 . . . cn that stays in the language Ll,k.

We deduce from this lemma and from the equality Qb = Qc that we have Qb ∈
QLs,k for every word b in the language L. Hence, we have the inclusion β2QLk =
Q02Lk

⊆ QL ⊆ QLs,k . So we have M2Du,a ⊆ Dv,a .
By the Theorem 8.3.3, we have for every 1 ≤ l ≤ k − 2,

sk satisfy the Pisot substitution conjecture

7⇒ ◦
Du,a �= ∅

7⇒ ◦
Dv,a �= ∅ (becauseM2Du,a ⊆ Dv,a)

7⇒ sl,k satisfy the Pisot substitution conjecture.

And it implies that sl,k satisfy the Pisot conjecture for every 0 ≤ l ≤ k, k ≥ 4, up to
take the mirror. For 1 ≤ k < 4, there is a finite number of possibilities, and we can
check that it also works, for example by computing the interior of the discrete line.

8.7 Pure Discreteness for a S-adic System

Let

σ :
⎧
⎨

⎩

a �→ aab

b �→ c

c �→ a

and τ :
⎧
⎨

⎩

a �→ aba

b �→ c

c �→ a
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be two substitutions over the alphabet A = {a, b, c} having the same incidence

matrix M =
⎛

⎝
2 0 1
1 0 0
0 1 0

⎞

⎠.

Given an infinite word s0s1 . . . ∈ SN, where S = {σ, τ }, we define a word
u ∈ AN by

u = lim
n→∞ s0s1 . . . sn(a).

Remark that s0s1 . . . sn(a) is a strict prefix of s0s1 . . . snsn+1(a), so the limit exists.
We have the following

Theorem 8.7.1 For every word s0s1 . . . ∈ SN, the subshift (SNu, S) is measurably
isomorphic to a translation on a torus.

The idea of the proof is similar to the one of the previous subsection: we prove
that for every sequence s0s1 . . . ∈ SN we have an inclusion of the form

t +MkDuσ ,a ⊆ Du,a,

for some t ∈ Z
3 and k ∈ N, where uσ is the infinite fixed point of the substitution

σ , and we use the Theorem 8.2.3.

8.7.1 Representation of Du,a by an Automaton

Like for fixed points of substitutions, we can represent Du,a by a finite automaton.
For simplicity, we will consider rather ψ(Du,a) ⊆ Q(β), where β is the highest
eigenvalue of M , and ψ : RA → R is the linear map such that ψ(ea) = 1, ψ(eb) =
β − 2 and ψ(ec) = β2 − 2β. This map is such that ψ(MX) = βψ(X) for every
X ∈ R

3.

Proposition 8.7.2 We have

ψ(Du,a) =
{∑n

i=0 uiβ
i n ∈ N, (u0, s0)(u1, s1) . . . (un, sn) ∈ L

}
,

ψ(Duσ ,a) =
{∑n

i=0 uiβ
i n ∈ N, (u0, σ )(u1, σ ) . . . (un, σ ) ∈ L

}
,

where L is the regular language recognized by the automaton of Fig. 8.17.

Proof The proof is very similar to the proof of the Proposition 8.5.5. We start by
constructing a natural map between the prefixes of the word s0s1 . . . sn(a) ∈ A∗
that are followed by a letter d , and the words v0v1 . . . vn ∈ Σ∗ of length n+ 1 such
that (vn, sn)(vn−1, sn−1) . . . (v1, s1)(v0, s0) is in a regular languageLd coming from
prefix automata, where Σ = {0, 1, 2, β − 1}.
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Fig. 8.17 Automaton A,
recognizing a language L

Fig. 8.18 Automaton A′

By combining prefix automata of the substitution σ and τ , we define the
automaton A′ of the Fig. 8.18. The following lemma give a direct definition of A′.

Lemma 8.7.3 The automaton A′ of the Fig. 8.18 has set of states A, and has a

transition d
(x,t)−−→ e if and only if t ∈ S = {σ, τ }, and there exists words v′, v′′ ∈ A∗

such that t (d) = v′ev′′ with ψ(Ab(v′)) = x.

Proof Easy verification.

Lemma 8.7.4 For every n ∈ N, there exists a natural map

ϕs0s1...sn :
⋃

d∈A

{
v ∈ A∗ vd prefix of s0s1 . . . sn(a)

}→
⋃

d∈A
p1(L

n+1
d ),

such that

∀d ∈ A, ϕs0s1...sn

({
v ∈ A∗ vd prefix of s0s1 . . . sn(a)

}) = p1(L
n+1
d )

where

p1(L
n+1
d ) =

{
wn . . . w1w0 ∈ Σ∗ (wn, sn)(wn−1, sn−1) . . . (w1, s1)(w0, s0) ∈ Ld

}
,

where Ld is the regular language of the automaton A′ of the Fig. 8.18, with initial
state a and final state d ∈ A.
Proof By induction on the length of the word s0s1 . . . sn ∈ S∗. The map ϕε is
uniquely defined. Let s0s1 . . . sn ∈ S∗ be a word of length at least one, d ∈ A,
and v ∈ A∗ such that vd is a prefix of s0s1 . . . sn(a). Then, there exists an unique
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uplet (v′, v′′, v′′′) ∈ A∗ and an unique letter e ∈ A such that vdv′′′ = s0(v
′e), and

hence we have s0(e) = v′′dv′′′. We define ϕs0s1...sn(v) := ϕs1s2...sn(v
′)ψ(Ab(v′′)).

From the induction hypothesis, we deduce that (ϕs1s2...sn(v
′), snsn−1 . . . s2s1) ∈ Le,

and by the Lemma 8.7.3 there exists a transition from state e to state d labeled by
(ψ(Ab(v′′)), s0) in the automaton A′, so we get that

(ϕs0s1...sn(v), snsn−1 . . . s1s0) ∈ Ld
(we identify Σ∗ × S∗ with (Σ × S)∗).

Lemma 8.7.5 For every word v ∈ A∗ and every letter d ∈ A such that vd is a
prefix of s0s1 . . . sn(a), we have

ψ(Ab(v)) =
n∑

i=0

wiβ
i,

where wnwn−1 . . . w1w0 = ϕs0s1...sn(v).

Proof By construction of ϕs0s1...sn(v), there exists a sequence of letters
d0d1 . . . dndn+1 ∈ An+2 and two sequences of words v0v1 . . . vn and w0w1 . . . wn ∈
(A∗)n+1 such that ∀ 0 ≤ k ≤ n, sk(dk+1) = vkdkwk , with dn+1 = a and d0 = d .
Then, we have

s0s1 . . . sn(a) = (s0s1 . . . sn−1)(vn)(s0s1 . . . sn−2)(vn−1) . . . s0(v1)v0d0w0s0(w1) . . .

. . . (s0s1 . . . sn−2)(wn−1)(s0s1 . . . sn−1)(wn),

and

v = (s0s1 . . . sn−1)(vn)(s0s1 . . . sn−2)(vn−1) . . . s0(v1)v0.

Hence, we get

Ab(v) = (M0M1 . . .Mn−1)Ab(vn)+ (M0M1 . . .Mn−2)Ab(vn−1)+ . . .+Ab(v0),

where Mi = Msi is the matrix of the substitution si . But, here we have Mi = M for
all i ∈ N, because Mσ = Mτ = M , so we get

ψ(Ab(v)) = βnwn + βn−1wn−1 + . . .+ βw1 +w0,

where wi = ψ(Ab(vi)). And we have ϕs0s1...sn(v) = wnwn−1 . . . w1w0 by
definition of ϕs0s1...sn .

Lemma 8.7.6 The language L is the mirror of the language La .
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Proof Easy verification. We get the automaton A from the automaton A′ with
initial state a and final state a, by reversing the transitions, and then using an usual
algorithm, called power set construction, to compute a deterministic automaton from
it. With this construction, the state 0 of A corresponds to {a}, the state 1 corresponds
to {a, b}, and the state 2 corresponds to {a, b, c}.

These lemma give a proof of the Proposition 8.7.2, because we have

ψ(Du,a) = ψ(Ab(
⋃

n∈N

{
v ∈ A∗ va prefix of s0s1 . . . sn(a)

}
))

=
⋃

n∈N

{
∑n

i=0 wiβ
i ∃v ∈ Σ∗, w0w1 . . . wn = ϕs0s1...sn(v),

with va prefix of s0s1 . . . sn(a)

}

= {∑n
i=0 wiβ

i (wn, sn)(wn−1, sn−1) . . . (w1, s1)(w0, s0) ∈ La
}

= {∑n
i=0 wiβ

i (w0, s0)(w1, s1) . . . (wn−1, sn−1)(wn, sn) ∈ L
}
.

And the second equality of the proposition is a particular case of the first one, where
we take for all i ∈ N, si = σ .

Now that we have a description of the discrete lines Du,a and Duσ ,a , we use it to
show that for every word s0s1 . . . ∈ SN we have an inclusion of the form

MkDuσ ,a + t ⊆ Du,a,

for some t ∈ Z
3.

8.7.2 Proof of the Inclusion

Let Σσ = {0, 1, 2} and Στ = {0, 1, β − 1}. We define a regular language L∗ over
the alphabet Σσ × S by

L∗ = (Σσ × S)∗ ∩m(L0 × Lσ × L),

where

Lσ =
{
u0u1 . . . un ∈ Σ∗σ n ∈ N, (u0, σ )(u1, σ ) . . . (un, σ ) ∈ L

}

L0 =
{
u0u1 . . . un ∈ Σ ′∗ n ∈ N,

∑n
i=0 uiβ

i = 0
}

Σ ′ = Σσ −Στ = {−1, 0, 1, 2, 1− β, 2− β, 3− β}
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and m is the word morphism defined by

m :
Σ ′ ×Σσ ×ΣL → Σσ × S ∪ {∗}
(t, x, (y, i)) �→

{
(x, i) if x − y = t

∗ otherwise

where ΣL = (Σσ ∪Στ )× S is the alphabet of the language L.

Lemma 8.7.7 We have

ψ(Du,a) ⊇
{∑n

i=0 uiβ
i n ∈ N, (u0, s0)(u1, s1) . . . (un, sn) ∈ L∗

}
.

Proof For all n ∈ N, we have

(x0, s0)(x1, s1) . . . (xn, sn) ∈ L∗

7⇒ ∃(y0, s0)(y1, s1) . . . (yn, sn) ∈ L,
n∑

i=0

(xi − yi)β
i = 0

7⇒
n∑

i=0

xiβ
i ∈ ψ(Du,a). �

Lemma 8.7.8 We have

L∗ ⊇ Lu,

where Lu is the language defined in Fig. 8.19.

Proof Computation done by computer. The language L0 is regular thanks to [16],
and its minimal automaton has 62 states. The minimal automaton of the language
L∗ has 210 states.

We deduce from these two lemma that for every sequence s0s1 . . . ∈ SN, we have
an inclusion of the form ψ(Du,a) ⊇ t + βkψ(Duσ ,a), for some t ∈ Z[β] and some
k ∈ N. Thus we have

t ′ +MkDuσ ,a ⊆ Du,a

for some t ′ ∈ Z
3.

For example, if s0 = σ , s1 = σ , s2 = τ and s3 = τ , then we have the inclusion

ea +Mea +M3ea +M4Duσ ,a ⊆ Du,a.
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Fig. 8.19 Automaton recognizing a language Lu

8.7.3 Pure Discreteness of the Spectrum

In order to use the Theorem 8.2.3, we need the following property.

Lemma 8.7.9 The subshift (SNu, S) is minimal for every sequence s0s1 . . . ∈ SN.

Proof In the word u, there are at most five letters between two consecutive letters
a. Indeed, u = s0s1(v) for an infinite word v ∈ AN, and we have that s0s1(a) is a
word of length 7 with four letters a, s0s1(b) = a and s0s1(c) is a word of length 3
with two letters a.

Thus, there exists a constant C such that every factor of u of length ≥ Cβn

contains s0s1 . . . sn(a). Indeed, it suffices to see that u = s0s1 . . . sn(w) with a word
w that satisfies the above property.

If a word is in SNu, then it contains arbitrarily large factors of u, so it contains
s0s1 . . . sn(a) for every n ∈ N. Therefore this word is dense in SNu.

A projection π along the eigenspace for the eigenvalue β of M onto some plane
P is such that the restriction of π to Z

3 is injective and has a dense image in P .
It is not difficult to see that the set π(Du) is bounded, by using for example the
description of ψ(Du) given in the Proposition 8.7.2.

In order to prove the disjointness in measure of the translated copies of π(Du)

by π(Γ0), we use the same strategy than in the proof of the Theorem 8.3.3: we show
that the interior of Du,a is non-empty, and we show that the interior of Du is dense.
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It is known that we have
◦
Dus1 ,a

�= ∅ for the topology defined on the Sect. 8.3.2 (we
can prove it by computing this interior explicitly thanks to the Theorem 8.5.11). And
the matrix M is in GL(3,Z), so if we have an inclusion of the form t+MkDus1 ,a

⊆
Du,a , t ∈ Z

3, k ∈ N given by the previous subsection, then it implies that
◦

Du,a �= ∅,
and this is true for every sequence s0s1 . . . ∈ SN. Then, we have the following result.

Lemma 8.7.10 ∀l ∈ {a, b, c}, ◦
Du,l is dense in Du,l .

Proof Let un = limk→∞ snsn+1 . . . sn+k(a). We have just proven that for every
n ∈ N, Dun,a has non-empty interior. And we have u = s0s1 . . . sn−1(un), so we get
the equality

ψ(Du,i) =
⋃

i
(t0,s0)−−−→...

(tn−1,sn−1)−−−−−−→j∈A

βnψ(Dun,j )+
n−1∑

k=0

tkβ
k

for all i, j ∈ {a, b, c}. But the automaton A is such that we can reach any state
from any state, even if we impose the right coefficients of labels read. Hence, we
can approach (for our topology) any point of Du,i by subsets of Du,i of the form
MkDuk,a + t , t ∈ Z

3, k ∈ N. Such subsets have non-empty interior since M ∈
GL(3,Z). This ends the proof.

Lemma 8.7.11 The boundary of π(Du) has zero Lebesgue measure.

In order to prove this lemma, let introduce some notations. For all n ∈ N, let
un = limk→∞ snsn+1 . . . sn+k(a), and for all a ∈ A, Rn

a = π(Dun,a). We have the
following

Lemma 8.7.12 For every a ∈ A, the sequence (λ(Rn
a ))n∈N is increasing and

bounded.

Proof By the Proposition 8.7.2, we have the following equality

ψ(Dun,a) =
⋃

b
(t,sn+1)−−−−→a∈A

βψ(Dun+1,b)+ t,

whereA is the automaton of the Fig. 8.17. Without loss of generality, we can assume
that π = σ− ◦ ψ : ZA → C, where σ− is the Galois morphism

σ− : Q(β)→ Q(γ )

β �→ γ
,
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where γ is a complex conjugate of β. Thus, we have the equality

Rn
a =

⋃

b
(t,sn+1)−−−−→a∈A′′

γRn+1
b + t,

where A′′ is the automaton A where we apply the Galois morphism σ−.
Then, we have

λ(Rn
a ) ≤

∑

b
(t,sn+1)−−−−→a∈A′′

1

β
λ(Rn+1

b ).

If we take the vector Xn = (λ(Rn
a ))a∈A ∈ R

A, the previous inequality becomes

Xn ≤ 1

β
MXn+1.

But by the Perron-Frobenius theorem, we have the inequality MX ≤ βX for every
X ∈ R

A+, so we get that Xn is increasing. The coefficient of Xn are also bounded by
maxt∈Σ ′′ |t|

1− |γ | , where Σ ′′ is the alphabet of the automaton A′′.

This lemma give the existence of the limit λ∞a = limn→∞ λ(Rn
a ). We have the

following lemma.

Lemma 8.7.13 There exists ε > 0 and η > 0 such that for every n ∈ N and every
a ∈ A, there exists t ∈ C and r > 0 such that the ball B(t, r + ε) is included in Ra ,
and such that λ(B(t, r)) ≥ ηλ∞a .

Proof It is an immediate consequence of the inclusions proven in the Sect. 8.7.2.

Lemma 8.7.14 There exists n0 ∈ N such that for every n ≥ n0 and every a ∈ A,
we have λ(∂Rn

a ) = 0.

Proof Let n0 ∈ N such that

∀a ∈ A, λ∞a ≤ (1+ η)λ(Rn0
a ),

and let k ∈ N such that for every a ∈ A, every (t, t ′) ∈ C
2, every r > 0, and every

n ∈ N,

γ kRn
a + t ∩ B(t ′, r) �= ∅ 7⇒ γ kRn

a + t ⊆ B(t ′, r + ε).

Let us show that for every n ≥ n0 we have

∀a ∈ A, λ(∂Rn+k
a ) ≤ cλ(Rn+k

a ) 7⇒ ∀a ∈ A, λ(∂Rn
a ) ≤ c(1− η2)λ(Rn

a ).
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Let a ∈ A and n ≥ n0. Let t ∈ C and r > 0 such that B(t, r + ε) ⊆ Rn
a and

λ(B(t, r)) ≥ ηλ∞a . Let

Tb =
{∑n+k−1

j=n γ n+k−j−1tj b
(tn,sn)−−−→ . . .

(tn+k−1,sn+k−1)−−−−−−−−−→ a ∈ A′
}
,

T ′b =
⎧
⎨

⎩
∑n+k−1

j=n γ n+k−j−1tj
b

(tn,sn)−−−→ . . .
(tn+k−1,sn+k−1)−−−−−−−−−→ a ∈ A′

and (γ k∂Rn+k
b + t) ∩ B(t, r) = ∅

⎫
⎬

⎭
.

Then we have

λ(∂Rn
a ) ≤ λ

⎛

⎝
⋃

b∈A

⋃

t∈T ′b
(γ k∂Rn+k

b + t)

⎞

⎠

≤
∑

b∈A, t∈T ′b

1

βk
λ(∂Rn+k

b )

≤ c

βk

∑

b∈A, t∈T ′b
λ(Rn+k

b )

≤ c

βk

⎡

⎣

⎛

⎝
∑

b∈A, t∈Tb
λ(Rn+k

b )

⎞

⎠− βkλ(B(t, r))

⎤

⎦

≤ c

βk

(
βkλ(Rn+k

a )− βkηλ∞a
)

≤ c(1− η)λ∞a
≤ c(1− η2)λ(Rn

a ).

We deduce from these equalities that we have

λ(∂Rn
a ) ≤ (1− η2)kλ(Rn

a ) −−−→
k→∞ 0. �

Proof of the Lemma 8.7.11 We have the inclusion

∂Ra ⊆
⋃

b
(t0,s0)−−−→...

(tn−1,sn−1)−−−−−−→a∈A′
γ n∂Rn

b +
n−1∑

j=0

γ n−1−j tj .

And by the Lemma 8.7.14, we have λ(∂Rn
b ) = 0 for n ≥ n0 and b ∈ A. Thus the

boundary of Ra has zero Lebesgue measure.
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Thanks to the Lemma 8.7.10, for every t ∈ Γ0\{0}, the empty intersection
◦
Du ∩

◦
Du + t is a dense open subset of

◦
Du ∩

◦
Du + t . Hence, the interior of π(Du) and

π(Du + t) are disjoint. By the Lemma 8.7.11, it proves that the Lebesgue measure
of the intersection is zero.

Every hypothesis of the Theorem 8.2.3 is satisfied, thus the subshift (SNu, S,μ)
is uniquely ergodic and measurably conjugate to the translation on the torus
(P/π(Γ0), T , λ). This ends the proof of the Theorem 8.7.1.
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Frank–Robinson tiling, 389
full shift, 37
function

almost periodic, 370
mean, 370

fusion, 55
fusion rule, 56

not strongly mixing, 71
primitive, 66
prototile regular, 60
transition matrix, 66
transition regular, 60
van Hove, 64

game
finite subtraction, 230, 284
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Nim, 231
octal, 284
subtraction, 230
sum, 235
Wythoff, 231, 234, 237, 250
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Gauss map, 106
genealogical order, 251
generalized continued fraction algorithm,

132
generalized left eigenvector, 161
generalized right eigenvector, 138
geometric coincidence condition, 169
graph kernel, 232
group cohomology, 215
Grundy function, 235, 236, 266, 284

hull
augmented, 203
continuous, 195
symbolic, 196, 372
tiling, 372

incidence matrix, 380, 407
infinite word, 228
inflation

map, 51
matrix, 380, 390
multiplier, 372, 373, 375
rule, 48, 51, 372, 373, 375
stone, 379, 381, 389

integrated density of states, 203

kernel
graph, 232
k-kernel, 243, 263

K-group, 211, 212
Kleene fixed point theorem, 349
Koopman operator, 73
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language, 416
prefix-closed, 277
regular, 229, 416

left special factor, 122
limit sequence, 130
Lind number, 7
linear

numeration system, 255
representation, 246
set, 285

local indistinguishability (LI), 372
locally derivable, 20

mutually, 20
Lucas’s theorem, 262
Lyapunov exponent, 375, 381, 387, 390

Mahler measure, 362, 386
mean, 370
measurable eigenvalue, 127
measure

absolutely continuous, 374
bounded, 363
continuous, 374
convolution, 363
Dirac, 363
ergodic, 45
finite, 363
invariant, 45
Mahler, 362
positive, 363
positive definite, 363
pure point, 374
Radon, 362
singular continuous, 374
translation-bounded, 363

Meyer set, 5, 411
minimality, 135
model set, 5
morphic word, 240
morphism

constant length, 240
Fibonacci, 249, 251, 275
multidimensional, 260
non-erasing, 239
projection, 270
prolongable, 239, 260, 270
shape-symmetric, 271, 272, 275, 281
Thue–Morse, 245, 275
uniform, 240

multiple tiling, 146
mutual local derivability (MLD), 44, 372

natural coding, 111, 175
NFA, 230
Nim game, 231
Nim-sum, 234
normalization, 255
normal play, 230, 284
numeration system, 255

abstract, 276
combinatorial, 277
Dumont–Thomas, 287
Pisot, 255
positional, 255
unambiguous, 276

numerical value, 229, 276

octal game, 284
option, 231

pair correlation, 372, 373, 380
partial function, 251
Pascal triangle, 263
patch, 14, 39
pattern equivariant, 196, 204

strongly, 196
weakly, 197

Peano enumeration, 277
Perron–Frobenius (PF), 372, 389
Perron number, 7

complex, 18
phason flip, 202
picture, 267

concatenation, 267
shape, 267

Pisot
condition, 179
family, 25
number, 255, 275, 287
substitution, 130, 408
substitution conjecture, 28, 78, 132, 376,

398
unit, 408

Pisot–Vijayaraghavan number (PV), 7, 360
polynomial

cyclotomic, 362
trigonometric, 370, 387, 390
unimodular, 387

position, 231
losing, 233
winning, 233

positional numeration system, 255
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primitivity, 135
prolongable morphism, 239, 270
prototile, 15, 39, 379
pure discrete spectrum, 175
pure morphic word, 240
pushforward, 363

radix order, 251
Radon measure, 362
rank, 276
Rauzy fractal

classical, 144
S-adic, 143
set equation, 154

recognisability, 380
recognizable, 64
recognizable set, 276
recurrence, 137
regular language, 229, 416
regular sequence, 246
renormalisation, 373, 380
representation

abstract numeration system, 276
multidimensional base-k, 260
normal, 255

Riesz product, 360, 366, 385, 392
right special factor, 122

S-adic
Rauzy fractal, 143
sequence, 130
system, 62, 131

Salem number, 7
semilinear set, 285
sequence

Arnoux-Rauzy, 122
limit, 130
S-adic, 130
Sturmian, 100

set
absorbing, 232
linear, 285
stable, 232

shape, 267
shape-symmetry, 271, 272, 275, 281
shift

distance, 323
dynamical system, 37
full, 37
map, 37
space, 37

sink, 232
sliding block code, 43
special factor

left, 122
right, 122

spectrum
continuous, 80, 127
diffraction, 82
pure discrete, 77, 79, 175

Sprague–Grundy function, 235, 236, 266, 284
stable set, 232
state, 229
strategy, 233
strong convergence, 150
strong coincidence condition, 78, 168
Sturmian sequence, 100
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substitution, 46, 313, 372

block, 49, 382, 384
constant length, 376
Fibonacci, 47
irreducible, 408
matrix, 372, 377
Pisot, 408
primitive, 408

substitutive word, 240
subtraction game, 230
sum-of-digits, 248
sum of games, 235
supertile, 49, 51
synchronized word, 249

Thue–Morse word, 245, 275
tight binding operator, 198
tile, 39, 379

equivalent, 39
tileset, 294

intrinsically substitutive, 314
simulation, 347

tile substitution, 15
tiling, 15, 39, 146, 294

fully periodic, 39
inflation rule, 51
linearly repetitive, 45
nonperiodic, 39
pseudo-self-affine, 20
pseudo-self-similar, 53
repetitive, 44
self-affine, 15, 50, 51
self-similar, 15, 48, 51
space, 41

tiling algebra, 204
continuous, 205
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topological eigenvalue, 127
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torus rotation, 111
torus translation, 111
transition function, 229
transition monoid, 244
transversal, 197
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trie, 278
Turing machine, 304

configuration, 306
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uniform distribution, 368
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uniform morphism, 240
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value, 229

Wang tile, 294
decorated, 322
one-dimensional, 321

weak convergence, 138
weakly mixing, 127
weighted automaton, 247
window, 200
winning strategy, 233
word
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finite, 228
infinite, 228
morphic, 240
purely morphic, 240
purely substitutive, 240
S-automatic, 278
shape-symmetric, 271, 272, 275, 281
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Thue–Morse, 245, 275
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