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Preface

The application of mathematics and statistics in the age of computational science
and engineering has transformed our society and has revolutionized the world we
live in. Being some of the oldest cultural achievements of mankind, nowadays these
disciplines are intrinsic part of our daily life through our activities and technologies,
ranging from our banking and investment systems to new sophisticated electronic
devices, and to our civil infrastructure and environment.

These disciplines continuously grow at their frontiers though new areas of
applications, new theories, and new tools provided by mathematical and statistical
models. As aresult, they continue representing the core of human knowledge critical
for new discoveries and innovation, our well-being, and our economic prosperity.

There has been a long and rich interplay between mathematics and statistics on
the one hand and other disciplines on the other, resulting in their fruitful enrich-
ments. With ever-expanding interdisciplinary horizons of applied mathematics and
statistics, we see new progress and modern challenges in their development. This
book is about such progress and challenges in applied mathematics, modelling, and
computational science.

Today, mathematical and statistical models are applied in natural and social
sciences, industry and technology, medicine and finance. They are at the heart of
a multitude of human activities, allowing connecting such activities in a modern
world, where our communication gets better, faster, and cheaper also due to
mathematics-based models. They substantially contribute to our better understand-
ing of complex systems and networks whose components interact in a dynamic
manner. Furthermore, mathematics-based computational technologies enable us
detailed simulations of complex systems in the areas where the knowledge about
such systems has been limited until very recently. Many such systems are functioned
in a competitive, and often uncertain, environment. Therefore, the development of
mathematical and statistical based methodologies of uncertainty quantification, as
well as addressing other associated challenges, is essential.

Along with more traditional applications of mathematics and statistics in physics
and engineering, we are witnessing now substantial contributions of these disci-
plines to new breakthroughs in biology and medicine, finance, and social sciences.
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Equally important, mathematical and statistical models allow us to develop new
important insight and better understanding of environmental and ecological sustain-
ability in our dynamic and complex world.

This book provides details on recent progress and challenges in selected areas of
applied mathematics, modelling, and computational science. It contains 14 chapters
which open to the reader details on state-of-the-art achievements in these selected
areas. The book provides a balance between fundamental theoretical and applied
developments, emphasizing interdisciplinary nature of modern trends in these areas.

Written by 27 experts in their respective fields, the book is aimed at researchers
in academia, practitioners, and graduate students. It can serve as a reference in
the diverse selected areas of applied mathematics, modelling, and computational
science. The book promotes interdisciplinary collaborations in addressing new
challenges in these areas.

We are thankful to the referees of this volume for their invaluable help and
suggestions. We are also very grateful to the Springer editorial team, and in
particular to Dahlia Fisch, for their highly professional support.

Waterloo, ON, Canada Roderick Melnik
Waterloo, ON, Canada Roman Makarov
Montreal, QC, Canada Jacques Belair
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Modern Challenges and Interdisciplinary
Interactions via Mathematical, Statistical,
and Computational Models

Roderick Melnik, Roman Makarov, and Jacques Belair

Abstract We live in an incredible age. Due to extraordinary advances in sciences
and engineering, we better understand the world around us. At the same time, we
witness profound changes in the technology, environment, societal organization, and
economic well-being. We face new challenges never experienced by humans before.
To efficiently address these challenges, the role of interdisciplinary interactions
will continue to increase, as well as the role of mathematical, statistical, and
computational models, providing a central link for such interactions.

1 The Role of Mathematical and Statistical Models

Since the dawn of human civilizations, technological innovations have been devel-
oping hand in hand with progress in mathematical and statistical sciences. Inter-
actions and interdependence of mathematics, physics, engineering, and biology
have been well elucidated in the literature with a number of excellent reviews and
historical accounts (e.g., [12, 13, 19] and references therein). In the heart of these
interactions and interdependence are mathematical and statistical models. Their role
will continue to increase rapidly in both traditional (e.g., physics and engineering)
and many emerging (e.g., health and life sciences) areas of their applications
(e.g., [10, 15, 18] and references therein). Moreover, we are witnessing a dramatic
increase in computing power and breathtaking advances in computational science
and engineering which assist further in developing this trend.

Today, many other disciplines are catching up with this trend too. Indeed,
mathematical and statistical models can be used to describe complex phenomena
and systems such as stock markets, the internet traffic, logistics, supply, and demand
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of industrial networks, as well as climate change dynamics. Many complex systems
that appear in nature, engineering applications, and society have components that
interact in a remarkably dynamic manner in competitive, and often uncertain,
environments. In order to understand them better, there is a need to develop new
mathematical, including stochastic, models, as well as new methods for uncertainty
quantification.

New challenges in of the modern world and our society require researchers
working on many problems in economics and finance, social, environmental, and
management sciences look for the development of quantitative models based on
mathematical and statistical theories, methods, and tools.

As a result, new scientific, technological, and societal challenges we face in the
twenty-first century can only be efficiently addressed in close collaboration with
mathematicians and statisticians developing such quantitative models. At the same
time, such challenges will stimulate the development of new concepts and theories
in mathematical and statistical sciences, leading to many new breakthroughs in these
two-way interactions between mathematics and statistics on the one hand and other
disciplines on the other.

2 Application Areas and State-of-the-Art Developments

From a wide and increasing spectrum of applications of mathematical, statistical,
and computational models, we selected some representative areas of these appli-
cations. Thus, the rest of the book consists of eight sections based on these areas.
They contain state-of-the-art chapters, written by leading specialists from all over
the world.

In selecting our areas for this book we intended to open to the reader a rich field of
interdisciplinary interactions between many different disciplines with their unifying
thread via mathematical and statistical models. The book provides details on
theoretical advances in these selected areas of applications, as well as representative
examples of modern problems from such applications. It also exposes the reader to
open and emerging problems, and to challenges that lie ahead in addressing such
problems.

Following this introductory section, each remaining section with its chapters
stands alone as an in-depth research or a survey within a specific area of application
of mathematical, statistical and computational modeling. Next, we highlight the
main features of each such chapter within remaining sections of this book.
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2.1 Large Deviation Theory and Random Perturbations
of Dynamical Systems with Applications

Large deviation theory provides an important framework for modern statistical
mechanics and stochastic system/process modelling. It allows us to describe the
asymptotic behaviour of remote tails of sequences of probability distributions.
Within this framework, many concepts of equilibrium statistical mechanics, such as
entropy or free energy, can be considered as large deviation rate functions and can be
generalized to the non-equilibrium case. Moreover, today this theory is considered
to be one of the major tools for our better understanding of statistical information
about complex dynamical systems, including the information on their most probable
states, rare events, extremes, attractors, and typical fluctuations.

It is well known that long-time evolution of dynamical systems can be seriously
affected by small random perturbations, leading to a lasting effect on their evolution.
They can bring metastability, pronounced in transitions between otherwise stable
equilibria [28], the phenomenon that is observed in a wide range of applications
such as fluid dynamics, chemical reactions, population dynamics, and neuroscience.
The mechanism of this phenomenon can also be explored with large deviation
theory. A key element in the application of large deviation theory in this case is
the path of maximum likelihood of such transitions. Moreover, the path itself can be
computable through a numerical optimization problem as the minimizer of a certain
objective function, known as action.

This section of the book, written by T. Grafke, T. Schafer, and E. Vanden-
Eijnden, provides a review of theoretical foundation of large deviation theory that
led to the rate function minimization problem. In particular, the authors are focusing
on the geometric variant of this problem that is fundamental to the geometric
minimum action method. They have proposed a new algorithm that simplifies this
latter method. The authors demonstrate a considerable potential of their developed
algorithm for a range of applied problems, including examples ranging from fluid
dynamics and materials science to reaction kinetics and climate modelling.

2.2 Nonlinear waves, Hyperbolic Problems, and their
Applications

For centuries the development of mathematical models and studies of waves have
fascinated many researchers. Already Pythagoras analyzed waves through the
relation of pitch and length of string in musical instruments. Today, the role of
wave equations in the modern science and engineering is hard to overestimate.
They are applied in classical and quantum mechanics, materials science and biology,
medicine and finance, climate studies and social science. It is also an active area of
theoretical research which includes the development of analytical and computational
techniques and important connection to other areas of mathematics [23].
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Originally presented in the context of physics applications, coherent states
play an important role in nonlinear wave equations. In particular, such states are
considered as quasi-classical states in quantum mechanical applications. Today the
concept has been generalized to a number of other areas of mathematical physics
and beyond (e.g., [5, 27]).

The first chapter of this chapter, written by E. Kirr, starts from a general
Hamiltonian formulation applicable to a large class of models related to wave
propagation. Apart from the classical wave equation, this includes mathematical
models based on Schrodinger’s, Hartree’s, Dirac’s, Klein-Gordon’s, Kortweg-de-
Vries’ equations. The author demonstrates that while large coherent structures can
be found via variational methods (e.g., as minimizers of the energy, subject to a fixed
value on the second conserved property), this is not the case for the problems where
all coherent states are required. To address this challenge the author proposes to
apply the analytical global bifurcation theory for finding all coherent states, as well
as for analyzing orbital stability of such states. Within this framework, the author
provides details on how to study asymptotic stability of coherent states, as well
as on long-time behaviour of nearby solutions, and identifies some open problems
in this field. For example, despite the recent progress in asymptotic stability near
an orbitally stable coherent state, in the general case we still do not know how to
determine the full dynamic picture near a bifurcation point.

Hyperbolic equations are in the heart of discussion in the second chapter of this
section, written by R. Abgrall, who deals with both linear and non-linear problems.
The main focus is on the development of parameter-free methods for scalar
hyperbolic equations that satisfy a local maximum principle. The author presents
a systematic methodology for constructing higher order finite element type methods
satisfying this principle. The results are not limited to the problems with regular
solutions only. A detailed analysis of conditions that guarantee the convergence of
the developed numerical scheme to weak solutions under stability assumptions has
been provided. Furthermore, the author has provided the conditions that guarantee
an arbitrary order of accuracy of the developed scheme. Generalizations of the
proposed methodology have also been discussed in the context to its extensions
to systems, including Euler’s equations and the Navier-Stokes model. Among the
remaining challenges the author highlights the importance of a better design of the
filtering parameter.

2.3 Group-Theoretical Approaches to Conservation Laws
and Their Applications

Numerical integrators, where we preserve exactly one or more properties of the
original differential-equation-based mathematical model, has been a subject of
interest for a long time, with a number of excellent reviews, books, and journal
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special issues published (e.g., [3, 11, 26] and references therein). Given that
geometric properties of the exact flow of the underlying differential equation are
typically preserved in such cases, we call the associated integrators structure-
preserving or geometric numerical integrators. While this type of methodologies
has largely been developed for ordinary differential equations, there are important
results in the development of these ideas to partial differential equations too (e.g., [4,
20, 21]). These methodologies, applied to both deterministic and stochastic systems,
have been developed in parallel, and often independently, from energy-conserving
methods (e.g., [1, 16, 25] and references therein). Such methods are typically
derived for the variational formulation of the problem and can be applied to both
Lagrangian and Hamiltonian dynamics.

The underlying success of variational integrators, leading to their numerous
applications, lies with their group-theoretical foundation and Lie group analy-
sis which has been well elucidated in the literature (e.g., [14] and references
therein). For example, applied to Lagrangian dynamical systems, they preserve a
discrete multisymplectic form, as well as momenta associated to symmetries of the
Lagrangian via Noether’s theorem. As it was pointed out in [17], a prerequisite
of obtaining variational integrators is the existence of a variational formulation
for the considered dynamical system. Not all systems in applications are of this
type. Examples of non-variational mathematical models based on partial differential
equations can be found in such areas as plasma physics, fluid dynamics, as well as
in magnetohydrodynamics, to name just a few. As a result, there is an increasing
interest to a generalization of Noether’s theorem to handle such cases too. Recent
attempts in this direction include a discrete version of the Noether theorem for
formal Lagrangians that yields the discrete momenta preserved by the resulting
numerical schemes [17]. The method, based on the embedding of a dynamical
system into a Lagrangian system by doubling the number of variables, has been
applied to Vlasov-Poisson and magnetohydrodynamic systems, as well as to non-
canonical Hamiltonian systems.

This section is a comprehensive review, written by S. Anco, discussing other
generalizations of Noether’s theorem to non-variational mathematical models based
on partial differential equations. One of the major concepts is that related to
multipliers, the expressions whose summed products with a PDE-based system
yields a local divergence identity. The latter is associated with a continuity equation
involving a conserved density and a spatial flux for solutions of the underlying PDE.
The author demonstrates that when the underlying model is non-variational, such
multipliers are an adjoint counterpart to infinitesimal symmetries. Moreover, the
local divergence identity, that relates a multiplier to a conserved integral, appears
to be an adjoint generalization of the variational identity that underlies Noether’s
theorem. A procedure for computation of multiplies has been described in detail.
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2.4 Materials Science, Engineering, and New Technologies

Computer-aided innovation of new materials is an important area of research in
materials science and engineering. The development of computationally efficient
approaches and modelling in this field has been a subject of immense research
interest ever since our advances in computational power [7, 22]. This includes
innovative superhard materials, as well as smart materials such as superelastic and
shape memory alloys [6]. A large class of such materials are binary alloys. For
binary alloys, the most accurate energy calculations are typically done via the
density functional theory, and as any ab initio calculations this methodology is
computationally very expensive.

The first chapter in this section, written by J. Kristensen, I. Bilionis, and N.
Zabaras, discusses viable alternatives to the above methodology. They argue that in
this area of applications it is important to devise new schemes for the automatic and
maximally informative selection of simulations. They provide a detailed description
of their developed information acquisition policy for learning the ground state
of binary alloys. Starting from the surrogate modelling technique and presenting
the energy computation scheme, the authors describe their theoretical approach,
based on a Bayesian interpretation of the cluster expended energy. Their developed
framework for selecting structures has been extended to account for the effect of
alloy structure costs. By comparisons with other structure acquisition algorithms,
it has been concluded that optimal information acquisition policies should balance
the maximization of the expected improvement of the ground state line and the
minimization of the size of the simulated structure. The developed approach
has been validated for a number of important binary alloys, including NiAl and
TiAl. Once a probabilistic surrogate of the relevant thermodynamic potential is
constructed, the proposed policies can be directly applied to the discovery of generic
phase diagrams.

The second chapter of this section, written by P. Fischer, M. Schmitt, and A.
Tomboulides, presents a comprehensive overview of spectral element methods for
an important class of fluid dynamics problems. Their focus is on incompressible and
low-Mach-number flows in domains with moving boundaries. From applications
of these mathematical models, it is well known that moving boundaries introduce
new sources of nonlinearity and stiffness [9]. For example, in fluid-structure
interaction problems, one of the reasons for that lies with disparate time scales
between the fluid and solid responses. A similar situation holds for other coupled
problems. The authors pay special attention to recent developments addressing these
moving-domain challenges, while keeping the computational efficiency required
for turbulent flow simulations. One of the important features in their discussion
is an arbitrary Lagrangian-Eulerian formulation for low-Mach-number flows that
includes an evolution equation for the background thermodynamic pressure. A rich
selection of numerical examples has also been provided to illustrate main theoretical
results.

The concluding chapter of this section, written by C. Budd, offers an exciting
journey into mathematical foundations of new technologies. The author reviews
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eight such technologies, identified by the UK government as those that would act as
a focus for future scientific research and funding. They are

(a) Big Data

(b) Satellites and space

(c) Robotics and autonomous systems
(d) Synthetic biology

(e) Regenerative medicine

(f) Agricultural science

(g) Advanced materials

(h) Energy and its storage.

Based on a historical account and recent progress, the author demonstrates that
mathematics lies at the heart of all of them, linking them all together. A number
of challenges, both mathematical and interdisciplinary, have been determined and
discussed in the context of future development of these technologies.

2.5 Finance and Systemic Risk

This section contains three chapters. It is opened by a chapter written by Q. Feng
and C. Oosterlee addressing the problem of credit valuation adjustment. The authors
pointed out that this quantity is required in the Third Basel Accord - a global
framework on bank capital adequacy, stress testing, and market liquidity risk -
that came around in the wake of the credit crisis. In calculating credit valuation
adjustment, exposure is a key element. This characteristic is defined as the potential
future loss on a financial contract due to a default event. The chapter describes a
backward-dynamics-based general framework for calculating exposure profiles for
different options, enabling us to analyze the sensitivity of the model to such options.
The authors focus on two models, the Heston and Heston-Hull-White asset dynamic
models, which they consider under European, Bermudan, and barrier options. In
particular, for these models and options they describe their generalization of the
Stochastic Grid Bundling Method for the computation of exposure profiles and
sensitivity for asset dynamics. This generalization provides a flexible valuation
framework for credit valuation adjustment. Details are given for the most important
features of the developed methodology, including the choice of the basis functions
for the local regression, the convergence of the direct and path estimators with
respect to an increased number of bundles, and the associated accuracy. A series
of numerical tests presented in this chapter demonstrated these features in practice,
also showing that the computational efficiency of the developed methodology is
connected to the number of bundles used in the Stochastic Grid Bundling Method.
A drastic reduction in computational time is achieved with a parallel implementation
of the developed algorithm.
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The next chapter is this section, written by T. Bielecki, J. Jakubowski,a nd M.
Nieweglowski, is devoted to recent progress in the emerging theory and practice of
structured dependence between stochastic processes. It is argued that our success in
this field will be dependent on our ability to construct different types of Markov
copulae [2]. The authors of this chapter present a new result on independence
copula for conditional Markov chains. A copula can be used to describe the
dependence between random variables. It is a multivariate probability distribution
for which the marginal probability distribution of each variable is uniform. The
authors of this chapter describe how to construct the conditionally independent
Markov copula (or the conditionally independent multivariate Markov coupling)
for a family of conditional Markov chains. While the reported result is important in
finance applications, e.g. in modelling credit rating migrations, there is a range of its
possible applications in other areas. One of the challenges in this field, identified by
the authors, is to effectively construct weak Markov copulae and weak conditional
Markov chains.

This section is concluded by the chapter devoted to financial systemic risk
models. Written by T. Hurd, its main result is in providing essential foundations
needed to prove rigorous percolation bounds and cascade mapping in assortative
networks. The main premises of the author’s approach are based on the fact that
the network of interbank counterparty relationships can be described as a directed
random graph. When cascade models of financial systemic risk are used, the
structure of this graph (or the skeleton of a financial network) can be thought as
a medium through which financial contagion is propagated. The author focuses on
a particular general class of random graphs—the assortative configuration model.
A new approximate Monte Carlo simulation algorithm for assortative configuration
graphs has been described in detail, and challenges for efficient simulations of such
graphs have been highlighted.

2.6 Life and Environmental Sciences

Many problems in biology and life sciences require consideration of environmental
effects. One class of such problems is related to the analysis of coexistence of
interacting populations in uncertain environment.

This section, written by S. Schreiber, focuses on this class of problems account-
ing for random fluctuations due to both environmental and demographic stochas-
ticities which are experienced by all populations. It is argued that demographic
stochasticity can be represented by Markovian models with a countable num-
ber of states where quasi-stationary distributions of these models characterize
metastable patterns of the system behaviour connected to long-term transients. At
the same time, the effects of environmental stochasticity on population dynamics
can be modelled with stochastic difference equations. The author explains that
for these models, stochastic persistence would correspond to empirical measures
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placing arbitrarily little weight on arbitrarily low population densities. Sufficient
and necessary conditions for such persistence are based on a weighted combination
of Lyapunov exponents. The theory has been developed for both single-species and
multi-species models.

The author has provided the reader with a range of interesting examples to
support the developed theory. This includes the quantification of climatic variability
effects on the dynamics of Bay checkerspot butterflies, the persistence of coupled
sink populations, coexistence of competitors through the storage effect, and stochas-
tic rock-paper-scissor communities. The chapter contains a comprehensive list of
open problems and challenges in this field.

2.7 Number Theory and Algebraic Geometry in Cryptography
and Other Applications

The topic of elliptic curves has an important place in mathematics and its applica-
tions. In the domain of applications this topic came to its new prominence in the late
1970s of the twentieth century when public key cryptography and cryptosystems
become important for private and secure electronic communication [8]. In 1993
it became also known that elliptic curves were used in Andrew Wiles’ proof of
Fermat’s Last Theorem. With the astounding growth of the Internet and new security
challenges of the twenty-first century, there is all evidence to expect increasing
importance of elliptic curves in a number of application areas. Nowadays, the topic
represents a combination of important challenges in practical/algorithmic issues and
the underlying mathematical beauty with a range of open problems.

This section covers both computational/algorithmic and theoretical aspects of
elliptic curves. Written by M. Bennett and A. Rechnitzer, the section provides a
good introduction to ubiquitous nature of these structures in mathematical sciences,
particularly in number theory and algebraic geometry. From a practical viewpoint,
the authors focus on the problem of generating/tabulating elliptic curves with
desired properties. Along with a comprehensive overview of state-of-the-art in the
area, they provide details of an algorithm for computing models for all elliptic
curves with integer coefficients and given conductor. The latter quantity has been
studied since A. Ogg and A. Weil in the late 1960s of the previous century, and
is often considered to be an integral ideal analogous to the Artin conductor of a
Galois representation. In the context of the current section, the authors define it
as an invariant that provides information about how a given elliptic curve behaves
over finite fields. Based on extensive comparisons to existing data, they demonstrate
that although their approach is based on classical ideas, it leads to a very efficient
computational algorithm. Furthermore, given multiple examples and data provided
in this section, the authors challenge the reader with new problems in this exciting
area.
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2.8 Sustainability and Cooperation

In many applications we have to deal with dynamic interactions of several entities,
agents, or players, in such a way that we can achieve a long-term cooperation,
stability, and sustainability. Many problems in economics, social, engineering, and
management sciences are of this type. Additional examples include the interaction
between economic and ecological dynamic systems or other systems where coop-
eration and negotiation on the amount and the allocation of investment could lead
to more sustainable use of natural resources [24]. In many such cases, the dynamic
coalition-formation process can be modelled via a self-organized transition from
unilateral action (Nash equilibria) to multilateral cooperation (Pareto optima).

When we have only a few agents/players with interdependent playoffs, coop-
erating/competing repeatedly over time for resources under uncertainty (e.g., in
demand), the general framework of dynamic games played over event trees is often
most suitable way to formalize such problems mathematically.

In this section, written by G. Zaccour, all principle components of the theory
of dynamic games played over event trees have been reviewed. Starting from a
review of the literature pertinent to the sustainability of cooperation in dynamic
games, the author moves to the details of the approach to achieve a node-consistent
outcome in dynamic games played over event trees. This approach is illustrated
by the node-consistent Shapley value, as well as by the node-consistent core. In a
methodologically consistent manner, the author has demonstrated how sustainable
cooperative solutions can be constructed. The chapter has also highlighted several
open problems. For example, can cooperation still be sustained if the cores in
some of subgames are empty? Another interesting problem is the analysis of node
consistency for dynamic games played over event trees in the case when the end of
the horizon is random.

3 Conclusions

In this section we highlighted a selection of areas, representing part of a broad
spectrum of the interdisciplinary interface where mathematical, statistical, and
computational models play a central role. Such models provide an indispensable
tool for scientific discoveries and innovation in the areas ranging from physics
and biology to economics and finance, from security and defense to sustainability
studies.
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Large Deviation Theory and Random
Perturbations of Dynamical Systems
with Applications



Long Term Effects of Small Random
Perturbations on Dynamical Systems:
Theoretical and Computational Tools

Tobias Grafke, Tobias Schifer, and Eric Vanden-Eijnden

Abstract Small random perturbations may have a dramatic impact on the long
time evolution of dynamical systems, and large deviation theory is often the right
theoretical framework to understand these effects. At the core of the theory lies
the minimization of an action functional, which in many cases of interest has to be
computed by numerical means. Here we review the theoretical and computational
aspects behind these calculations, and propose an algorithm that simplifies the
geometric minimum action method to minimize the action in the space of arc-length
parametrized curves. We then illustrate this algorithm’s capabilities by applying it
to various examples from material sciences, fluid dynamics, atmosphere/ocean sci-
ences, and reaction kinetics. In terms of models, these examples involve stochastic
(ordinary or partial) differential equations with multiplicative noise, Markov jump
processes, and systems with fast and slow degrees of freedom, which all violate
detailed balance, so that simpler computational methods are not applicable.

1 Introduction

Small random perturbations often have a lasting effect on the long-time evolution
of dynamical systems. For example, they give rise to transitions between otherwise
stable equilibria, a phenomenon referred to as metastability that is observed in a
wide variety of contexts, e.g. phase separation, population dynamics, chemical reac-
tions, climate regimes, neuroscience, or fluid dynamics. Since the time-scale over
which these transition events occurs is typically exponentially large in some control
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parameter (for example the noise amplitude), a brute-force simulation approach
to compute these events quickly becomes infeasible. Fortunately, it is possible to
exploit the fact that the mechanism of these transitions is often predictable when
the random perturbations have small amplitude: with high probability the transitions
occur by their path of maximum likelihood (PML), and knowledge of this PML also
permits to estimate their rate. This is the essence of large deviation theory (LDT)
[20], which applies in a wide variety of contexts. For example, systems whose
evolution is governed by a stochastic (ordinary or partial) differential equation
driven by a small noise or by a Markov jump process in which jumps occur often
but lead to small changes of the system state, or slow/fast systems in which the fast
variables are randomly driven and the slow ones feel these perturbations through the
effect fast variables only, all fit within the framework of LDT. Note that, typically,
the dynamics of these systems fail to exhibit microscopic reversibility (detailed
balance) and the transitions therefore occur out-of-equilibrium. Nevertheless, LDT
still applies.

LDT also indicates that the PML is computable as the minimizer of a specific
objective function (action): the large deviation rate function of the problem at
hand. This is a non-trivial numerical optimization problem which calls for tailor-
made techniques for its solution. Here we will focus on one such technique, the
geometric minimum action method (gMAM, [26, 39, 39]), which is based on the
minimum action method and its variants [17, 41, 44], and was designed to perform
the action minimization over both the transition path location and its duration. This
computation gives the so-called quasipotential, whose role is key to understand the
long time effect of the random perturbations on the system, including the mechanism
of transitions events induced by these perturbations. Our purpose here is twofold.
First, we would like to briefly review the theoretical aspects behind LDT that
lead to the rate function minimization problem and, in particular, to the geometric
variant of it that is central in gMAM. Second, we would like to discuss in some
details the computational issues this minimization entails, and remedy a drawback
of gMAM, namely its somewhat complicated descent step that requires higher
order derivatives of the large deviation Hamiltonian. Here, we propose a simpler
algorithm, minimizing the geometric action functional, but requiring only first order
derivatives of the Hamiltonian. The power of this algorithm is then illustrated via
applications to a selection of problems:

1. the Maier-Stein model, which is a toy non-gradient stochastic ordinary differen-
tial equation that breaks detailed balance;

2. a stochastic Allen-Cahn/Cahn-Hilliard partial differential equation motivated by

population dynamics;

. the stochastic Burgers-Huxley PDE, related to fluid dynamics and neuroscience;

4. Egger’s and Charney-DeVore equations, introduced as climate models displaying
noise-induced transitions between metastable regimes;

5. a generalized voter/Ising model with multiplicative noise;

W
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6. metastable networks of chemical reaction equations and reaction-diffusion equa-
tions;

7. a fast/slow system displaying transitions of the slow variables induced by the
effects of the fast ones.

The remainder of this paper is organized as follows. In Sect. 2 we briefly review
the key concepts of LDT that we will use (Sect.2.1) and give a geometrical point
of view of the theory that led to the action used in gMAM (Sect. 2.2). In Sect. 3 we
discuss the numerical aspects related to the minimization of the geometric action,
propose a simplified algorithm to perform this calculation, and compare it to existing
algorithms. We also discuss further simplifications of the algorithm that apply in
regularly occurring special cases, such as additive or multiplicative Gaussian noise.
Finally, in Sect. 4 we present the applications listed above.

2 Freidlin-Wentzell Large Deviation Theory (LDT)

Here we first give a brief overview of LDT [20], focusing mainly on stochastic
differential equations (SDEs) for simplicity, but indicating also how the theory can
be extended to other models, such as Markov jump processes or fast/slow systems.
Then we discuss the geometric reformulation of the action minimization problem
that is used in gMAM.

2.1 Some Key Concepts in LDT

Consider the following SDE for X € R"
dX = b(X)dt + /eo(X)dW, (D)

where b : R* — R” denotes the drift term, W is a standard Wiener process in R”,
o 1 R" — R" x R" is related to the diffusion tensor via a(x) = (667)(x), and e > 0
is a parameter measuring the noise amplitude. Suppose that we want to estimate the
probability of an event, such as finding the solution in a set B C R" at time T given
that it started at X(0) = x at time # = 0. LDT indicates that, in the limit as € — 0,
this probability can be estimated via a minimization problem:

P* (X(T) € B) =< exp (—e_l géu%g ST(¢>)) ) )

Here < denotes log-asymptotic equivalence (i.e. the ratio of the logarithms of
both sides tends to 1 as € — 0), the minimum is taken over the set ¥ = {¢ €
C([0,T],R") : ¢(0) = x,¢(T) € B}, and we defined the action functional
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fOT L(¢,¢)dr if the integral converges

Sr(¢) = 3

otherwise.

Here
L(p.$) = ) ($ —b(9). (a(@) ™" (¢ — b(#))), “4)
where we assumed for simplicity that a(¢) is invertible and (-,-) denotes the

Euclidean inner product in R”. LDT also indicates that, as ¢ — 0, when the event
occurs, it does so with X being arbitrarily close to the minimizer

¢« = argmin Sz (¢) @)
PEE
in the sense that
V> 0: lim]P”‘( sup |X(0) — ¢u ()| < S‘X(T) = B) =1
e—0 OSI‘ET

Thus, from a computational viewpoint, the main question becomes how to perform
the minimization in (5). Note that, if we define the Hamiltonian associated with the
Lagrangian (4)

H(¢,0) = (b(¢). 0) + (0, a($)0) (6)

such that
L(.9) = sup ((6.6) —H(?.9)). 7
this minimization reduces to the solution of Hamilton’s equations of motion,

¢ = Hy(¢.0) = b(¢) + a($)0

. 8

0 = —Hy($,0) = —(by($))0 + ;0. ay(9)0), ®
where subscripts denote differentiation and we use the convention (by); = 9b;/9¢;.
What makes the problem nonstandard, however, is the fact that these equations must
be solved as a boundary value problem, with ¢ (0) = x and ¢ (T) = y € B. We will
come back to this issue below.

If the minimum of the action in (2) is nonzero, this equation indicates that the
probability of finding the solution in B at time 7 is exponentially small in €, i.e. it is
a rare event. This is typically the case if one considers events that occur on a finite
time interval, 7 < oo fixed. LDT, however, also permits to analyze the effects of the
perturbations over an infinite time span, in which case they become ubiquitous. In
this context, the central object in LDT is the quasipotential defined as
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V(x,y) = inf min Sr(9), )
where €, ={¢ € C([0,T],R") : ¢(0) =x, ¢(T) =y}. The quasipotential permits
to answer several questions about the long time behavior of the system. For
example, if we assume that the deterministic equation associated with (1), X = b(X),
possesses a single stable fixed point, x,, as unique stable structure, and that (1)
admits a unique invariant distribution, the density associated with this distribution
can estimated as € — 0 as

p(x) < exp (—€ V(x4 %)) . (10)

Similarly, if X = b(X) possesses two stable fixed points, x, and x;, whose basins
of attraction have a common boundary, we can estimate the mean first passage time
the system takes to travel for one fixed point to the other as

Etosp =< exp (€' V(xa, x5)) (11)
where
Tasp = inf{t : X(f) € Bs(xp), X(0) = x,}, (12)

in which Bs(x;) denotes the ball of radius § around x;, with § small enough so
that this ball is contained in the basin of attraction of x;. In this setup, we can also
estimate the ratio of the stationary probabilities to find the system in the basins of
attraction of x, or x,. Denoting these probabilities by p, and p;, respectively, we
have

Pa _ Et,—p

= = exp (G_I(V(xa,xh) — V(x;,,xa))) . (13)
Pb Etb—)a

These statements can be generalized to many other situations, e.g. if X = b(X)
possesses more than two stable fixed points, or attracting structures that are more
complicated than points, such as limit cycles. They can also be generalized to
dynamical systems other than (1), e.g. if this equation is replaced by a stochastic
partial differential equation (SPDE), or for Markov jump processes in which the
jump rates are fast but lead to small changes of the system’s state [20, 35], or in
slow/fast systems where the slow variables feels random perturbations through the
effect the fast variables have on them [6, 19, 28,29, 40]. In all cases, LDT provides us
with an action functional like (3), but in which the Lagrangian is different from (4)
if the system’s dynamics is not governed by an S(P)DE. Typically, the theory yields
an expression for the Hamiltonian (6), which may be non-quadratic in the momenta,
or even such that the Legendre transform in (7) is not available analytically. This
per se is not an issue, since we can in principle minimize the action by solving
Hamilton’s equations (8). However, these calculations face two difficulties. The first,
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already mentioned above, is that (8) must be solved as a boundary value problem.
The second, which is specific to the calculation of the quasipotential in (9), is that
the time span over which (8) are solved must be varied as well since (9) involves a
minimization over 7, and typically the minimum is reached as 7 — oo (i.e. there
is a minimizing sequence but no minimizer) which complicates matters even more.
These issues motivate a geometric reformulation of the problem, which was first
proposed in [25] and we recall next.

2.2 Geometric Action Functional

As detailed in [25] (see Proposition 2.1 in that paper), the quasipotential defined
in (9) can also be expressed as

V(x,y) = min S(p), (14)
‘Pe%ﬁy

where ‘K;,y = {p € C([0,1],R") : ¢(0) = x,¢(1) = y} and 3’((,0) is the geometric
action that can be defined in the following equivalent ways:

1
Sp)= sup / (¢ 9)ds (150)
9:H(p.9)=0J0
1
S(p) = /0 (@' D (g, 0'))ds (15b)
. 1 1 ,
S(p) = /0 N oy L0 A0S (150)

where D4 (¢, ¢’) and A(p, ¢’) are the solutions to

H((pv 19*((»07 90/)) = Os H&((ﬂ, 19*((»07 90/)) = A(QD, (p/)(p/ Wlth A Z 0. (16)

The action S’((p) has the property that its value is left invariant by reparametrization
of the path ¢, i.e. it is an action on the space of continuous curves. In particular, one
is free to choose arclength-parametrization for ¢, e.g. |¢’| = 1/L for [ |¢’|ds = L.
This also means that the minimizer of (14) exists in more general cases (namely as
long as the path has finite length), which makes the minimization problem easier to
handle numerically, as shown next.
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3 Numerical Minimization of the Geometric Action

From (14), we see that the calculation of the quasipotential reduces to a minimiza-
tion problem, whose Euler-Lagrange equation is simply

DyS(p) = 0, (17)

where D, denotes the functional gradient with respect to ¢. The main issue then
becomes how to find the solution ¢, to (17) that minimize the action S’((p). In this
section, we first briefly review how the gMAM achieves this task. We will then
introduce a simplified variant of the gMAM algorithm that in its simplest form relies
solely on first order derivatives of the Hamiltonian. Subsequently, we also analyze
several special cases where the numerical treatment can be simplified even further.

3.1 Geometric Minimum Action Method

The starting point of gMAM is the following expression involving D¢§ () that can
be calculated directly from formula (15b) for the action functional:

—AH;5D,S(p) = 22" — AHy,¢' + HygH, + AN'¢. (18)

This is derived as Proposition 3.1 in Appendix E of [25], and we will show below
how this expression can be intuitively understood. Since Hyy is assumed to be
positive definite and A > 0, we can use (18) directly to compute the solution of (17)
that minimizes S’(qp) via a relaxation method in virtual time t, that is, using the
equation:

dp

= —AHyyD,S
91 99 DyS(¢)

= A%" — AHy,¢' + HypH, + AN ¢'. (19)

This equation is the main equation used in the original gMAM. Note that the
computation of the right hand-side of this equation requires the computation of H,,
Hy, and Hyy, where the second derivatives of the Hamiltonian possibly become
unsightly for more complicated systems that arise naturally when trying to use
gMAM in practical applications. In Sect. 3.2 we propose a simplification of this
algorithm that reduces the terms necessary to only first order derivatives of the
Hamiltonian, Hy and H,,.

Coming back to (18), it can be intuitively understood by using the associ-
ated Hamiltonian system. Consider a reparametrization of the original minimizer
@«(s(f)) = ¢«(¢). In the following we are using a dot in order to denote partial
derivatives with respect to time and a prime in order to denote a partial derivative
with respect to the parametrization s, hence v = dv/dt and v/ = dv/ds. With this
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notation, we find for A" = 7(s) that ¢ = A as well as ¢» = Hg, O = —H,,
and therefore

bx = Hopps + Hyg0s
= AHpy @, — HogHy

but also, since d/dt = A 9/ s,

b = B(Agpl) /01
= Mg, + 2%]

so in total
—AN @ + AHps@l — HopgHy — A2l = 0 = AHggD,S(¢),

i.e. indeed the gradient vanishes at the minimizer.

3.2 A Simplified gMAM

In contrast to the previous section, we start from the form (15a) of the geometric
action. We want to solve the mixed optimization problem, i.e. find a trajectory ¢«
such that

@« = argmin  sup  E(¢, D), (20)
ped,, VH(@=0
where
1
0
Let
Ex(p) = sup  E(p. D) (22)
9:H(¢,0)=0

and U (¢) such that Ex(¢) = E(¢, %«(¢)). This implies that . fulfills the Euler-
Lagrange equation associated with the constrained optimization problem in (22),
that is,

DﬂE(wsﬁ*) = /JLH&(quﬁ*)s (23)
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where on the right-hand side u(s) is the Lagrange multiplier added to enforce the
constraint H(g, ¥x) = 0. In particular, at ¥ = 1, we have

IDEIE )
= = : 24
H= (DE.Hy) — (', Hy) @9

where the inner product ((-, -)) and its induced norm || - || can be chosen appropriately,
for example as (-, -) or (-, Hy} -).

At the minimizer @, the variation of E, with respect to ¢ vanishes. Using (23)
we conclude

0 = DyEx(¢x) = DyE(ps, O5) + [DﬂEDw]W)zwm*)

= =0+ w[HyDp? ] 5, 5.

— 0! — uH, (e D). (25)
where in the last step we used H(g, ¥x) = 0 and therefore
Hy (¢, 0%) = —Hy (@, %4)Dy0.

Multiplying the gradient (25) with any positive definite matrix as pre-conditioner
yields a descent direction. It is necessary to choose ™! as pre-conditioner to ensure
convergence around critical points, where ¢’ = 0.

Summarizing, we have reduced the minimization of the geometric action into
two separate tasks:

1. For a given g, find 9. (¢) by solving the constrained optimization problem

19* ((p) = argmax E((pv 19)7 (26)
9.H(p,0)=0

which is equivalent to solving

DyE(p. %) = ¢’ = uHy (@, 9) (27)

for (u, ¥%) under the constraint H(g, ¥,) = 0. This can be done via

» gradient descent;

* a second order algorithm for faster convergence (e.g. Newton-Raphson, as
employed in [25]);

* in many cases, analytically (see below).

2. Find ¢, by solving the optimization problem

@+« = argmin E4 (@), (28)
‘Pe%;:.y
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for example by pre-conditioned gradient descent, using as direction

—1T DyEx = T 05(9) + Hy (9, D(9)), (29)

with u~! as pre-conditioner. The constraint on the parametrization, e.g.

’| = const, must be fulfilled during this descent (see below).
% g

3.3 Connection to gMAM

The problem of finding ¥« (¢) is equivalent to (16) from gMAM and the same
methods are applicable. In particular note that the Lagrange multiplier x which
enforces H(¢«, 94) = 0 is identical to A",

It is also easy to see that, at (¢«, D), the combined optimization problem
{DyE = uHy,D,E4« = 0} is identical to the geometric equations of motion,

DyE = ¢' = uHy

, (30)
DyEy = -0 — puH, = 0.

On the other hand, none of the formulas in the above section use higher
derivatives of the Hamiltonian: Only H,, and Hy are needed, which is a significant
simplification. This is obviously also true for the equations of motion (8) and their
geometric variant (30), which is the basis for the efficiency of algorithms like
[11,21,22].

3.4 Simplifications for SDEs with Additive Noise

For an SDE of the form

dX = b(X)dt + /e dW, 3D
where 0 = Id, the equations of gMAM become significantly simpler. In the
following, we derive explicit expressions for this case, as it arises in numerous

applications.
The corresponding Hamiltonian is given by

H(p,9) = (b,0) + ;(19, ) =0 (32)

and we find directly

H, = (b,)"9, Hy=b+9.
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In many cases, we consider exits from stable fixed points of the deterministic system
where we have H = 0 which, if we also use DyE = pHy, permits to conclude that

|Hy|> = |b 4 0> = |b]* + 2(b,®) + (8,9) = |b|* +2H = |b|*>.  (33)

As aresult

_IDsEl _ 'l _ el

- - = 34
Hyl ~ b+ ] bl G

i.e. we can compute u without the knowledge of ©¥. On the other hand (27) implies
o' =uHy =pb+9) = 9=p"'¢' —b. (35)
The whole algorithm therefore reduces to the gradient descent

0 ,
o = WL+ (b)) s, (36)

with w, 9. given by (34) and (35). Examples in this class will be treated in Sects. 4.1,
4.2, and 4.4 below.

3.5 Simplifications for General SDEs (Multiplicative Noise)

As a slightly more complicated case, consider the following SDE with multiplicative
noise:

dX = b(X)dt + Jea(X) dW, 37
where a(¢) = o (¢)o ' (¢). Then the Hamiltonian reads
H(p,®) = (b,0) + ) (%, ad) (38)
and
Hy, = (by)"0 + (9. (ay)?), Hy = b+ ad. (39)

Defining an inner product and norm induced by the correlation, (u, v), = (u,a™'v)
12 .

and |u|, = (u,u),” yields, as before,

_ 9’|

|Hyla = |bla = w=
|bla

(40)
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and
9 =a'(u'¢ D). 1)
In the case of multiplicative noise, the algorithm therefore reads

0
af = 1L+ () 0 + (D, (ap)D) (42)

with w, ¥4 given by (40) and (41). An example in this will be treated in Sect. 4.5.

It is also worth pointing out that we encounter difficulties as soon as the noise
correlation a is not invertible. This is equivalent to stating that some degrees of
freedom are not subject to noise and thus behave deterministically. The adjoint field
¥ has to be equal to zero on these modes, and they fulfill the deterministic equation
¢’ = b exactly. This translates into additional constraints for the minimization
procedure, which have to be enforced numerically.

3.6 Comments on Improving the Numerical Efficiency

To increase the numerical efficiency of the algorithm, some alterations are
possible:

 Arc-length parametrization, |¢’| = const, can be enforced trivially and without
introducing a stiff Lagrange multiplier term by interpolation along the trajectory
every (or every few) iterations. As additional benefit of this method all terms of
the relaxation dynamics which are proportional to ¢’ can be discarded, as they
are canceled by the reparametrization. This is of particular use in applications
that involve PDEs (see Sect. 3.7), as shown in examples below.

e Stability in the relaxation parameter can be greatly increased if one treats
the stiffest term of the relaxation equation implicitly. In ODE systems, the
stiffest term usually is Hj3¢”, which is contained in ¢'. For simplicity of
implementation, it is sufficient to compute ¥4 in the usual way, apply ¥, in the
descent step, but subtract Hj 3¢, and add Hy ¢, here. This approach also
extends to the case of general Hamiltonians, where the dependence of ¢« on ¢’
is less obvious.

In our implementation, the relaxation step is conducted by computing
our1 = (1 — b2 Hy}9?) ' Ry, (43)
where

Ry = (g + h(™"0L (@) + Hyo (@, 04 (00)) — £ 2Hyhgl)) .
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This division into an implicit treatment of the stiffest term and explicit treatment
of the rest is the simplest case of Strang splitting [36] and the implementation
of (43) is only first order accurate. The splitting can be taken to arbitrary order
[43] under additional computational cost.

Note that the above modification, while increasing efficiency, at the same time
increases complexity, as the computation of the second derivative Hyy becomes
necessary. In practice, if the Hamiltonian is not too complex, we find that the
benefits outweigh the implementation costs, and some problems, especially PDE
systems, are not tractable at all with the inefficient but simpler choice of explicit
relaxation. If the PDE system contains higher-order spatial derivatives, even more
terms should possibly be treated with a stable integrator, as is discussed in the
next section.

* Depending on the problem, it might be beneficial to choose a different scalar
product in the descent. In case of traditional gMAM, the descent is done using
(-, (u*Hygy)™'-), but other choices are also feasible. Note that it is possible to
choose the metric such that at least one term at the right-hand side disappears,
as it becomes parallel to the trajectory and is canceled by reparametrization, as
outlined above.

* Some insight about the nature of the transition can be obtained by first finding
the heteroclinic orbits defined geometrically as

@' || b(e). (44)

This calculation can be done very efficiently even for complicated problems
via the string method [16]. Even though the heteroclinic orbit differs from the
transition path for systems that violate detailed balance, it does correctly predict
the transition from the saddle point onward (the “downhill” portion, which
happens deterministically). The method put forward here can then be used to
find the transition path up to the saddle (the “uphill” portion) only. If there are
several saddles to be taken into account, it is not known a priori which one will
be visited by the transition pathway. In this case, the strategy has to be modified
accordingly, for example by computing one heteroclinic orbit per saddle. To
highlight the relation between the string and the minimizer, we compute and
compare the two in many of the applications below. We denote with “string” the
heteroclinic orbits connecting the fixed points to the saddle point of relevance
found via the string method.

3.7 SPDEs with Additive Noise

In this section, we discuss the application to SPDE systems. For simplicity, we focus
on the case of SPDEs with additive noise that can be written formally as

U, = B(U) + Ve n(x, 1), (45)
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where the drift term is given by the operator B(U) and 1 denotes spatio-temporal
white-noise. It is a non-trivial task to make mathematical sense of such SPDEs
under spatially irregular noise due to the possible ill-posedness of non-linear
terms, especially if the spatial dimension is higher than one. This may require
to renormalize the equation, which can be done rigorously in certain cases using
the theory of regularity structures [23]. The renormalization procedure typically
involves mollifying the noise term on a scale §, and adding terms in the equation
that counterbalance divergences that may occur as one lets § — 0. In the context
of LDT, the main issue is whether these renormalizing terms subsist if we also let
€ — 0.1In [24], it was shown in the context of the stochastic Allen-Cahn equation in
2 or 3 spatial dimensions that the action of the mollified equation converges towards
the action associated with the (possibly formal) equation in (45) in which the noise
is white-in-space provided that € is sent to zero fast enough as § — 0. This action
reads

1 T
$1@) = [ 16~ B@) i, 6)

where | - ;2 denotes the L2-norm. This leads to expressions for the geometric action
that are similar to those in (15) but with the Euclidean inner product replaced by the
L?-inner product. In the sequel we will not dwell further on these mathematical
issues and always assume that (46) and the associated geometric action are the
relevant one to study.

The gradient descent for the minimizer of this geometric action is similar to the
one in (36) but with the term (b,)” replaced by the functional derivative of the
operator B with respect to ¢.

dg

= L+ (0,8) 0., @)

In practice, however, this equation needs to be rewritten in order to allow for
numerical stability. This is due to the fact that the scheme will contain derivatives of
high orders, and their corresponding stability condition (CFL condition) will limit
the rate of convergence of the scheme. We therefore want to treat the most restrictive
terms either implicitly or with exponential integrators. To this end, let us focus on
the following class of problems where the drift B can be written as

B =Ly + R(p), (48)

where L is a linear self-adjoint operator containing higher-order derivatives that does
not depend on time explicitly, and R(¢) is the rest, possibly nonlinear. Recall that
¥ can be computed from ¢’ via

O =pu"'¢'—=B=p""¢'— Lo — R(p). (49)
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On the other hand, we have also a term proportional to L in
DyB = D,R + L (50)

and, therefore, the relaxation formula (47) for ¢ actually contains a term L?@. If
L contains higher-order derivatives, this term will likely be the most restrictive
in terms of numerical stability. It is therefore advantageous to treat it separately.
Introducing an auxiliary variable ¥ defined by

Do =p"'¢' —R(p) = 0 + Ly (51)
we can rewrite the relaxation formula as

dp
T

= "9, + (D,B)" V.

= w0, — 'Ly’ + (DyR) Vs + L

= 3790, — 'Ly’ + (DyR) s + L(Ds — Lo)

= w0, — 'Ly’ + (DyR) Vs + L. — L%

= w79, + (D R)" 9 — LR(p) — L.

The term L?¢ is now separated and can be treated independently. Since it is linear by
definition, it can be treated very efficiently with an integrating factor by employing
exponential time differencing (ETD) [5]. For an equation with a deterministic term

of the form (48), multiplying by the integrating factor e~* and integrating from t,,
to T,+1 = T, + h, one obtains the exact formula

h
Pnr1 = Mg, + € / e U R(p(ty + 1)) dr, (52)
0

which can be approximated by
i1 = ey + (e — 1L~ R(gn), (53)

when treating the linear part of the equation exactly and approximating the integral
to first order. This scheme can be taken to higher order [12] and its stability improved
[27], but a first order scheme proved to be sufficient for the examples given below.
For the descent (47) we want to treat the stiffest part —L?¢ with ETD, so the
integrating factor here becomes et

A complete relaxation step then consists of

1. compute ¥, and D using the explicit formulas

% = p'¢' = R(p), P =Dx—Lo:
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2. compute the explicit step
§ = u' DL+ (DR)" 9« — LR(p) — 7 Hyj0)

where as in the SDE case, if needed, we can subtract the term . ~> l;l% @)/ to treat
it implicitly later;
3. perform an ETD step

— _2 g2 _
¢ =g — (" =1L 'E:
4. apply the second derivative in arc-length direction implicitly,

Pt = (1 = Hy 3 87) 7' .
Note that the integral factors e LM and (e_Lzh — Id)(uL?)~" are possibly costly
to compute, as they contain matrix-exponentials and inversions. However, the
computation can be done once before starting the iteration, so that the associated
computational cost becomes negligible. In contrast, this is not true in general for the
implicit step 4, since u_zH;l% might depend on the fields in a complicated way and
has to be recomputed at every iteration.

4 Illustrative Applications

In what follows we apply our simplified gMAM to the series of examples listed
in the introduction. These examples illustrate specific questions encountered in
practical applications arising in a variety of fields, in which the computation of the
rate and mechanism of transitions is of interest. Note that all these examples involve
non-equilibrium systems whose dynamics break detailed balance, so that simpler
methods of computation are not readily available.

In the following, we will break our notation convention and instead use the
notation of the respective fields to minimize confusion.

4.1 Maier-Stein Model

Maier and Stein’s model [31] is a simple system often used as benchmark in LDT
calculations. It reads

du = (u—u’ — Buv?)dt + JedW,

54
dv = —(1 4+ u?)vdt + JedW,,
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Fig. 1 Maier-Stein model, § = 10. Left: PML and heteroclinic orbit. The arrows denote the
direction of the deterministic flow, the shading its magnitude. The solid line depicts the minimizer,
the dashed line the heteroclinic orbit. Dots are located at the fixed points (circle: stable; square:
saddle). Right: Action density along the minimizer and the heteroclinic orbit

where f is a parameter. For all values of 8, the deterministic system has the two
stable fixed points, ¢ = (—1,0) and ¢+ = (1,0), and a unique unstable critical
point ¢, = (0, 0). However it satisfies detailed balance only for § = 1. In this case,
we can write the drift in gradient form, b(¢) = V,U(¢), and the minimizers of
the geometric action that connects ¢_ to ¢4 and vice-versa are the time-reverse of
each other and lie on the location of the heteroclinic orbit where ¢’ | VU. Here,
we use B = 10, in which case detailed balance is broken and the forward and
backward transition pathways are no longer identical. Since the noise is additive,
the system (54) falls into the category discussed in Sect. 3.4 and can be solved with
the simplest variant of the algorithm. The minimizer of the action connecting ¢—
to ¢4+ and the value of the action along it are shown in Fig. 1. Since the system is
invariant under the transformation v — —v, there is also a minimizer with identical
action in the v < 0 half-plane. Similarly, the paths from ¢ to ¢_ can be obtained
via the transformation # — —u. The numerical parameters used in these calculations
were h = 107!, N, = 219, where N, denotes the number of configurations along the
transition trajectory or the number of images.

4.2 Allen-Cahn/Cahn-Hilliard System

Pattern formation in motile micro-organisms is often driven by non-equilibrium
forces, leading to visible patterns in cellular colonies [8, 34]. For example, E. coli
in a uniform suspension separates into a bacteria-rich and a bacteria-poor phase if
the swim speed decreases sufficiently rapidly with density [37]. Here we study a
model inspired by these phenomena. We note that this model does not permit the
thermodynamic mapping used in [37], so that understanding the non-equilibrium
transitions in the model requires minimization of the geometric action of LDT.
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Fig. 2 Allen-Cahn/Cahn- ! L ! ! L
Hilliard toy ODE model,

o = 0.01. The arrows denote 1.0
the direction of the
deterministic flow, the color
its magnitude. The white
dashed line corresponds to
the slow manifold. The solid
line depicts the minimizer,
the dashed line the
heteroclinic orbit. Markers ~0.5 -
are located at the fixed points

(circle: stable; square: saddle)
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4.2.1 Reduced Allen-Cahn/Cahn-Hilliard Model
Consider the SDE system
1
dp = (a (¢ — ¢>3> — ¢)dt + /edW (55)

with ¢ = (¢, ¢2) and the matrix Q = ((1,—1), (=1, 1)). This system does not
satisfy detailed balance, as its drift is made of two gradient terms with incompatible
mobility operators (namely Q and Id). Model (55) can be seen as a 2-dimensional
reduction to a discretized version of the continuous Allen-Cahn/Cahn-Hilliard
model discussed later in Sect. 4.2.2.

The deterministic flowlines of (55) are depicted in Fig.2. The deterministic
dynamics has two stable fixed points, ¢4 = (—1,1) and ¢p = (1,—1), and an
unstable critical point, ¢s = (0, 0), lying on the separatrix where ¢, = ¢, between
the basins of ¢4 and ¢p. The location of the heteroclinic orbits connecting ¢g to
¢4 and ¢p is a straight line between these points. When « is small in (55), there
exists a “slow manifold”, comprised of all points where Q(¢ — ¢3) = 0 which is
shown as a white dashed line in Fig. 2. On this manifold, the deterministic dynamics
are of order O(1), which is small in comparison to the dynamics of the Q-term,
which are of order O(1/«). This suggests that for small enough « the transition
trajectory will follow this slow manifold on which the drift is small, rather than the
heteroclinic orbit, to escape the basin of the stable fixed points. This is confirmed
in Fig. 2 where we show the action minimizer connecting ¢p to ¢4. As can be seen,
the minimizer first tracks the slow manifold, and it approaches the separatrix at a
point far from ¢s. It then follows closely the separatrix towards ¢s (which has to be
part of the transition) to cross into the other basin and then relax (deterministically)
towards ¢4.
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Fig. 3 Left: Action density along the path for the 2-dimensional reduced model. Path parameter
is normalized to s € (0, 1). For the second half of the transition, the action density is zero. Right:
Minimizers of the action functional for different values of «. For « — 0, the minimizer approaches
the slow manifold. Note that the switch to a straight line minimizer happens at a finite value o ~
1.12

The action along the minimizer and the paths made of the heteroclinic orbits are
depicted in Fig. 3 (left). Notably, due to its movement along the slow manifold, the
action along the minimizer is smaller by a factor of order . Minimizers for different
values of o are shown in Fig. 3 (right). Note that in the opposite limit o >> 0 the
switch to a straight line happens at a finite value o ~ 1.12.

In these computations, we used Ny = 214 h =102

4.2.2 Full Allen-Cahn/Cahn-Hilliard Model

Consider next the SPDE

b= | Plegut 9= 8) — ¢+ Ven(u., (56)

where P is an operator with zero spatial mean and 7(x, f) a spatio-temporal white-
noise. This model is again of the form of two competing gradient flows with different
mobilities:

¢ = —M1DyVi(§) — MaDyVa($) + veM, *n(x, 1), (57)
with

1 1 1 1
Vi(¢) = 2/c|¢>x|2 + 2|¢>|2— 4|¢>|4, My= P (58a)

1
Va(g) = —2|¢|2, M, = 1d. (58b)
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For P = —3)% the system is a mixture of a stochastic Allen-Cahn [2] and Cahn-
Hilliard [7] equation. Here we will consider P(¢) = ¢ — f ¢ dx, which is similar
in most aspects discussed below but simpler to handle numerically. We are again
interested in situations where o is small, and the time scales associated with V;
and V, differ significantly. In this case it will turn out that transition pathways are
very different from the heteroclinic orbits, in that the separatrix between the basins
of attraction is approached far from the unstable critical point of the deterministic
system. This behavior is reminiscent of the 2-dimensional example discussed above,
but in an SPDE setting.

The fixed points of the deterministic (¢ = 0) dynamics of system (56) are the
solutions of

P(kpe + ¢ — ¢°) —ad = 0. (59)

The only constant solution of this equation is the trivial fixed point ¢ (x) = 0, whose
stability depends on o and k. In the following, we choose & = 1072 and Kk =
21072, in which case ¢(x) = 0 is unstable. The two stable fixed points obtained
by solving (59) for these values of o and « are depicted in Fig. 4 as ¢4 and ¢, with
¢4 = —¢p. An unstable fixed point configuration on the separatrix between ¢4 and
¢p is also shown as ¢y.

For finite but small ¢, the deterministic part of (56) has a “slow manifold” made
of the solutions of

Pk + ¢ — ¢°) = 0. (60)

On this manifold the motion is driven solely by changing the mean via the slow
terms, —¢ + /€ n(x, 1), on a time-scale of order O(1) in «. After two integrations
in space, (60) can be written as

Koo+ ¢ — ¢ = 1A, (61)

where A is a parameter. As a result the slow manifold can be described as one-
parameter families of solutions parametrized by A € R—in general there is more
than one family because the manifold can have different branches corresponding to
solutions of (59) with a different number of domain walls. The configuration labeled
as ¢ in Fig. 4 shows the field at the intersection of one of these branches with the
separatrix. Since the deterministic drift along the slow manifold is small compared
to the O(1/w) drift induced by the Cahn-Hilliard term, one expects that the most
probable transition pathway will use this manifold as channel to escape the basin
of attraction of the stable fixed points ¢4 or ¢p. This intuition is confirmed by the
numerics, as shown next.

Figure 5 (left) shows the heteroclinic orbit connecting the two stable fixed points
¢4 and ¢p to the unstable configuration ¢s. The mean is preserved along this
orbit, which involves a nucleation event at the boundaries followed by domain
wall motion through the domain. The unstable fixed point ¢,, denoted by S, which
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Fig. 4 The configurations da ox ¢g = — 0p
A, B, S, X in space: ¢4 and ¢p 1.0
are the two stable fixed '
points, ¢ is the unstable
fixed point on the separatrix 05
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Fig. 5 Transition pathways between two stable fixed points of equation (56) in the limit € — 0.
Left: heteroclinic orbit, defining the deterministic relaxation dynamics from the unstable point
S down to either A or B. Right: Minimizer of the geometric action, defining the most probable
transition pathway from A to B, following the slow manifold up to X, where it starts to nearly
deterministically travel close to the separatrix into S

also demarcates the position at which the separatrix is crossed, is the spatially
symmetric configuration with a positive central region and two negative regions
at the boundary. Locations A and B label the two stable fixed points ¢4 and ¢p.

In contrast, Fig.5 (right) shows the minimizer of the geometric action, which
is the most probable transition path as € — 0. It was computed via the algorithm
outlined in Sect. 3.7, with L = ! Pd? —Id and R(u) = | P(u— u?). Starting at the
fixed point A the minimizer takes a very different path than the heteroclinic orbit.
It first moves the domain wall, at vanishing cost for « — 0, without nucleation.
At the point X the motion changes, tracking closely the separatrix towards the
unstable point S. From this point onward, S — B, the transition path then follows
the heteroclinic orbit, which is the deterministic relaxation path. In this respect, the
SPDE model (56) resembles closely the 2-dimensional model (55).
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Fig. 6 Projection of the heteroclinic orbit and the minimizer of the action functional into a 2-
dimensional plane. The x-direction is proportional to its component in the direction of the initial
condition ¢4 while the y-direction corresponds to its spatial mean. The stable fixed points are
located at A and B, the unstable fixed point at S. The separatrix is the straight line [ P (x)Pa(x) dx =
0. The heteroclinic orbit (light) travels A — S — B in a horizontal line with vanishing mean,
while the minimizer (dark) travels first along the slow manifold (dashed) A — X and then tracks
the separatrix from X to S

To further illustrate this resemblance, we choose to project the minimizer and the
heteroclinic orbit onto two coordinates,

1. its mean f ¢ (x) dx, which resembles the direction ¢; + ¢, of the 2-dimensional
model, and

2. its component in the direction of the initial (or final) state, | ¢ (x)¢a(x) dx, which
corresponds to the direction ¢; — ¢, of the 2-dimensional model.

The transition path and the heteroclinic projected in these reduced coordinates are
depicted in Fig. 6. Note that this figure is not a schematic, but the actual projection
of the heteroclinic orbit and the minimizer of Fig. 5 according to (i) and (ii) above.
The separatrix is the straight line [ ¢(x)¢a(x)dx = 0. The movement of the
minimizer (dark) closely along the slow manifold (dashed), A — X, and the
separatrix, X — S, (which is also part of the slow manifold) into S highlights its
difference with the heteroclinic orbit (light). The configurations at the points A, B, S
and X are depicted in Fig.4, while Fig.7 shows the action density dS along the
transition path. Note that this quantity becomes close to zero already at X, because
the minimizer follows closely the separatrix from X to S, and this motion is therefore
quasi-deterministic.

The numerical parameters we used in these computations are & = 107!, N, =
100, N, = 2%, where N, denotes the number of spatial discretization points.
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4.3 Burgers-Huxley Model

As a second example involving an SPDE, we consider
Uy + ouny, — Ky = f(u, x, 1) + Jen(x, 1). (62)

where o > 0 and « > 0 are parameters, and we impose periodic boundary condition
on x € [0, 1]. Without the term f(u, x, t), this is the stochastic Burgers equation
which arises in a variety of fields, in particular in the context of compressible gas
dynamics, traffic flow, and fluid dynamics. With the reaction term f(u, x, t) added
this equation is referred to as the (stochastic) Burgers-Huxley equation [42] , which
has been used e.g. to describe the dynamics of neurons. The addition of a reaction
term makes it possible to obtain multiple stable fixed points. As a particular case,
we will consider (62) with

S, x, 1) = —u(l —u)(1 + u) (63)

so that uy = 1 and u— = —1 are the two stable fixed points of the deterministic
dynamics. We are interested in the mechanism of the noise-induced transitions
between these points.

When o = 0, the system is in detailed balance and therefore the forward and
backward reaction follow the same path. The potential associated with the reaction
term (63) is symmetric under # — —u, and both states are equally probable.
In contrast, when o # 0 it is not obvious a priori whether u4+ and u_ are
equally probable, since the non-linearity breaks the spatial symmetry, leading to
a steepening of negative gradients into shocks while flattening positive gradients.
A computation of the minimizer of the geometric action in both directions, for

1

k = 001 and ¢ = s reveals that indeed forward and backward reactions

are equally probable, even though the transition paths do not coincide with the
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Fig. 8 Burgers-Huxley equation: Minimizer switching from u_ = —1 to uyx = 1. Left: u-
field. The saddle-point is marked with a dashed line. There is a noticeable kink in the dynamics
switching from uphill (s < Sgaqqie) to downhill (s > sg,qq1) dynamics. Right: Action density along
the minimizer

heteroclinic orbits. The transition from u_ to uy is depicted in Fig.8 (left). An
intuitive explanation for the equal probability of u4 and u_ is given by the fact
that the backward reaction pathways is identical to the forward path under the
transformation # — —u, x — —x. The action along this minimizer is depicted
in Fig. 8 (right). The minimizer is computed via the algorithm lined out in Sect. 3.7,
with L = —«3? and R(u) = auu, + u(1 — u)(1 + u).

The numerical parameters were chosen as Ny = 100, N, = 28 h=5-1073.

4.4 Noise-Induced Transitions Between Climate Regimes

Many climate systems exhibit metastability. Examples include the Kuroshio oceanic
current off the coast of Japan, which can be in either a small or a large meander
state and rarely switches between the two [9, 33], or the atmospheric mid-latitude
circulation over the North-Atlantic, which makes rare transitions between a strongly
zonal and a weakly zonal (“blocked”) flow, characterized as “Grosswetterlagen” in
[4]. In these and similar examples, the climate system stays trapped in the vicinity
of the stable regimes most of the time. Random noise, originating either from
physical stresses or from unresolved modes in truncated models, induces rare regime
transitions, which can be captured by large deviation minimizers. The transition
trajectory and their corresponding action allow to make statements about not only
the relative probability of the different regimes and the transition rates, but also the
exact transition pathway taken to switch between regimes.

We want to illustrate the feasibility of our numerical scheme for this particular
field of application by investigating metastability in two simple climate models:
A three-dimensional model for Grosswetterlagen proposed by Egger [18] and the
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six-dimensional Charney-DeVore model [10]. Due to their highly truncated nature,
both models have very limited predictive power, but exemplify the phenomenon of
metastability in climate patterns or regimes.

4.4.1 Metastable Climate Regimes in Egger’s Model

Egger [18] introduces the following SDE system as a crude model to describe
weather regimes in central Europe:

da = kb(U — B/k?) dt — yadt + JedW,,
db = —ka(U — B/k?) dt + UH/kdt — ybdt + /edW,, (64)
dU = —bHk/2dt — y(U — Up) dt + /edWy.

When € is small, these equation exhibit metastability between a “blocked state”
and a “zonal state”, shown in Fig.9. We use our gMAM algorithm to compute
the transition paths between these states. The system (64) falls into the category
discussed in Sect. 3.4 and can be solved with the simplest variant of the algorithm.
For H = 12, = 125,y = 2,k = 2 and Uy = 10.5, the fixed points are
approximately (a, b, U) = (0.465, 1.65,0.593) for the blocked, (3.07,0.392, 8.15)
for the zonal and (2.80,1.35,2.38) for the unstable fixed point (saddle). The
minimizers of the action are show in Fig. 9(left) where they are compared to the
heteroclinic orbits that connects the unstable critical points to the stable ones. The
action density along the transition trajectories and the heteroclinic orbits is depicted
in Fig. 9 (right).

The numerical parameters we used in these computations are Ny = 28 h =103,

min b — z min z — b het. orbit 40 minimizer, b — z
e string, b — 2z

minimizer, z — b
zonal

r 9 30 4 = = string,z — b
7
220 o
5 -
U 7 N\
4 \
3 10 7 \
1 ! A
3.5 2 blocked ! \
D
= 0.2 0 F = = = = = = = == —_—
31'005 14 10 0.6 T T T T 1
: 1.8 : s
) 0.0 0.2 0.4 0.6 0.8 1.0

Fig. 9 Egger’s model with H = 12,8 = 1.25,y = 2,k = 2, Uy = 10.5 Left: Minimizers and
deterministic relaxation paths. Right: Comparison of the action density
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4.4.2 Metastable Climate Regimes in the Charney-DeVore Model

Egger’s model retains no nonlinear interaction between different fluid modes, which
is believed to be insufficient to explain the transitions between zonal and blocked
states. A more sophisticated model, truncating the barotropic vorticity equation
(BVE) with full nonlinear terms, was introduced by Charney and DeVore [10]. Their
starting point is the two-dimensional BVE on the -plane,

gta) =u-Vo — Clw —o*). (65)
Here @ = ¢ + By + yh is the total vorticity, where yh is the topography in the
B-plane, with B = 282 cos(f)/R for planetary angular velocity £2, radius R and
latitude 6, and { = A is the relative vorticity for the stream-function ¥. The term
—C(w — w*) accounts for Ekman damping with coefficient C > 0.

Charney-DeVore considered the vorticity equation (65) in the box [0,27] x
[0, wb] with periodic boundary conditions in x-direction and no-slip boundary
conditions in y-direction. They then projected this equation over 6 Fourier modes
in total, using the following representation for the stream-function ¥ (x, y, 7):

YYD = D YunOPun(x,), (66)

where the sums runonn € {—1,0, 1} and m € {1,2} and
$on(y) = V2cos(my/b), un(x,y) = V26" sin(my/b).  (67)

Letting x;, i € {1,..., 6} be defined as

v Wt e L -y
x| = , X = 1), X3 = — Y1),
1= Vo 2 J2b 11 11 3 J2b 11 1
| | . (68)
i
Xy = blﬁoz, X5 = S Y2+ y-12), x6= S V12— ¥-12)
taking the following form for the topography
h(x,y) = cos(x) sin(y/b), (69)

and choosing w* such that only two parameters x| and xj are free and the other are
set zero, they arrived at the following six-dimensional model
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dx; = (]71)63 — C(xl —XT)) dt + \/2€dW17
dxy = (—(a1x1 — B1)xs — Cxa — 81x4%6) dt + v/ 2edWs,

dxs = ((a1x1 — B1)x2 — yix1 — Cxz + 81x4x5) di + ~/2€dWs,

(70
dx, = (]72)66 — C()C4 —XI) + 7’}()62)66 — )C3)C5)) dt + \/26dW4,
dxs = (—(Olle — ,32))66 — Cx5 — 82)63)64) dt + \/ZGdWS,
dxs = ((aax) — Ba)xs — yaxg — Cxg + Saxaxs) dt + ~/2edW,
where, for m € {1, 2},
8v2 m? pr4+mP-1
oy =
T dm:—1 b24+m?
pb?
,Bm = b2 PR
+ m
V2b 4m?
Ym =Y ,
4m? — 1)(b? 2
7 (4m )(D? + m?) 1)
_ N2 4m
=V o am—
64+/2 0> —m? + 1
O =
157 b2+ m?
1632
T= 57 -

The original Charney-DeVore equation did not contain random forcing terms: here
we added to each equations an independent white noise dW; with amplitude /2¢.

Choosing b = ), C = 110, B=3vy=1Lx= g, and x; = —g, the
6-dimensional stochastic model above possesses two metastable states, shown in
Fig. 10: a zonal state (left) and a blocked state (right). The transition paths from
zonal to blocked and from blocked to zonal are different. They are shown in Figs. 11
and 12, respectively, and they were both calculated by minimizing the geometric
action using our simplified gMAM algorithm. The actions along both paths are
depicted in Fig. 13.

The numerical parameters in these computations were Ny = 100, 7 = 1073.
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Fig. 10 Contours of the stream-function v (x,y) of the two meta-stable configurations of the 6-
dimensional CDV model. Left: Zonal state; Right: Blocked state

4.5 Generalized Voter/Ising Model

To analyze phase transitions in out-of-equilibrium systems, a Langevin equation
was proposed in [1] that models critical phenomena with two absorbing states. This
equation was constructed by requiring that it be symmetric under the transformation
¢ — —¢ and have two absorbing states, arbitrarily chosen to be at 1. The presence
of these absorbing states makes the noise multiplicative, with a scaling involving the
square root of the distance to the absorbing boundaries, as suggested by the voter
model [13, 15]. In order to account for Ising-like spontaneous symmetry breaking,
the authors of [1] also added a bi-stable “potential”-term with —V’(¢) = (a¢ —b¢p>)
to the equation, which finally lead them to:

¢ = ((1 = p*)(ap — bp*) + D) dt + o /1 — 2 (x, 1). (72)

In the absence of noise (¢ = 0) and for @ > 0, the ¢ = O state is locally unstable,
but b > 0 ensures stable fixed points at ¢ = :i:\/ a/b. In the limit a/b — 1, these
fixed points approach the absorbing boundaries, and we are interested in the noise
induced transition between these states.

We stress that making mathematical sense of (72) is non-trivial (see the
discussion in Sect.3.7). In the present application, we are going to consider a
finite truncation of this SPDE, where the question of spatial regularity disappears.
Specifically, we transform (72) into a two-dimensional stochastic ODE model by
discretizing the spatial direction via the standard 3-point Laplace stencil, and taking
only N, = 2 discretization points. This yields the stochastic ODE system

dy = (1 = §})agi — bdy) + D(r — $o)) di + /1 — §7 dW,

(73)
dgy = (1 — $3)ag — bp3) — D( — §2) di + 0 \/1 — @3 W,



Long Term Effects of Small Random Perturbations 45

>
-

i
e

T T T

w
'S
S
o

Fig. 11 Contours of the stream-function ¥ (x, y) along the transition trajectory from the zonal to
the blocked meta-stable configuration for the CDV model. The arclength parameter increases in
lexicographic order, with the top left plot being the initial state and the bottom right plot being the
final state. The saddle point configuration is depicted in the center. The colormap is identical to
Fig. 10

where the constant D couples the two degrees of freedom. This SDE poses
an interesting test-case for our numerical scheme, since not only the noise is
multiplicative, but also the computational domain must be restricted. The square
defined by 1 = max(|¢1|, |¢2|) marks the region in which the noise is defined (real),
and the noise decreases towards zero as it approaches this absorbing barrier. Analog
to the discussion in [1], the choice of the parameters (a, b) determines the dynamics,
in particular if @ > 0,5 > 0 the model exhibits bi-stability: There is an unstable
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Fig. 12 Contours of the stream-function v (x, y) along the transition trajectory from the blocked
to the zonal meta-stable configuration for the CDV model. The arclength parameter increases in
lexicographic order, with the top left plot being the initial state and the bottom right plot being the
final state. The saddle point configuration is depicted in the center. The colormap is identical to
Fig. 10

fixed point at ¢ = (0, 0) and stable fixed points at ¢ = :I:(\/ a/b, \/ a/b). As long
as a < b, these fixed points are inside the allowed region. For a/b — 1 the two
stable fixed points approach the absorbing boundary. Here, we take b = 1,a =
1—107* D = 0.4, so that \/a/b ~ 0.99995 is located close to the barrier at 1. The
minimizer and corresponding action are shown in Fig. 14.

The numerical parameters were chosen as Ny = 28 h=10"3.
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Fig. 13 Action density dS 1.0
along the transition pathways zonal — blocked
from zonal to blocked 0.8 4 —— blocked — zonal

(forward) and from blocked
to zonal (backward). In both

. . . 0.6 —
directions, after passing the
saddle point, the action 2
. 0.4 -
becomes zero since the
motion is deterministic
0.2 H
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Fig. 14 Generalized voter/Ising model. Left: The arrows denote the direction of the deterministic
flow, the shading its magnitude. The solid line depicts the minimizer, the dashed line the
heteroclinic orbit. Markers are located at the fixed points (circle: stable; square: saddle). Right:
Action density along the minimizers for the two trajectories, with normalized path parameter
s€(0,1)

4.6 Bi-Stable Reaction-Diffusion Model

In the context of chemical reactions and birth-death processes, one considers
networks of several reactants in a container of volume V which is considered well-
stirred. As an example case, we consider the bi-stable chemical reaction network

ko ko
A =X, 2X+B=3X
k] k3

with rates k; > 0, and where the concentrations of A and B are held constant.
This system was introduced in [32] as a prototypical model for a bi-stable reaction
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network. Its dynamics can be modeled as a Markov jump process (MJP) with
generator

(L)) = Ap () (f(n+ 1) = f() +A-(n) (Fn— 1) =f(n)) ~ (74)
with the propensity functions

Ay(n) = kV + (k2/V)n(n— 1) (75)

A_(n) =kin+ (ks/V>)nn—1)(n—2).

The model above satisfies a large deviation principle in the following scaling

limit: Denote by ¢ = n/V the concentration of X, and normalize it by a typical

concentration, p = ¢/co. Now, in the limit of a large number of particles per cell
£2 = ¢¢V and simultaneously rescaling time by 1/2, we obtain

WD) = (ar(0) (o + ) ~F(P) +a(0) (o - ~f(p))) . (T6)

where € = 1/2 is a small parameter. Here, we defined k; = A,(co)! ™, and

§a+ (P) = Ao+ Arp? 77

a_(p) =Ap+Asp’.

The large deviation principle for (76) can be formally obtained via WKB analysis,
that is, by setting f(p) = € 'G0) in (76) and expanding in € [14]. To leading order
in €, this gives an Hamilton-Jacobi operator associated with an Hamiltonian that is
also the one rigorously derived in LDT [35]. It reads

H(p,®) = a+(p)(” = 1) +a—(p)(e™" = 1). (78)

This is an example of a system whose Hamiltonian is not quadratic in the conjugate
momentum ¥. Therefore the computation of ¥, by (26) can not be performed
explicitly in general. For parameters Ay = 0.8,1; = 2.9,4;, = 3.1,A3 = 1, the
system has two stable fixed points p+ and a saddle p; at p = 2, p— = é ps = 1.
Since transitions in 1D are fairly trivial, we want to consider the case of
N neighboring reaction compartments, each well-stirred, but with random jumps
possible between neighboring compartments. This situation was analyzed in [38] via
direct sampling, but we are interested in the computation of the transition trajectory.
Denote by p; the concentration in the i-th compartment and refer to the vector p as
the complete state, p = Zi\;o pie;. In this case, we obtain a diffusive part of the
generator, L”, coupling neighboring compartments. For a diffusivity D, it is

N
D@ =2 30 (o b+ c0) (o — b+ b)) = (o). (79)
i=1
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The process associated with this generator also admits a large deviation principle
with Hamiltonian

N
HP(p.®9) =D pi (e 7 + "1™ —2). (80)

i=1

Therefore, the full Hamiltonian becomes H(p,9) = H”(p,®) + Y| HR(p;, 1),
where HR(p;, %;) is the reactive Hamiltonian in (78), which is summed up over all
the compartments.

We used our new gMAM algorithm to minimize the geometric action and
compute the transition paths between the stable fixed points for the simplest non-
trivial case of N = 2 compartments. Shown in Fig. 15 are the forward and backward
trajectories. Note that the backward transition ((p+,p+) — (p—,p—)) takes a
special form: It climbs against the deterministic dynamics up to the maximum,
then relaxes along the separatrix down to the saddle. Additionally, we compare
these trajectories with the heteroclinic orbit obtained by the string method. The
action along these trajectories is depicted in Fig. 16. Note how for the backward
minimizer the action is zero already before it hits the saddle, as the movement from
the maximum to the saddle happens deterministically.

The numerical parameters were chosen as Ny = 2% h = 10.

I string

forward minimizer

| backward minimizer

T2

0.6 0.8 1.0 1.2 1.4 1.6

Fig. 15 Bi-Stable reaction-diffusion model with N = 2 reaction cells. Show are the forward
(red) and backward (green) transitions between the two stable fixed points, in comparison to the
heteroclinic orbit (dashed). The flow-lines depict the deterministic dynamics, their magnitude is
indicated by the background shading
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Fig. 16 Action densities for

minimizer, forward

the bi-stable 0.03 - == string, forward
reaction-diffusion model. minimizer, backward
Depicted are the actions = = string, backward
corresponding to the forward 0.02

(solid) and backward
(dashed) minimizer (dark)
and heteroclinic (light) orbit 0.01

0.00

4.7 Slow-Fast Systems

In contrast to a large deviation principle arising in the limit of small noise or large
number of particles, a different class of Hamiltonians arises for systems with a slow
variable X evolving on a timescale O(1) and a fast variable Y on a time scale O(«):

X =f(X.Y) (81a)

1 1
dY = bX,Y)di+ , o(X,Y)dW. (81b)
o o

J

Examples of systems with large timescale separation o < 1 are ubiquitous in
nature, and usually one is interested mostly in the long-time behavior of the slow
variables. In particular, we are concerned with situations where the slow dynamics
exhibits metastability. We want to use our algorithm to compute transition pathways
in this setup for the limit of infinite time scale separation.

In the limit as @ — O, the fast variables reach statistical equilibrium before any
motion of the slow variables, and these slow variables only experience the average
effect of the fast ones. This behavior can be captured by the following deterministic
limiting equation which is akin to a law of large numbers (LLN) in the present
context and reads

. T
X =F(X) where F(x)= Tlim ; / fx, Ye(7)) dr. (82)
—00 0

Here Y,(¢) is the solution of (81b) for X(f) = x fixed [3, 6, 19, 30]. For small but
finite o, the slow variables also experience fluctuations through the fast variables. In
particular, the statistics of £ = (X — X)//a on O(1) time scales can be described
by a central limit theorem (CLT) as small Gaussian noise on top of the slow mean X.
The CLT scaling, however, is inappropriate to describe the fluctuations of the slow
variables that are induced by the effect of the fast variables on longer time scales
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and may, for example, lead to transitions between stable fixed points of the limiting
equation in (82). In particular, the naive procedure of constructing an SDE out of
the LLN and CLT to then compute its LDT fails. Instead, the transitions in the limit
of @ — 0 are captured by an LDP with the Hamiltonian

T
H(x,9) = Tlgr;o ;logEexp (19/0 fx, Ye(0) dt) . (83)

Except for the special case f(x,y) = r(x) 4+ s(y)y (linear dependence on the fast
variable), the Hamiltonian (83) is non-quadratic in 8. As a consequence no S(P)DE
with Gaussian noise exists for the slow variable which has an LDP to describe the
transitions correctly.

The implicit nature of the Hamiltonian (83), in particular containing an expecta-
tion, complicates numerical procedures to compute its associated minimizers. Yet, in
the non-trivial case of a quadratic dependence of the slow variable on the fast ones,
for example,

X=Y2—-pBXx
1 84
Ay = — yX)vdi+ ° aw, (84)
a Jao

one indeed does obtain an explicit formula for the Hamiltonian (83) (as derived
in [6])

h(x, ) = —Bxd + | ()/(x) — V2 — 20219) . (85)

This example is interesting for our purpose not only because the Hamiltonian is
non-quadratic, but furthermore because of the existence of a forbidden region ¥ >
y2/(20) where the Hamiltonian is not defined.

Additionally increasing the number of degrees of freedom by combining two
independent multi-stable slow-fast systems and coupling them by a spring with
spring constant D, the full system reads

X; = Y? - BiXi — D(X; — X»)
Xo = Y7 — B2Xo — D(X> — Xi)

1

av, = — yX)Yidi+ © aw, (86)
1 '

dy, = — )/(Xz)del + “ aw,.
o Ja

The Hamiltonian for the LDT for this system is

H(xy, x2, tH, %) = h(x, 191) + h(xy, %) + (—VU(xl,XQ), ﬁ), (87)
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Fig. 17 Coupled slow-fast system ODE model for D = 1.0. Left: The arrows denote the direction
of the deterministic flow, the shading its magnitude. The solid line depicts the minimizer, the
dashed line the relaxation paths from the saddle. Markers are located at the fixed points (circle:
stable; square: saddle). Right: Action density along the minimizers for the two trajectories up to
the saddle, with normalized path parameter s € (0, 1)

for U(x,y) = éD(x — y)? and h(x, ) defined as in equation (85). The choice
y(X) = (X —5)? + 1 ensures two stable fixed points. The deterministic dynamics of
this system (i.e. the evolution of the averaged slow variables) are depicted as white
arrows in Fig. 17 (left). To stress the important portion of the transition trajectory, the
plot is focused only on the initial state up to the saddle. Compared are the minimizer
and the heteroclinic orbits connecting the stable fixed points to the saddle point. The
corresponding actions are shown in Fig. 17 (right). The specific choice of model
parameters for this computation is 8; = 0.6, 8 = 0.3,D = 1.0 and 6> = 10.
The numerical parameters were chosen as Ny = 210 h =102

5 Concluding Remarks

We have discussed numerical schemes to compute minimizers of large deviation
action functionals, which are based on the geometric minimum action method.
The basis of these schemes is the minimization of a geometric action on the space
of arc-length parametrized curves, which makes it possible to perform the double
minimization over transition time 7 and action Sy that is required to compute the
LDT quasipotential. In particular, transitions between metastable fixed points of a
system, which generally involve T — oo and which are not tractable with non-
geometric minimum action methods can be naturally analyzed in this setup.

A simplified gMAM algorithm was proposed here which is based on a particular
formulation of the geometric action leading to a mixed optimization problem.
This new formulation of the gMAM algorithm is easier to implement than the
original method: In its simplest form, only first order derivatives of the Hamiltonian
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H(p, ) are needed. The algorithm is applicable to a large class of systems, and
does not rely on an explicit formula of the large deviation rate function—only the
Hamiltonian of the theory is needed. We derived specific reductions that are possible
in regularly occurring special cases, such as SDEs with additive or multiplicative
noise. Furthermore, we discussed optimizations for SPDEs with additive noise and
commented on how to improve numerical efficiency.

The performances of the new gMAM algorithm were illustrated in a series of
applications arising from different fields and involving different types of models,
like S(P)DEs with additive and multiplicative Gaussian noises, Markov jump
processes, or slow-fast systems.
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Nonlinear Waves, Hyperbolic Problems,
and their Applications



Long Time Dynamics and Coherent States
in Nonlinear Wave Equations

E. Kirr

Abstract We discuss recent progress in finding all coherent states supported by
nonlinear wave equations, their stability and the long time behavior of nearby
solutions.

1 Introduction

Since the discovery of wave equations two and a half centuries ago, many scientist
and mathematicians have tried to understand their most striking feature, the coherent
structures. An exact definition of coherent structures will be given in Sect. 2 but,
formally, they are solutions which propagate without changing shape (or with
periodic change in shape). In the linear case, they are the eigenfunctions of the
corresponding wave operator and, via spectral decomposition, the actual dynamics
becomes a superposition of these coherent states (eigenfunctions) and a projection
onto the remaining (continuous) spectrum. Once the latter had been analyzed via
dispersive estimates or scattering wave operators, it became clear that the following
asymptotic completeness conjecture is true for the linear case.

Asymptotic Completeness Conjecture: Any initial data evolves towards a super-
position of coherent structures plus a part that radiates (scatters) to infinity.

In the nonlinear case, some coherent structures are known either as minimizer
or mountain pass type critical points of the energy subject to certain constraints,
see Sect.3.1. Other coherent states (sometimes the same ones) can be found via
bifurcations from already known solutions such as the trivial one, see Sect. 3.2. In
many situations the coherent states undergo symmetry breaking phenomena, see
for example [3, 20, 23, 27], which are very important in practical applications. But
none of these results, nor the mathematical methods they rely on can claim that
they can actually identify all coherent states supported by a given nonlinear wave
equation. Consequently, the asymptotic completeness conjecture is wide open with
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two notable exceptions: the case of completely integrable systems (such as the cubic
Schrodinger equation in one dimension) where a scattering transform renders the
problem linear, or the case of weakly nonlinear regimes (i.e. small initial data) where
at most two (small) coherent states are present and one of them is selected after a
long transitional time, see [51-54].

This paper aims to present recent results and new ideas for finding all coherent
states (solitary waves, breathers, kinks, vortices, etc) supported by a given nonlinear
wave equations. As shown in Sect. 3.2, coherent states can be viewed as zeroes
of a map between Banach spaces. Then, the global bifurcation theory, see [8, 45],
allows us to organize them in smooth manifolds which either form loops or can be
extended to the boundary of the domain inside which the linearization of the map
is Fredholm. The new results and ideas concern finding all the limit points of such
manifolds on the boundary of the Fredholm domain. Hence, from these limit points,
the manifolds of coherent states can be found and traced both theoretically and
numerically inside the Fredholm domain. Moreover, by comparing the spectrum
of the linearized operator at the two “end points” of these manifolds we can deduce
whether eigenvalues cross zero which is equivalent with the existence of bifurcations
in this Fredholm region. Once discovered, the bifurcations can be studied using
local bifurcation techniques to determine the new branches (manifolds) emerging
from them and their dynamical stability. Global bifurcation theory now implies
that the new branches have “end points” on the boundary of the Fredholm domain.
Consequently, we are able to find the bifurcations along the new branches and the
process iterates until all these branches are discovered and matched with all possible
limit points.

Results and open problems regarding the orbital stability of the manifolds of
coherent states are discussed in Sect. 3.3 while Sect. 4 discusses their asymptotic
stability. The latter brings us closer to a resolution of the Asymptotic Completeness
Conjecture but, unfortunately, it only describes the dynamics in a neighborhood of
the coherent state manifolds. The last section is reserved for concluding remarks.

2 General Hamiltonian Formulation

Most models related to wave propagation, in particular the Schrédinger, Hartree,
Dirac, Klein-Gordon, Korteweg-de-Vries and the classical wave equation, can be
cast in the following general framework, see [18]. The evolution of the quantity of
interest u is given by:

d
st’ — ID.E(u), teR, (1)

where X is a real Hilbert space, the energy & : X > R is a C? functional, D, denotes
the Frechet derivative with respect to the variable u, and J : D(J) € X* — X is a
skew-symmetric operator J* = —J, defined on a dense subset of the dual of X. Note
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that even though X is a Hilbert space, its dual is not necessarily identified with X.
The reason is twofold: the applications have a physically important larger Hilbert
space Y for which X — Y = Y* < X*, where all the embeddings are dense, and
the mathematical analysis of the operators appearing in the applications rely on the
larger Hilbert space Y.

Besides being time independent, the energy is in general invariant under addi-
tional groups of symmetries. These symmetries can be modeled by one or more
(strongly) continuous groups of unitary operators. In what follows we will focus
on one such group of symmetries 7(s) : X — X, s € R, which leave the energy
functional invariant and commutes with the J operator:

ETSu) = Ew), T(s)J =JT*(—s), foralls € R, andu € X.

By Noether’s Theorem, see for example [5], the Hamiltonian dynamics has, besides
energy, a second conserved quantity:

o) = ;(Bu,u), ueX (2)

provided that there exists a bounded, self-adjoint, linear operator B : X + X* such
that JB extends the infinitesimal generator of the continuous group: 7”(0).
The coherent states are solutions of (1) of the type:

u(®) = T(w) ¢

where ¢, € D(T'(0)) € X, o € R are fixed. In applications ¢,, usually gives the
shape of u, so these are solutions which do not change their shape as they propagate.
By plugging in (1) one finds that:

JD4E (¢) = JoDsQ(ds).

Consequently the solutions in D(7”(0)) of the stationary equation:

Dy (¢) = 0Dy O(¢) 3)

generate coherent states and they are the only possible coherent structures if J is
one-to-one.

Coherent states are orbitally stable if any solution of (1) starting close to the orbit
T(s)¢,, s € R, of the coherent state, remains close to it at all times. More precisely
for any ¢ there exists a § such that

inf ||[u(0) — T(s)py|| <& implies supinf ||u(f) — T(s)do| < &.
s€R teR SER
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Asymptotic stability means certain convergence of the solutions to the orbit of a
coherent structure and usually takes the form: there exists a Banach space Z, X «— Z
densely, and § > O such that if infyer [|u(0) — T(s)¢o [ x N2+ < J then there exists a
coherent structure 7(w+1) @, (close to T(wt)@,) with the property:

Jim, I ) = T 12 = 0.

For example, in the case of the nonlinear Schrodinger equation (NLS) we have
X = H'(R"), the Sobolev space of complex valued functions but with the real
Hilbert space structure, X* = H™!, Jv = —iv, T(s)u = e *u,

sw =, [ VuwPas+ ) [ vouwbar T [ et @

1
0w = [ P ©
Rn
hence the evolution equation (1) becomes:
du
Lo = (—A 4+ V(x)u(t,x) + y|ulPu(t,x), teR, xeR", 6)

while the coherent structures are solutions of the form u(t,x) = e¢*'¢r(x), E =
—w € R, ¢r € H'(R"), and satisfy the equation:

F(¢p. E) = (A +V + E)pr + y|del"¢r = 0. (N

Here V : R" — R is called the potential, y € R measures the strength of the
nonlinear interaction while its sign classifies it into attractive for y < 0, and
repelling for y > 0. In this context the coherent states are usually called bound
states or, in the translation invariant case V = 0, solitons. The Hartree Equation has
exactly the same X, J, T and Q but the superquadratic term in the energy becomes
nonlocal:

1 1
s =, [ vuePacs ) [ velueoPars ) [ kel Puo P,
®

where the kernel K > 0.

3 Coherent States

This section illustrates how one can find all coherent states of equations of type (1)
i.e., all solutions of (3), and how one can determine their orbital stability. Tradi-
tionally, large coherent structures are found via variational methods, for example as
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minimizers of the energy subject to a fixed value of the second conserved quantity.
However, as we shall see in the next subsection, the variational techniques are
not capable of finding all coherent states. Instead we will show in Sect.3.2 how
bifurcation methods, in particular the analytical global bifurcation theory [8], can
be enhanced to determine all coherent states, and their orbital stability, see Sect. 3.3.

3.1 Variational Methods: Existence and Stability of Ground
States

The coherent states equation (3) coincides with the equation for the critical points
of the energy & restricted to the level sets of the second conserved quantity
0 i.e., it is the Euler-Lagrange equation for the energy subject to the constrain
Q = constant. An important subset of the coherent states are the ground states
which are minimizers of the energy under the constrain:

E(pw) = ¢EXr,g%2)=M &(@), and pelR )

If the energy (subject to the constrain) is bounded from below:
dm € R such that &(¢) > m V¢ € X with Q(¢p) = u,

and coercive:

lim &(P) = oo,
lgllx—00.0(¢)=1

then minimizing sequences {¢,},eny C X are bounded and, due to the reflexivity
of the Hilbert space X, have at least one weak limit, say ¢,, — ¢o. For ¢, to be a
ground state it must satisfy

O(fo) = 1= Jim 0@n).  £(o) < lim E(g,) = _inf _ £@) (10

Note that these conditions are not trivially satisfied as Q or & might not be weakly
sequentially continuous even though they are both continuous with respect to the
norm on X. These two issues are resolved by compactness arguments which show
that weakly convergent minimizing sequences are actually strongly convergenti.e.,

X . . .
¢nk - ¢0 lmphes kli>nolo ||¢nk - ¢0||X = 07 (11)

see for example [5, 12].
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In NLS with confining potentials V > 0, lim|y_o V(x) = oo, the potential
restricts the domain of finite energy to a compact subspace. More precisely we have:

x=loema) [ volpwra (12)

is a Hilbert space with scalar product:

with (6.9)x = (6,90 + [ VEIRCow (s

which satisfies:

compact

2
I’(R"), 2<p< "2 ifn>32<p<ocifn=12. (13)
n_

In particular, the above weakly convergent, minimizing subsequence:

X 2
¢n, — ¢o is strongly convergent in L (R") i.e., klim |, —ollr =0, for2 <p < "
—>00 n—

Therefore
1 -0 1
k=06 =, [ 19n P& = [ joncoPax = o)
Q Q
and
/ (B P2 25 / o) P2k,
Q Q

Combining the above with the weak lower semicontinuity of the first two (kinetic
and potential) terms in the energy which are convex, we deduce that (10) holds and
¢ is a ground state. Moreover, the following inequality holds

Sz _int  E@) = lim ).

which is opposite to (10). Therefore, on this minimizing subsequence, the kinetic
and potential terms must be convergent which combined with the convergence of Q
gives ||@y, |lx — |l¢ollx in addition to ¢,, — ¢. The strong convergence (11) now
follows from the uniform convexity of the Hilbert space X.

Essential in the above argument is the compactness of the embeddings (13).
Heuristically, one might think that fR,, V(x)|¢ (x)|?dx < oo and limjy—c0 V(x) = 00
forces a “uniform decay at infinity” on ¢ € X which does imply compactness,
see [12, Section 1.7]. But this is not quite correct since if ¢ is a countable sum
of smoothed characteristic functions of disjoint annuli with the same center and
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exterior and interior radius growing to infinity we have limj,_, ¢(x) # 0, but
¢ € X if the Lebesgue measure (volume) of the annuli converges to zero sufficiently
fast. However, the argument in [12, Section 1.7] can be adapted to prove (13) as
follows. Consider an arbitrary bounded sequence

{Pu}nen C X with ||@,|lx <M, foralln e N

Since X is Hilbert the sequence has a weakly convergent subsequence

X
¢ﬂk —\¢0 € X.

Then, for each € > 0 we can choose R > 0 such that
V(x) > 162 max {Mz,/ V(x)|¢>0(x)|2dx}, for |x| > R.
Rll
Consequently, we have

= [ vopuora= [ vilswpa= 0 [ o, wpas

|x|>R
and
/ V) lgo (P > / V)l 2dx
R” |x|>R
2
» 16 oo VOlgo0F / (o).
& |x|>R
which imply
1/2 1/2
(/ |¢nk(x)—¢o(x)|2dx) s(/ |¢>nk(x)|2dx)
[x[>R |x|>R
1/2
+ ( / y |¢>o(x)|2dx) <e/2.
Now:

Ipm = dollzny = lln, — bollizqixi<ry + nc = Polli2u>r)
< 1w — ollz2xj<r) + /2.

But, by Rellich-Kondrachov Theorem, H'(|x| < R) is compactly embedded in
L?(]x| < R) which means that the X hence H' weakly convergent sequence {¢,, }
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is strongly convergent in L?(Jx| < R) and we can choose k(¢) € N such that
Pn, — Pollr2(xj<r < &/2 for all k > k(e). All in all, for each & > 0 we can find
k(e) € N such that [|¢,, — Poll;2mny < € forall k > k(e) i.e., ¢, converges strongly
(in norm) in L?(R"). Moreover, ¢,, bounded in X hence in H'(R") also implies,
via Sobolev embedding, that it is bounded in L*/*=2(R") and, by interpolation,
convergent to ¢ in L, 2 < p < 2n/(n — 2). So, any bounded sequence in X has a
convergent subsequence in L”(R"), 2 <p < 2n/(n—2)ifn >3, 2 <p < coif
n = 1,2, which implies (13).

However, in general, the verification of (10) requires concentration compactness,
see [36, 37] or [12, Section 1.7]. This theory will be discussed in a different context
in the next subsection. Suffices to say that in the NLS example it covers the case
of non-confining potentials: lim,_, V(x) = 0, (when the energy is bounded from
below.)

The main difference between the ground states given by (9) and other solutions
of (3) (called excited states) is that the former are in general stable under the
dynamics:

Theorem 3.1 Fix p € R and assume the set of ground states,
G ={¢o € X | ¢ solves (9)},

is non-empty. Fix ¢ € G and further assume that any minimizing sequence of (9)
has a strongly convergent subsequence in X. Then for any € > 0 there exists § > 0
such that for all uy € X with |\up — ¢ollx < 8 we have that the solution u(t) of the
wave equation (1) with initial condition u(0) = uy remains within ¢ distance from
G for all times.

Proof Suppose contrary, there is an ¢ > 0, a sequence {u,},ey C X with |ju, —
¢ollx — 0 and a sequence of times {7,},en C R such that the solutions u,(z) of the
wave equation (1) with initial condition u#(0) = u,, satisfy

dist(uy (tn), G) = inf{{|u(t,) — Vx| ¥ € G} = e.

By continuity of Q, we have Q(u,) — Q(¢o) = u, and, by using its bilinear
form (2), we can find {1, },en C R such that

OAity) = A2Q(u,) = and A, — 1.
We now claim that {A,u,(,)},en C X is a minimizing sequence for (9). Indeed, by

conservation of Q along solutions of (1) we have Q(u,(t)) = Q(u,) forall t € R in
particular:

Q(/\nun(tn)) = A;%Q(”n(tn)) = /\;%Q(Mn) =M,

while by conservation of the energy we have:
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E Anttn(tn)) = & Aputn) — & (o) = ¢€X{IQ1}£)=M5 (9.

where the convergence follows from the continuity of & w.r.t. the norm in X.

Now, since {A,u,(t,)}nen C X is a minimizing sequence for (9), it has, by
hypothesis, a convergent subsequence to some ¢; € X i.e., ||[A,u,(t,) — ¢1]lx — O.
But, by continuity of Q and & we have:

Q(¢l) = kgrgo Q(Ankunk (tnk)) =M, éa(¢1) = kingo éa(/lnkunk (tnk)) = éa(¢0) = ¢ éa(qs)

min
EX.0(p)=p
i.e. ¢; € G. Therefore we have:

dist(un(12), G) < |lun(tn) — Prllx < [1 = Anllltnllx + [ Anttn(t2) — $1llx — O,
since A, — 1 and ||[A,u,(t,) — ¢1]lx — 0. This contradicts our assumption that
dist(u,(t,), G) > ¢ and finishes the proof of the theorem. O

Remark 3.1 Note that all examples discussed above satisfy the hypotheses of the
Theorem. Moreover, with the exception of the case V = 0 the set of ground states
is unique up to the symmetries induced by the semigroup 7 :

G = {T(s)¢y | for some ¢y which solves (9) and all s € R}, (14)

provided p is small, see for example [3, 47].

Note that the invariance of both Q and & w.r.t T automatically implies G 2
{T(s)po : s € R} if ¢y solves (9). However the equality between the two sets
implies orbital stability:

Corollary 1 Under the assumptions in Theorem 3.1, if, in addition, (14) holds, then
the ground state ¢ is orbitally stable.

Proof By the theorem, for each ¢ > 0 there exists § > 0 such that for all uy € X

with ||up — ¢ollx < 8 we have:

supdist(u(f), G) < e.
1R

But, in this case
dist(u(t). G) = inf [u(t) — T(s)gho lx

which implies orbital stability, see the definition below (3). O

Remark 3.2 More generally, the orbital stability result in the previous corollary
holds even if the ground states are not unique (up to the action of T) provided that
the orbit T(s)¢y is separated from the orbits of the other ground states by a fixed
distance d > 0. Just use ¢ < d/2 in the above proof and note that the set of points
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at distance less the d/2 from the orbit of ¢y is disjoint from the set of all points
at distance less the d/2 from the orbits of all other ground states while the map
dist(u(7), G) is continuous in time.

In the case V = 0, it is necessary to mode out the second (hidden) symmetry,
namely the invariance of both energy and Q with respect to translations, see for
example [12, Section 8.3]. One obtains:

sup inf
teR seR,yeR

() = T()go(- + )l <e.

Another advantage of the global minimization problem (9) over other solutions
of (3) is that certain manipulation of the functions ¢ € X, such as symmetrization,
can lower the energy and provide information on the shape of the ground states.
For example, in NLS with spherically symmetric potentials the ground states are
also spherically symmetric, see [12, Chapter 8]. In [3], see also [20] for a related
result, the authors show that the ground states for the Hartree equation must localize
at global minima of the potential in the limit & — oo, and, consequently, the
following symmetry breaking phenomena occurs:

Theorem 3.2 Consider the Hartree example (8) with an attractive nonlinearity y <
0, and a continuous, bounded potential V which is invariant under a finite group of
Euclidian symmetries on R”". If the action of the group is nontrivial on any global
minima of 'V then the are 1o < (| such that the ground states with L < Ly are
invariant under the group of Euclidian symmetries but the ground states with . >
1 are not invariant.

The disadvantages of the minimization problem (9) are that it cannot give all
coherent states i.e., all solutions of (3), and it may have no solutions. This is the
case when the energy is not be bounded from below (even when constrained to Q =
const) which occurs in the NLS example with critical and supercritical nonlinearities
p > 4/n. The issue is sometimes resolved by reformulating the problem i.e., by
finding the global minimum of a functional different from the energy. In [47] the
authors use the following reformulation:

min JE(@) = oo [VOWP +V@IPWE + Elp P
PEX P70 (f]R” | (x) |p+2dx) pF2

which is equivalent to:

min VoI + V@Ip@)* + Elg(’,  pneR,
PEX. Jpn lp WP 2dx=p1 SR

see [12, Chapter 8] for other possible reformulations. An important result in [47] is
the existence of a solution to (7) for each E > E, where —E| is the lowest eigenvalue
of —A+V. However, the method is still limited to finding a subset of solutions of (7)
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and does not provide any direct information regarding their dynamical stability (the
latter may be fixed by combining information on the Hessian of J£ at a minima
with the techniques described in Sect.3.3). One expects that these variational
reformulations will also lead to information on the shape and localization of the
ground states, consequently symmetry breaking results may be proven for critical
and supercritical nonlinearities, see [20]. While other critical points of the energy
or other associated functionals may be found via mountain pass techniques, see
for example [42], the variational methods do not provide a systematic method to
identify all solutions of (3).

3.2 Bifurcation Methods

This section discusses recent progress towards finding all coherent states of a
nonlinear wave equation i.e., all solutions of equation (3). We will focus on the
NLS example for which (3) becomes (7):

F(¢e,E) = (A +V + E)pe + vIpel e = 0,

where the potential V : R" +— R, is first assumed to be non-confining,
limy 5o V(x) = 0, V € LIR") + L*°(R") for some g > 1, g > n/2. The
case of confining potentials is discussed in Remark 3.8. We will assume that the
power of the nonlinearity satisfies 0 < p < oo, ifn =1lor2and0 <p <4/(n—2)
if n > 3, which insures local well posedness of the time dependent equation (1)
with initial data in the Sobolev space H'(R"). Of special interest are the ground
states which, for the purpose of this presentation, will be defined as coherent states
i.e., solutions of (7) that satisfy ¢r(x) > 0, Vx € R", modulo multiplication by
a complex number of modulus one (modulo rotations). The coherent states can
be viewed as zeroes of the map F : H'(R") x R > H~!'(R") where the Sobolev
spaces are endowed with their real Hilbert space structure in order for F to be
differentiable. Note that F is equivariant under rotations:

F(é?¢.E) = ¢F(¢,E), 6 € R,

hence the solution set for (7) is invariant under rotations.
We will study the solutions of (7) in the subdomain of H'(R") x R where its
linearization is Fredholm. We have

DyF(¢.E)[u + iv] =

—A+V+E+yp+ DIl —27(39) ¢l 2y (RSPl || u
2y(Re)(3¢) |l —A+VHE+yloP +2y(3¢) el | | v

where we separated the real and imaginary parts of the complex valued functions
involved into the first and second component. So,
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[-A+E 0
D¢F(¢,E)—[O _A+E}+"//(¢)
where, for any ¢ € H'(R"),
_ [V +y@+ Dl —2y(3¢)* o> 2V(m¢)(3¢)|¢|‘”_2:|
2y (RP)(3p)|p|P > V+ylol +2y(3¢) el ]

is a relatively compact perturbation of the diagonal operator —A +E on H~! x H™!
with domain H' x H' (or on L? x L?> with domain H? x H?), see for example
[46]. Since the latter has essential (continuous) spectrum the interval on the real
line [E, 0o0) we get via Weyl’s Theorem:

Lemma 3.1 DyF (¢, E) is Fredholm (of index zero) iff E > 0. At the left boundary,
E = 0, zero is at the edge of its essential (continuous) spectrum while for E < 0
zero is inside the essential (continuous) spectrum.

We will restrict ourselves to the domain H' x (0, 00), i.e. {E > 0}, which will now
be called the bifurcation diagram. Note that, for E < 0, by the limiting absorbtion
principle, there are no nontrivial solutions of (7) under mild assumptions on their
decay rates, see [6]. Obviously, (¢pg = 0, E), E € R solves (7).

For a while we will assume:

(SA) —A + V has at least one negative eigenvalue. The lowest will be denoted by
—E).

Note that the assumption holds in space dimensions n = 1,2 for non-trivial,
negative potentials and requires potentials with sufficiently large negative parts in
dimensions n > 3. As shown for example in [27, 29, 44], hypothesis (SA) leads to
a pitchfork bifurcation at (¢g, = 0, Ej), which creates exactly one curve (modulo
rotations) of non-trivial ground states, see Fig. 1. Moreover, if V is invariant under
a group of symmetries then so are the ground states on this branch. In particular, if
V is a symmetric, double well potential, see Fig. 2 top panel, then the profile of the
ground states is equally distributed between the two wells.

Fig. 1 Bifurcation diagram H
for bound states. Only the
trivial zero coherent state and
the small ground states are
represented for the attractive
case y < 0. For the repelling
case, y > 0, the branch points /
the other way, i.e. E < Ej 0 Eo\ E
along the branch N
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Symmetric double well potential
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Fig. 2 An one dimensional even potential (top panel) and a sketch of the corresponding symmetric
(bottom left panel) and asymmetric (bottom right panel) ground state branches for subcritical
nonlinearity, p < 2. The number on top of each branch gives the number of negative eigenvalues
for the linearized operator while the shape on the right shows the actual shape of the solution on
the branch

We are going to rely on global bifurcation theory which, besides a Fredholm
linearization, also requires compactness either of the solution set of (7) (in the
analytic case, see [8]) or of the map F (in the continuous case where degree theory is
used, see [45]) where F is obtained by transforming (7) into a fixed point problem,
for example:

¢ = (—A+1)"y, y=(1-E)p-V(®)p—y|p/'¢ <L F(y.E), F: H'
x R—H! (15)

Note that for ¢ defined on a bounded domain, @ C R”, compactness of F
follows from compactness of Sobolev embeddings H} () — H™1(Q), LI(Q) —
H™Y(Q), 2 < ¢ < 2n/(n—2), however on R" the situation is much more delicate.
For repelling nonlinearities, y > 0, the problem is analyzed in [24] where the
authors prove uniform bounds on the solutions of the inequality |F(¢(x), E)| <
W(x) to obtain the compactness necessary for defining a degree for F given in (15).
Then global bifurcation theory implies that from (0, E), where —FE is any negative
eigenvalue of —A + V with odd multiplicity, bifurcate branches of non-trivial
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solutions of (7) which*“end up” either at the boundary of the bifurcation diagram, or
at (0, Ey) where —F is a different eigenvalue of —A 4 V. Note that the results cannot
give any information on existence of other bifurcation points along this branches, or
on existence of other branches that may not connect to the trivial solution, or on the
exact region or point where each branch ends up. In the particular case of the ground
states bifurcating from (0, Ey), the authors of [25] use further comparison theorems
to infer that the branch approaches the left boundary {E = 0} of the bifurcation
diagram, i.e. the part of the boundary where zero is at the edge of the continuous
spectrum of the linearized operator, see Lemma 3.1 and Fig. 1 but note that for
y > 0 the branch points the other way.

To avoid the difficult issue of bifurcations from continuous spectrum let us focus
first on the attractive case y < 0. Suppose we assume that Dy F(¢g, E), E > Ey,
is nonsingular along the ground state branch emerging from (0, Ey). If we can now
show that the branch can be uniquely continued for all £ > E, i.e. it approaches
the right boundary of the bifurcation diagram, and we can identify the limit point
limg— o0 ¢r, and if the linearization at the limit point must have two (or more)
negative eigenvalues, then we have a contradiction since the linearization had only
one negative eigenvalue near (0, Ey). Hence the existence of a singular point along
this branch is guaranteed and the resulting bifurcation can give us new branches of
ground states. We have actually sketch a result that not only shows there are ground
states for all E > Ej but improves on the result of Theorem 3.2 by identifying a
symmetry breaking bifurcation:

Theorem 3.3 Consider an attractive nonlinearity y < 0, and a potential V which
is invariant under a finite group of Euclidian symmetries on R". Assume that
the action of the group is nontrivial on any critical point of V(x) different from
x = 0, and assume that x = 0 is a non-degenerate critical point of V different
from a minima. Then the branch of ground states bifurcating from (0, Ey) undergoes
a second bifurcation past which the symmetric bound states become orbitally
unstable. Moreover, one of the new branches emerging from the bifurcation point
is made of asymmetric ground states which are generally orbitally stable.

In particular, for a double well potential, the bifurcation is of pitchfork type and the
emerging branch is made of ground states which localize in one of the two wells,
see Fig. 3 bottom panels and reference [28].

The theorem is proven using three intermediate results which are important
themselves because they determine all ground states provided a few remaining
obstacles are surmounted, see Remarks 3.3, 3.4 and 3.5 below. The first result is:

Theorem 3.4 If a C' branch of coherent states approaches the top or bottom
boundary of the bifurcation diagram, i.e. E — E«, 0 < E, < 00, |[¢g|lg — o0,
then we have:

+2
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Ifa C" branch of coherent states approaches the right boundary E — oo, then there
exists b > 0 such that

+2
el L Olge) __ (2—mp+4 IVoel?, L, b
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These estimates are obtained from the ordinary differential equation valid along
these branches:

s do
JE (9r) = _EdE (¢r) (16)

combined with the equation (7) and Pohozaev’s identity (essentially the L?-scalar
product between (7) and x - V¢g), which leads to closed differential inequalities for
”‘PEHIZ,:EZ’ see [28] and [35] for details.

Remark 3.3 The caveat is that the theorem does not yet cover the case of branches
undergoing infinitely many bifurcations in all neighborhoods of the boundary (hence
they cannot be parametrized by a C! map in E in any neighborhood of the boundary).
However, most of these peculiar situations have been resolved in the sense that they
lead to similar estimates which can be used in the next results, see [35].

The theorem is essential in finding the limit points of the bound state branches at
the boundary of the bifurcation diagram. For example, at the {E — E4, 0 < E, <
00, ||pellg1 — oo} part of the boundary, the estimate above, combined with the (15)
form of the equation and the fact that (—A + 1)~' : H~! > H' is an isomorphism
imply that ¢g/ \/Q(qu) converges in H' to a solution of —Ay + Exy = 0. The
latter has only the zero solution which contradicts ||¢g/ \/ O(pp) |2 = 1.

A contradiction is also obtained at the E = 0 from hypothesis (SA) and
comparison principles for the linearized (self-adjoint) operator. The comparison
principle relies heavily on the fact that the nonlinearity is always negative, see [35].

At the E — oo portion of the boundary the estimates imply that the change of
variables:

Ye(x) = E-Pgp(E7'%x + x0)), x0 € R” (17)
leads to a uniformly bounded curve E +— g in H ! and transforms (7) into:
— Ay + ET'V(E x4+ x0) e + Ve + vVl e =0
which formally converges to

—AY + Yy +ylyfy =0. (18)
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The rigorous result is:

Theorem 3.5 There are no coherent states approaching {E = 0} and {E >
0, || - ||g1 = oo} boundary of the bifurcation diagram. Ground states approaching
E — 00 boundary converge in H', modulo the re-scaling (17) and rotations in the
complex plane, to a superposition of positive solutions of (18) each localized at a
critical point of the potential V.

Note that the result at E — oo has been conjectured in [47]. Our convergence
argument uses concentration compactness [12, Section 1.7] combined with a rather
delicate analysis of bifurcations from infinity, see [35] for details. For example,
if splitting of profiles would occur then at least one of them must move towards
infinity, and since limjy—o V(x) = 0 we can show that the profile converges
to a solution of the equation without potential. But we are dealing with ground
states so this solution must be positive modulo rotations. It is known that, modulo
translations, there is only one such solution and the properties of the linearized
operator at this solution are also known. Using a Lyapunov-Schmidt decomposition
based on the linearized operator we show that there are no bifurcations from
solutions of the translation invariant problem concentrated at infinity into a solution
of our problem with potential under mild hypotheses on the behavior of the potential
at infinity.

Remark 3.4 New solutions of translation invariant NLS equation (18) may be
discovered based on Theorem 3.5. Indeed, the corresponding result for excited states
(i.e., solutions of (7) which are not ground states) is that as E — oo the re-scaled
Y either converges strongly to a superposition of positive solutions of (18), some
of them multiplied by —1, and each localized at a critical point of the potential
V, or (18) must have solution that cannot be obtained from the positive one via
translations or rotations in the complex plane. There are no such solutions in
space dimension n = 1 (hence the theorem applies to all coherent states in one
space dimension) but their existence/non-existence in higher dimensions is an open
problem. Note that, in principle, the re-scaled ¥ can be numerically traced along
excited state branches at large E. If profiles that change sign emerge (instead of
profiles in which the positive part drifts away from the negative part) then the
profile is a new solution of (18). The algorithm can start from excited states of (7)
which bifurcate from zero at the second and higher eigenvalues of the linear operator
—A + V. The existence of such eigenvalues is guaranteed for sufficiently negative
potentials.

To obtain all limit points of the ground state branches at E — 0o we combine
Theorem 3.5 with the local bifurcation result:

Theorem 3.6 Ar E = oo, from any superposition of positive or negative solutions
of (18) each localized at distinct, non-degenerate, critical points of the potential V
bifurcates, modulo the re-scaling (17) and rotations in the complex plane, exactly
one curve of coherent states for (7). These coherent states have as many nodal
points as the number of sign changes in the superposition. The number of negative
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eigenvalues of the linearization calculated at these coherent states can be computed
with the formula: k + ny + ny + -+ + ng where k is the number of profiles and
nj, j = 1,2, ... kis the number of negative directions for the Hessian of the potential
calculated at the critical point where the j profile localizes.

See Fig. 2 for an illustration of this theorem in the case of a double well potential.

The theorem is reminiscent of the result in [43], see also [2, 15], for the
semiclassical limit. Note that we are not in the semiclassical limit, our re-scaled
equation immediately below (17) differ by the E~! factor in front of the potential
making it an even more degenerate problem. Moreover, our method can be adapted
to the semiclassical case and gives a stronger result by not only showing uniqueness
of such solutions but also providing their parametrizations and spectral properties of
the linearized operator. The extension of Theorem 3.6 to degenerate critical points
is still open.

Remark 3.5 As of now Theorems 3.5-3.6 do not exclude or treat the case of
multiple profiles localizing at the same critical point of V, see [42] for a related
result. For ground states the phenomenon does not occur at local minima, but the
other cases are still open.

The compactness argument at E — oo can be extended in the interior of the
bifurcation diagram domain to obtain:

Theorem 3.7 Any set of ground-states (¢pg, E) which is bounded in H'(R") x
(E1,00), where E1 > 0, is relatively compact and any limit point is a solution

of (7).

Now, Theorem 3.3 follows from a contradiction argument. Suppose that along
the symmetric branch starting at (0, Ey) no eigenvalues of the linearized operator
cross zero. Then, by Lemma 3.1 and the implicit function theorem the branch
can be continued and remains symmetric until it reaches the boundary of the
bifurcation diagram. By Theorem 3.5 it will have E — oo and, in this limit, it will
converge, modulo re-scaling (17), to a superposition of positive solutions of (18)
each localized at a critical point of V (some may localize at the same critical point).
If the limit is localized at x = 0 then from Theorem 3.6 we deduce that the linearized
operator along this branch at large E has at least two negative eigenvalues (one
plus the number of negative directions for the Hessian of the potential at x = 0)in
contradiction with the fact that it had only one negative eigenvalue near Ej. If the
limit has a profile localizing at a non-zero critical point xy, by symmetry it must
have a profile (positive solution of (18)) at each point in the orbit of xy under the
action of the Euclidian group. In this case the number of negative eigenvalues of the
linearized operator at large E is at least the number of profiles, see Theorem 3.6,
which is at least the number of points in the orbit. By hypothesis the latter is at least
2 and gives a contradiction. Consequently, there must be an Ex, Ey < Ex < 00, such
that an eigenvalue of DyF (¢, E) converges to zero as E /' E,. By Theorem 3.7
there is a limit point (¢, , E«) and local bifurcation theory can be used to analyze
the branches emerging from this point.
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More importantly, for analytic nonlinearities (p an even, positive integer), our
Theorem 3.7 combined with global bifurcation theory imply that ground states
not only organize themselves in smooth manifolds but the manifolds can also
be smoothly continued past their singularity points (i.e. bifurcation points) until
they either form loops or reach the boundary of the bifurcation diagram region
H'(R") x (0, 00), see [8, 35]. Note that if we somehow exclude the cases described
in Remarks 3.3 and 3.5 then Theorems 3.5-3.6 give us all the limit points at the
boundary and we can now trace back all ground-states.

For example consider the symmetric double well potential in one space dimen-
sion which has three critical points, see top panel in Fig. 2. We claim that all ground
states of this problem are given by the bottom left panel in Fig. 3. A similar picture
can be obtained for excited states with a fixed number of nodal points (zeroes).
Indeed, by first restricting the analysis to the Banach subspace of even functions in
H' we get via Theorem 3.6 (and modulo rotations) the three curves near E = 0o
in addition to the one given by (SA) near Ey, see the left panel of Fig. 2. Global
bifurcation theory says that the latter connects smoothly with one of the former.
Hence, we have three possibilities, two are presented in the upper panels of Fig. 3,

A 2 A 2
N=|welp N =|welly- NN

A
A

E, E,
A
+ ar(m) NN 7'(R) ’_‘/
3 NN I A
—_ NN
3 NN
3
, / o W
,/ - PR § W

r 7 / R o W

Fig. 3 Top panel shows two possible ways the even branches connect. The third is similar to the
left panel. Bottom panel shows how the asymmetric branches will bifurcate from the symmetric
ones in the two cases. In all figures the dotted lines show region where the branches are not
completely understood, i.e. “snaking” or pitchfork like bifurcation may occur but the latter must
lead to loops, see the top branch in the bottom right panel
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the third is similar to the left panel. The remaining two curves of symmetric ground
states must connect with each other since, again by Theorem 3.5, they cannot end up
on top or left boundaries of the bifurcation diagram, neither can they end at (0, Ey)
due to the uniqueness of the branch emerging from this point. Sturm-Liouville
theory allows only a simple eigenvalue to cross zero at each bifurcation point, so, to
match the number of negative eigenvalue on the symmetric branches we find that, in
the case described in the left panels of Fig. 3, one more bifurcation point is needed
on each (the turning point is already a bifurcation on the top curve). Since each
of these bifurcations correspond to an antisymmetric eigenvector in the kernel of
the linearized operator, one asymmetric branch emerges from each, see bottom left
panel in Fig. 3. They already match the curves of asymmetric ground states given by
Theorem 3.6 at E = oo, hence the picture is complete. A similar counting argument
can be done for the right panels in Fig. 3. Moreover, the same analysis can now be
performed for excited states with one nodal point (one change of sign), two nodal
points, etc, since Theorem 3.5 applies to them in one dimension, see Remark 3.4.

The above analysis did not include the multi-profile ground states which, as
E — 00, may have more than one profile localizing at the local maxima of the
potential, see Remark 3.5. Recent numerical investigations in [34] show that they are
present and the branch starting from one profile at each minima when E = oo turns
back and connects to a branch with two profiles both localizing at the local maxima
x = 0, while the branch starting from a profile at each critical point connects to the
branch with three profiles all of them localizing at x = 0. A rigorous understanding
of this phenomena is underway.

Remark 3.6 Theorems 3.4-3.7 are valid in any space dimension, however, to obtain
all ground states, the counting argument described above needs to be adapted
when non-simple eigenvalues of the linearized operator cross zero. In practical
applications the multiplicity of these eigenvalue is due the Euclidian symmetries
of the underlying phenomenon hence its Hamiltonian. The symmetries can be used
to simplify the normal form of the local bifurcation, see [16]. A case by case study
is underway, beginning with potentials invariant under finite group of symmetries
(such as under reflection w.r.t. hyperplanes, or generated by rotations with a fixed
angle) and finishing with potentials invariant under continuous group of symmetries
such as spherical ones.

Remark 3.7 Bifurcations from continuous spectrum may occur in the absence of
the spectral hypothesis (SA). Indeed, the sketch of proof for Theorem 3.5 showed
that (SA) is essential in excluding branches which approach the {E = 0} boundary.
While we can build the picture of all ground states starting now from the branches
given by Theorem 3.6 at large E, some of these branches will end up at {E = 0}. To
complete the picture we need to find all limit points on this boundary, in particular
we need to understand bifurcations from the edge of the continuous spectrum, see
Lemma 3.1. A summary of recent progress in such problems can be found in [56].
Repelling nonlinearities y > 0 also fall in this category as preliminary calculations
show that all branches of coherent states end up at the left boundary {E = 0},
see [25] for a different method applicable to ground-states only. More complicated
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nonlinearities may also push the coherent states towards this boundary. For example
—|¢1%¢ + |¢|*p formally behave like an attractive nonlinearity near (0, Eo) but at
large bound-states the repelling part dominates. Hence a turning point is formed
on the branch starting at (0, Ey) and the conjecture is that it eventually approaches
{E = 0}, see [22]. The study of such nonlinearities and more general ones is in
progress.

Remark 3.8 Confining potentials limjy— V(x) = oo allow for stronger results
compared to Theorems 3.4-3.7. Indeed, the bound states now belong to the Banach
space {¢p € H' : [o, V(x)|¢(x)|*dx < oo} which embeds compactly in L?, see
the previous subsection. This implies that the linearized operator has purely discrete
spectrum, that the set of solutions of (7) is relatively compact, and that the map F,
see (15) is compact. In particular Theorems 3.4-3.7 are valid for all coherent states.
Based on this observation a rigorous study vortices in rotating but confined Bose-
Einstein Condensates is underway, see [26] for a recent summary of open problems,
results and applications.

Remark 3.9 Non-analytical nonlinearities require compactness results stronger than
the one given by Theorem 3.7 i.e., valid also for approximate solutions of (7). Such
compactness is needed to construct a degree for the map F in (15) on which the
global bifurcation theory relies, see [45]. Such results hold for confining potentials,
see remark above, or repelling nonlinearities y > 0, see [24, 25]. The problem for
non confining potentials combined with attractive nonlinearities is open.

3.3 Orbital Stability

Two of the most cited results in orbital stability of coherent structures are the ones
by Grillakis, Shatah and Strauss in [18, 19]. One of its refinements [17], which is
applicable to the Schrodinger and Klein-Gordon equations because of the diagonal
structure of their linearization, implies that, in the example presented in the previous
subsection, all branches with more than one negative eigenvalue in the spectrum
of the linearized operator are unstable while the ones with exactly one negative
eigenvalue are stable provided their L? norm is strictly increasing in E, see Fig. 3.
However, neither the results in [18, 19] nor their numerous refinements cover all
possible cases. For example, in the Schrodinger case with attractive nonlinearity,
the first excited state bifurcating from zero at the second eigenvalue of —A + V' is
outside the scope of the current orbital stability theory. Thanks to hundreds of pages
of proofs based on asymptotic stability techniques, see [53] and [51], we now know
that this branch is unstable in the weakly nonlinear regime provided a resonance
condition is satisfied. Is there a simpler way to study the stability of such coherent
states, one that will not rely on weak nonlinearities and resonance conditions?

In the general framework presented in Sect.2 the theory uses the Lyapunov
functional: u > & (1) — wQ(u) to study the stability of the coherent states (¢, w)
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which are solutions of (3) hence critical points of the Lyapunov functional. The
results in [18, 19] exploit the fact that Q is invariant under the dynamics and can
be summarized as follows: if ¢, is a local minimizer of the Lyapunov functional
restricted to the manifold Q(u#) = Q(¢,,) then ¢,, is orbitally stable; if ¢, is a saddle
point of the Lyapunov functional restricted to the manifold Q(«) = Q(¢,) with an
odd number of negative directions i.e., odd number of negative eigenvalues of the
Hessian restricted to the tangent space of the manifold Q(u) = Q(¢,) at ¢, then
¢, is linearly and orbitally unstable. More precisely, for stability the Hessian can
be nonnegative or it can have one negative eigenvalue over the entire space X which
disappears when the domain is restricted to the tangent space of the codimension
one manifold Q(#) = Q(¢,) which turns out to be equivalent with the condition
0,b0(d,) < 0 at the particular @ under study. However, the theory leaves open
the cases when the Hessian has more than one negative eigenvalue over the entire
space X and an even number of them remain when restricting to the tangent space of
Q(u) = Q(¢y). The example in the above paragraph is in the case with two negative
eigenvalues and no recent refinements of the theory can cover it. Also note that none
of the refinements applies to the general framework described in Sect. 2 but to rather
particular cases.

Is it possible to show that if the coherent state ¢, is a saddle point of
the Lyapunov functional restricted to the manifold Q(u) = Q(¢,) then it is
orbitally unstable? Note that the Lyapunov functional is actually invariant under the
dynamics, hence initial data on the manifold with energy just below the energy of
the coherent state evolve on a level set that takes it far away from the coherent state.
More precisely, there is a fixed neighborhood of the orbit of the coherent state which
is left by all orbits with initial data approaching the coherent state from a negative
direction of the Hessian. This idea has been partially exploited in [18] but there the
negative direction turns out to be an unstable direction of the linearized dynamics
@ = JDE(¢,)[v] i.e., an eigenfunction of a positive eigenvalue of JD*E(¢,).
hence an exponential growth of the distance between orbits leads to instability. This
is not the case in the example discussed in the first paragraph of this subsection and
in many others. But the point is that even in the absence of unstable directions for
the linearized dynamics, the presence of negative direction for the Hessian suffices
to prove a (much weaker) linear growth of distance between certain orbits in a small
neighborhood of the coherent state which still implies instability. This work is still
in progress.

Note that, if the answer to the above question is affirmative then the theory
becomes a characterization of orbital stability i.e., in the general framework of (1)
that is only invariant under the action 7'(s) of a one dimensional Lie group, s € R,
the coherent state ¢, given by (3) is orbitally stable if and only if it is a local
minimizer of the Lyapunov functional: u +— & (u) — wQ(u) restricted to the
manifold Q(u) = Q(¢y) i.e., the Hessian over the whole space X of the Lyapunov
functional can have at most one negative eigenvalue (counting multiplicity) and if
it has one then d, Q(¢,,) must be negative at the particular @ under study. Since the
Hessian is basically the linearization of the equation for coherent structures (3), its
eigenvalues change continuously along manifolds of solutions and cross zero only



80 E. Kirr

at bifurcation points. Therefore, the stability properties can now be deduced directly
form the bifurcation diagrams, see for example Fig. 3.

4 Asymptotic Stability of Coherent States

When the techniques proposed in the previous Section lead to a new branch of
orbitally stable coherent states for (1) or a bifurcation point involving both stable
and unstable branches, the question is whether the dynamics of solutions starting
near the branch can be described in detail. In particular, asymptotic stability would
mean that the solutions converge to certain coherent structures on the branch but in
a weaker norm corresponding to a space Z, X — Z, see the discussion at the end of
Sect. 2. The methods to uncover the convergence are dynamical in nature and, near a
branch of coherent structures and away from bifurcation points, can be summarized
as follows: one decomposes the solution into a finite dimensional evolution on the
manifold of coherent structures and a correction

u(®) = T(@(O))[Pu) + ua(®)] 19)

where the parameter w () is to be chosen later. Then the equation for the correction
becomes:

d
cl;td = JLowia + G(@(0), ua(t)) (20)

where L,, is the linearization (with respect to u) of D, & (u) — wD,Q(u) at ¢, and G
contains only quadratic and higher order terms in u,. Most of the times equation (20)
is be analyzed via a Duhamel formula using the propagator of a fixed linearization
i.e., W(t)ug solves:

du

&t = JLyou, u(0)=up

and

t t
uy(t) = W(t)ud(0)+/ W(t—s)[JLw(S)—JLwO]ud(s)ds-i-/ W(t—s)G(w(s), uq(s))ds.
0 0 1)
In this case w(7) is chosen such that u,() is always in the invariant subspace of JL,,
that complements the null space. In the absence of other eigenvalues the invariant
space corresponds to the continuous spectrum, and the advantage is that, on this
subspace, estimates of type:

W) |lzx>z ~ 1]7% o« >0 (22)
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where Z is a Banach space with X < Z densely, were already available. The
disadvantage is the presence of the linear term in the second integral. In fact, for
the particular case of NLS, the linear term lead to restrictions on the nonlinearity
to supercritical regimes p > 4/n in (6), see [9-11, 13, 44, 48-50], or, when
Stricharz type estimates were used, to critical and supercritical regimes p > 4/n,
see [21, 39, 40]. The results in [29, 30, 32, 33] show that, for small solitary waves
in NLS, from estimates (22) one can obtain estimates of the same type for the
propagator of the time dependent linear operator in (20). Hence one can use:

t
wa®) = W(t.0a0) + [ W0.5)G).uals))ds 23)
0
where W (1, s)uq solves the non-autonomous equation

du
o= JLyoylt, u(s) = ug (24)

and now the () is chosen such that u,(?) is always in the invariant subspace of
JL,(y that complements the null space, hence, in the absence of other eigenvalues,
on this subspace we have:

W (2, 9)|l 24>z ~ |t — 7%, a>0 (25)

As a result the restriction to critical and supercritical nonlinearities has been lifted.

Essential in this approach is to obtain estimates (25) from (22). While technical
in nature this step can be generalized to other equations, see [7], because it relies
only on V(t) = JL,) — JL, being a small, localized in space (but time dependent
and maybe complex valued) scatterer (potential) and on strong dispersion of the
linearized equation, i.e.

a>1. (26)

Smallness is not necessary since orbital stability implies that large deviation in V(¢)
are only along the orbits of the coherent structures which can be mod out, see [31].
Space localization will always be present when dealing with solitary waves i.e., the
scatterer is a power of the solitary wave. The only hypothesis that cannot yet be
relaxed is (26), in particular the method is inapplicable in one dimensional NLS.

A much more delicate dynamics occurs near an intersection of stable and
unstable manifolds of coherent structures. Section 3.2 shows that existence of
such bifurcation points is generally the rule rather than the exception, hence
understanding the dynamics around bifurcations is a necessary step in studying
asymptotic completeness. Note that finite time behavior of small solitary waves near
the bifurcation point discovered first in [27] has been studied for example in [28] via
an approximation with a finite dimensional dynamical system.



82 E. Kirr

Unfortunately, the recent progress in asymptotic stability near an orbitally stable
coherent state cannot yet determine the full dynamical picture near a bifurcation
point. Current results, see [4, 14, 57], rely on a spectral assumption for the
linearization JL, which fails at the bifurcation point. More precisely, as one
approaches the bifurcation point (w — w«) from a stable branch, two, purely
imaginary and complex conjugate eigenvalues (which can be non-simple) of JL,,
approach zero (this corresponds to one eigenvalue, maybe non-simple, of L, =
D*&(¢po) — wD*Q(¢,) approaching zero, see the discussion in Sect. 3.2). Past the
bifurcation point they move from zero back up on the imaginary axis (along on
the stable branch) or into a positive and negative eigenvalue (along the unstable
branch). The above cited results may be applicable for some w # w, along the
stable branch but not to all. This is because the two eigenvalue which approach
zero as w — s« have multiples close to any other eigenvalue, therefore violating
the discrete spectrum non-resonance condition required by current results. G. Zhou
has done yet unpublished work that may remove the non-resonance condition. Even
if this work is vetted the results only say that for each v # w. along the stable
branch there is a small ball in the Hilbert space X centered at ¢,, such that initial
data from the ball asymptotically converge (in the weaker norm) to a coherent state
(not necessarily ¢,). However, the radius of this ball is related to the distance d
between the smallest eigenvalue (in absolute value) and zero, and goes to zero
as w approaches the bifurcation point because of the 1/d numbers of change of
variable necessary to bring the system in a normal form that uncovers the radiation
damping mechanism which leads to the decay of the projection of the solution onto
the invariant subspace of this smallest eigenvalue via a resonant interaction with
the radiative part corresponding to the projection onto the continuous spectrum. In
conclusion, asymptotic stability can be shown only in a conical neighborhood of the
stable branch with vertex at the bifurcation point (and the vertex excluded).

What happens with initial data in a ball centered at the bifurcation point which,
of course, has relatively large regions not contained in the conical neighborhoods
described above? A first step would be to determine the stable invariant manifolds
along the unstable branch. This is obtained via implicit function theorem type
results from the invariant subspace of the linearization that complements the one
corresponding to the positive eigenvalue. Initial data on this manifold will converge
to an unstable coherent state, see [53] for a related result. Outside this manifold one
can use a spectral decomposition of the dynamics with respect to the linearization
at the bifurcation point JL,,. Note that the invariant subspace corresponding to
the zero eigenvalue contains the kernel of D?&(¢,,) — wD?Q(¢,,) which caused
the bifurcation to occur in the first place, moreover the projection on this kernel
parameterizes the branches near the bifurcation point via the standard Lyapunov-
Schmidt decomposition. Since the initial data is away from the stable invariant
manifold corresponding to the unstable branch one expects a short time exponential
growth of the projection onto the direction of the stable branch. Once this projection
becomes dominant a change of variables can be employed in order to use the
linearization and associated spectral decomposition at the (time dependent) stable
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coherent state given (parameterized) by the values of this dominant projection. In
this coordinates the techniques discussed in the above paragraph are expected to lead
to asymptotic convergence towards a stable coherent state. This is work in progress.

5 Conclusions

While variational methods are inappropriate to study all coherent states of a given
nonlinear wave equation (1) recent progress in NLS equation shows promise for
bifurcation methods. We learned from the example described in Sect. 3.2 that one
can start from any known solution of (3) and expect that it is part of a smooth
manifold of solutions that can be extended to the boundary of the domain (subset
of X x R)) inside which the linearization of (3), D*E(u) — wD?*Q(u), is Fredholm
(a finite dimensional kernel suffices as this is a self-adjoint operator). Such results
are the main theorems of the current global bifurcation theory as developed by
Rabinowitz, Dancer, Toland, Buffoni and others. However, this is not enough to
discover bifurcation points along the manifold or new branches of solutions. But if
one has spectral information about the linearization at the starting point and at the
end point of the manifold (both on the boundary) then existence of bifurcations can
be proven and the branches emerging from them can be studied. Ideally one would
want to find all limit points of manifolds of coherent states at the boundary of the
Fredholm domain. Now, one can start from any such limit point and use the fact that
the manifold approaching it can be continued (via global bifurcation theory) until it
reaches another limit point on the same boundary (or the same point in case a loop
forms). Loops can sometimes be ruled out via bifurcation in cones type arguments,
see [8], and the symmetry or spectral properties of the initial limit point can severely
reduce the choices of the end point such that a numerical investigation or a rigorous
theorem can determine it as in the example. Once the two end points of the manifold
are determined the change in number of negative eigenvalues of the linearized
operator at the two ends can tell us the number of eigenvalues crossing zero hence
the number and type of bifurcations along the manifold. These bifurcations can
now be analyzed via Lyapunov-Schmidt decompositions and normal forms, see for
example the singularity theory in [16]. The emerging branches of solutions have
also limits at the boundary of the Fredholm domain. The process repeats until all
branches of solutions are found.
There are four essential steps in the method summarized above:

(R1) identify the domain in the X x R space where the linearized operator of (3)
is Fredholm;

(R2) inside this domain show relative compactness of either the set of solutions
of (3) or of a map for which the set of fixed points coincides with the set of
solutions of (3);

(R3) identify all limit points of solution branches on the boundary of the
Fredholm domain;
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(R4) find the rules by which the limit points connect via manifolds of solutions
inside the domain and characterize the bifurcation points along these
manifolds.

(R1) is already done for most wave equations as linearization is used in any
analysis or numerical simulation for nonlinear problems. While this method focuses
on finding coherent states inside the domain where the linearization is Fredholm,
note that outside it one can sometimes show non-existence of coherent states with
certain localization properties based on smoothness of the spectral measure of the
linearized operator, see [6].

(R2) is a technical step but an essential assumption in global bifurcation theory.
It also helps with the (R3) step. For problems with real analytic energy, relative
compactness of the solution set of (3) suffices and implies that the only obstacle
for unique continuation of any manifold of coherent states (via implicit function
theorem) is that it either reached the boundary of the Fredholm domain or a
bifurcation (singularity) point. In the latter case, the manifold reemerges on the
other side of the bifurcation point because of the structure of zeroes of analytical
maps. Compactness and structure of zeroes for analytical maps combine again to
prevent the existence of infinitely many singularities in bounded domains. Hence
the manifold either reaches the boundary of the Fredholm domain or forms a
loop, see [8]. If the energy is non-analytical a stronger form of compactness is

required. Equation (3) is transformed into a fixed point problem, for example
def

¢ =CA+D)Y ¥ = (1-E)p -V - y|$P’¢ = F(Y,E) in the NLS
case (7), and the map F : X* — X* (or from Y to ¥ where X < ¥ < X*)is
required to be relatively compact, see [45].

Note that the stronger type of compactness comes for free when X — Y is
compact, which is the case for waves on bounded domains, or when the range
of F is made of functions with a prescribed decay at infinity, which is the case
for problems with confining potentials, limy—c V(x) = oo, or with repelling
nonlinearities see [24, 25]. For NLS with attractive nonlinearities, a delicate
argument involving concentration compactness and non-existence of bifurcations
from profiles concentrated at infinity is used in [35] to obtain relative compactness
of the set of solutions. It may be adapted for general wave problems since X, Y are
usually Sobolev spaces.

(R3) can be split into two parts: first obtain rigorous estimates for coherent
structures approaching the boundary of the Fredholm domain and use compactness
arguments to identify possible limit points, then use local bifurcation theory from
these limit points to identify all nearby branches of solutions. For the first part one
can use the energy and charge Q together with the identity 35 (D) = a)jg (o)
and the equation (3) both valid for coherent states. The goal is to obtain closed
differential inequalities for the terms in the energy which can lead estimates
in certain limits i.e., as the branch approaches different parts of the boundary
of the Fredholm domain. In the NLS example with attractive nonlinearity, the



Long Time Dynamics and Coherent States in Nonlinear Wave Equations 85

quadratic terms in the energy (4) grow much faster than the superquadratic term
corresponding to the nonlinearity provided the H' norm blows up and @ remains
finite. Equation (7) becomes linear in this limit and it turns out that the limiting
equation has no solution, hence the absence of coherent states near this boundary.
At the @ — —oo boundary the kinetic and nonlinear terms grow faster than the
potential term which leads to the limiting equation (18) via the re-scaling (17).
The limiting points are then among the solutions of the limiting equation. In the
example we were looking at positive coherent structures (ground states) and the
limiting equation has exactly one such solution modulo translations, hence the
limiting points described in Fig. 2. In general, one can focus on examples for which
the limiting equations are well studied. However if the procedure leads to poorly
understood equations this theory is a motivating factor in studying them.

The second part i.e., identify the nearby branches from the limit points, may be
solved via standard local bifurcation theory when the linearization at the limiting
points (which are solutions of the limiting equation) is Fredholm. However, this
is not the case when coherent states approach the part of the boundary where the
linearization has zero at an edge of the essential spectrum. This happens for repelling
nonlinearities, see [24, 25], for attractive nonlinearities when the linearization of (3)
at u = 0 has no discrete spectrum and especially for Dirac equation, regardless
of nonlinearity, since the linear Dirac operator has essential spectrum everywhere
except a bounded interval. In all these cases local bifurcations from the edge of
the essential spectrum must be understood in order to find all limit points on this
boundary and complete the bifurcation diagram. These are notoriously difficult
problems but promising results in this direction are described in [56].

(R4) amounts to grouping the limiting points based on which closed subspace
of X they belong to, usually based on symmetry properties such as the subspace
of even functions in our example. Since global bifurcation theory applies in any
Banach space each limit points must connect to another one in the same group. If
there are more than two in a subgroup then not only numerical simulations can help
but also rigorous arguments combining the mismatch in the negative eigenvalues of
the linearization at the two endpoints with the type of bifurcations supported by the
eigenspaces corresponding to the eigenvalues that cross zero as one moves from one
limiting point to the other. Note that problems invariant under finite and continuous
groups of Euclidian symmetries have non-simple eigenvalues in the spectrum of
the linearized operator. If they cross zero a classification of bifurcations induced by
them is necessary before we can proceed to identify all coherent states.

The bifurcation method relies and provides information on the spectrum of the
linearized operator along the manifolds of coherent states. There is already a rich
theory that uses the spectral information to determine the stability of coherent
states and the long time dynamics of nearby solutions. While a resolution of the
Asymptotic Completeness Conjecture, see Sect. 1, still seems far away, it appears
that a systematic study of all coherent states supported by nonlinear wave equations,
their bifurcation points, their stability and the nearby dynamics is within reach.



86

E. Kirr

References

1.
2.

10.

11.

12.

13.

14.

15.

16.

17.

18.

19.

20.

21.

22.

23.

24.

R. A. Adams, Sobolev Spaces. Academic Press, New York, 1975.

A. Ambrosetti, M. Badiale, S. Cingolani, “Semiclassical states of nonlinear Schrddinger
equations with bounded potentials”, Atti Accad. Naz. Lincei Cl. Sci. Fis. Mat. Natur. Rend.
Lincei (9) Mat. Appl. 7 (1996), no. 3, 155-160.

. W.H. Aschbacher, J. Frohlich, G.M. Graf, K. Schnee, and M. Troyer, “Symmetry breaking

regime in the nonlinear hartree equation”, J. Math. Phys. 43, 3879-3891 (2002).

. D. Bambusi, S. Cuccagna, “On dispersion of small energy solutions to the nonlinear Klein

Gordon equation with a potential”, Amer. J. Math. 133 (2011), no. 5, 1421-1468.

. V. Benci, D. Fortunato, Variational methods in nonlinear field equations. Solitary waves,

hylomorphic solitons and vortices. Springer Monographs in Mathematics. Springer Cham
Heidelberg New York Dordrecht London, 2014.

. H. Berestycki, P.-L. Lion, “Nonlinear scalar field equations”, Arch. Ration. Mech. Anal. 82

(1983) 313-375.

. N. Boussaid, E. Kirr, “Asymptotic stability of ground states in Dirac equation”, in preparation.
. B. Buffoni, J. Toland, Analytic theory of global bifurcation. An introduction. Princeton Series

in Applied Mathematics. Princeton University Press, Princeton, NJ, 2003.

. V. S. Buslaev, G. S. Perelman, “Scattering for the nonlinear Schrédinger equation: states that

are close to a soliton”. St. Petersburg Math. J. 4 (1993), no. 6, 1111-1142.

V. S. Buslaev, G. S. Perelman, “On the stability of solitary waves for nonlinear Schrodinger
equations”. Nonlinear evolution equations, 75-98, Amer. Math. Soc. Transl. Ser. 2, 164, Amer.
Math. Soc., Providence, RI, 1995.

V. S. Buslaev, C. Sulem, “On asymptotic stability of solitary waves for nonlinear Schrédinger
equations”. Ann. Inst. H. Poincaré Anal. Non Linéaire 20 (2003), no. 3, 419-475.

T. Cazenave, Semilinear Schrodinger equations, volume 10 of Courant Lecture Notes in
Mathematics (New York University Courant Institute of Mathematical Sciences, New York,
2003).

S. Cuccagna, “Stabilization of solutions to nonlinear Schrodinger equations”, Comm. Pure
Appl. Math. 54 (2001), 1110-1145.

S. Cuccagna, T. Mizumachi, “On asymptotic stability in energy space of ground states for
nonlinear Schrédinger equations”, Comm. Math. Phys. 284 (2008), no. 1, 51-77.

A. Floer and A. Weinstein, “Nonspreading wave packets for the cubic Schrodinger equation
with a bounded potential”, J. Funct. Anal. 69, 397-408 (1986).

M. Golubitsky, I. Stewart, D. G. Schaeffer, Singularities and groups in bifurcation theory, Vol.
II. Applied Mathematical Sciences, 69, Springer-Verlag, New York, 1988.

M. Grillakis, “Linearized instability for nonlinear Schrédinger and Klein—Gordon equations”,
Comm. Pure Appl. Math. 41, 747-774 (1988).

M. Grillakis, J. Shatah, and W. Strauss, “Stability theory of solitary waves in the presence of
symmetry. [, J. Funct. Anal. 74 (1987), no. 1, 160-197.

M. Grillakis, J. Shatah, W. Strauss, “Stability theory of solitary waves in the presence of
symmetry. II”, J. Funct. Anal. 94 (1990), no. 2, 308-348.

Y. Guo, R. Seiringer, “On the mass concentration for Bose-Einstein condensates with attractive
interactions.” Lett. Math. Phys. 104 (2014), no. 2, 141-156.

S. Gustafson, K. Nakanishi, T.-P. Tsai, “Asymptotic stability and completeness in the energy
space for nonlinear Schrodinger equations with small solitary waves”. Int. Math. Res. Not.
2004, no. 66, 3559-3584.

R. K. Jackson, communication at SIAM Conference on Nonlinear Waves, Philadelphia, Aug.
2010.

R. K. Jackson, M. I. Weinstein, “Geometric analysis of bifurcation and symmetry breaking in
a Gross-Pitaevskii equation.” J. Statist. Phys. 116 (2004), no. 1-4, 881-905.

H. Jeanjean, M. Lucia and C. Stuart, “Branches of solutions to semilinear elliptic equations on
RV, Math. Z. 230, 79-105 (1999).



Long Time Dynamics and Coherent States in Nonlinear Wave Equations 87

25.

26.

217.

28.

29.

30.

31.

32.

33.

34.

35.

36.

37.

38.

39.

40.

41.

42.

43.

44,

45.

46.

47.

48.

49.

H. Jeanjean, M. Lucia and C. Stuart, “ The branche of positive solutions to a semilinear elliptic
equation on RY”, Rend. Sem. Mat. Univ. Padova, 101, 229-262 (1999).

P.G. Kevrekidis, R. Carretero-Gonzalez, D.J. Frantzeskakis, ‘“Vortices in Bose-Einstein Con-
densates: (Super)fluids with a twist”, SIAM Dynamical Systems Magazine, October, 2011.
E.W. Kirr, P.G. Kevrekidis, E. Shlizerman, and M.I. Weinstein, “Symmetry-breaking bifurca-
tion in nonlinear Schrodinger/Gross—Pitaevskii equations”, SIAM J. Math. Anal. 40, 56-604
(2008).

E. Kirr, PG. Kevrekidis, D. Pelinovsky, “Symmetry-breaking bifurcation in the nonlinear
Schrodinger equation with symmetric potentials”, Commun. Math. Phys. 308 (2011), 795-844
E. Kirr, A. Zarnescu, On the asymptotic stability of bound states in 2D cubic Schrodinger
equation Comm. Math. Phys. 272 (2007), no. 2, 443-468.

E. Kirr, A. Zarnescu, Asymptotic stability of ground states in 2D nonlinear Schrédinger
equation including subcritical cases, J. Differential Equations 247 (2009), no. 3, 710-735.

E. Kirr, A. Zarnescu, Asymptotic stability of large ground states in nonlinear Schrodinger
equation, in preparation.

E. Kirr and O. Mizrak, “Asymptotic stability of ground states in 3d nonlinear Schrodinger
equation including subcritical cases”, J. Funct. Anal. 257, 3691-3747 (2009).

E. Kirr and O Muzrak, * On the stability of ground states in 4D and 5D nonlinear Schrodinger
equation including subcritical cases” submitted to Int. Math. Res. Not. available online at:
http://arxiv.org/abs/0906.3732

E. Kirr, P.G. Keverekidis and V. Natarajan, “Bifurcations of large ground states in one
dimensional nonlinear Schrodinger equation”, in preparation.

E. Kirr and V. Natarajan, “The global bifurcation picture for coherent states in nonlinear
Schrodinger equation”, in preparation.

P-L. Lions, “The concentration-compactness principle in the calculus of Variations. The
locally compact case. I.” Ann. Inst. H. Poincare Anal. Non Lineaire 1 (1984), 109-145.

P-L. Lions, “The concentration-compactness principle in the calculus of Variations. The
locally compact case. II.” Ann. Inst. H. Poincare Anal. Non Lineaire 1 (1984), 223-283.

J.L. Marzuola and M.I. Weinstein, “Long time dynamics near the symmetry breaking bifurca-
tion for nonlinear Schrodinger/Gross—Pitaevskii equations”, DCDS-A, to be published (2010).
T. Mizumachi, “Asymptotic stability of small solitary waves to 1D nonlinear Schrodinger
equations with potential”, J. Math. Kyoto Univ. 48 (2008), 471-497.

T. Mizumachi, “Asymptotic stability of small solitons for 2D Nonlinear Schrédinger equations
with potential”, J. Math. Kyoto Univ. 47 (2007), no. 3, 599-620.

L. Nirenberg, Topics in nonlinear functional analysis, Courant Lecture Notes 6 (New York,
2001).

E. S. Noussair, S. Yan, “On positive multipeak solutions of a nonlinear elliptic problem.”
J. London Math. Soc. (2) 62 (2000), no. 1, 213-227.

Y.-G. Oh, “On positive multi-lump bound states of nonlinear Schrédinger equations under
multiple well potential”, Comm. Math. Phys. 131 (1990), no. 2, 223-253.

C.A. Pillet, C.E. Wayne, “Invariant manifolds for a class of dispersive, Hamiltonian, partial
differential equations”, J. Diff. Eqs. 141, 310-326 (1997).

P. H. Rabinowitz, “Some global results for nonlinear eigenvalue problems,” J. Functional Anal.
7 (1971), 487-513.

M. Reed and B. Simon, Methods of Modern Mathematical Physics. Analysis of Operators.
Volume IV. Academic Press San Diego New York Boston London Sydney Tokyo Toronto,
1972.

H.A. Rose and M.I. Weinstein, “On the bound states of the nonlinear Schrodinger equation
with a linear potential, Physica D 30, 207-218 (1988).

I. M. Sigal, G. Zhou, “Asymptotic stability of nonlinear Schrodinger equations with potential”.
Rev. Math. Phys. 17 (2005), no. 10, 1143-1207.

A. Soffer and M.I. Weinstein, “Multichannel nonlinear scattering for nonintegrable equations”,
Comm. Math. Phys. 133, 119-146 (1990).


http://arxiv.org/abs/0906.3732

88

50

SI.

52.

53.

54.

55.

56.

57.

E. Kirr

. A. Soffer and M.I. Weinstein, “Multichannel nonlinear scattering for nonintegrable equations.
II. The case of anisotropic potentials and data” J. Diff. Eqs. 98, 376-390 (1992).

A. Soffer, M. 1. Weinstein, Selection of the ground state for nonlinear Schroedinger equations,
Rev. Math. Phys. 16 (2004), no. 8, 977-1071.

T.-P. Tsai, H.-T. Yau, Horng-Tzer Relaxation of excited states in nonlinear Schrodinger
equations, Int. Math. Res. Not. 31 (2002), 1629-1673.

T.-P. Tsai, H.-T. Yau, Stable directions for excited states of nonlinear Schridinger equations.
Comm. Partial Differential Equations 27 (2002), no. 11-12, 2363-2402.

T.-P. Tsai, H.-T. Yau, Classification of asymptotic profiles for nonlinear Schrodinger equations
with small initial data. Adv. Theor. Math. Phys. 6 (2002), no. 1, 107-139.

M.I. Weinstein, “Lyapunov stability of ground states of nonlinear dispersive evolution equa-
tions”, Comm. Pure Appl. Math. 39, 51-68 (1986).

M.I. Weinstein, “Localized States and Dynamics in the Nonlinear Schrodinger/Gross-
Pitaevskii Equation”, Frontiers of Applied Dynamical Systems: Reviews and Tutorials, vol.
3 (2015), 41-79.

G. Zhou, “Perturbation expansion and Nth order Fermi golden rule of the nonlinear
Schrédinger equations”, J. Math. Phys. 48 (2007), no. 5, 053509-053532.



About Non Linear Stabilization for Scalar
Hyperbolic Problems

Rémi Abgrall

Abstract This paper deals with the numerical approximation of linear and non lin-
ear hyperbolic problems. We are mostly interested in the development of parameter
free methods that satisfy a local maximum principle. We focus on the scalar case,
but extensions to systems are relatively straightforward when these techniques are
combined with the ideas contained in Abgrall (J. Comput. Phys., 214(2):773-808,
2006). In a first step, we precise the context, give conditions that guaranty that,
under standard stability assumptions, the scheme will converge to weak solutions.
In a second step, we provide conditions that guaranty an arbitrary order of accuracy.
Then we provide several examples of such schemes and discuss in some details two
versions. Numerical results support correctly our initial requirements: the schemes
are accurate and satisfy a local maximum principle, even in the case of non smooth
solutions.

1 Introduction

In this paper, we are interested in the numerical solution of steady scalar hyperbolic
equations. It is well known that the equations admit discontinuous solutions that
are only bounded in L%, and belongs to L!. We are particularly interested in
the piecewise smooth solutions. Our focus is on methods that use unstructured
conformal meshes with weak Dirichlet boundary conditions. These methods, as
well as any of the methods that are devoted to the solution of these non linear
problems must incorporate, for stability reasons, some dissipation mechanism,
otherwise wild oscillations may develop. There are many classes of high order
methods, and in this paper our focus is on the study of particular class called
residual distribution schemes. These methods can be seen as some generalizations
of classical finite element methods using continuous methods with stabilisation
(such as the SUPG method [16]), but some variants allow to have a genuinely
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non linear dissipation mechanism for which one can guaranty L*° stability bounds.
Unfortunately, straightforward L°° stability procedure may lead to methods that
admits spurious modes, in some circumstances. The main issue of this paper is two
describe two ways of removing these spurious modes while keeping the L*° stability
property, at least at the experimental level. One such technique is already known, see
[1] for example, the second one is new. Having two methods for the same purpose
is, in our opinion, a good thing because it can allow for additional flexibility.

In the following, we focus on steady problems, and to make things simpler, we
focus on the scalar problem:

divf(u) =0 (1a)
subject to
min(V,f(u) - n(x),0)(u — g) = 0 on 052 (1b)

In (1b), n(x) is the outward unit vector at x € 052 (thus we assume enough regularity
for £2). We will assume that 2 is bounded for technical reasons only. Extensions to
the system case can be found in [5] for the pure hyperbolic case and [3, 4] for the
scalar convection diffusion problem and the Navier Stokes equations.

Here the notations are standard: g is a regular enough function, we assume that
£2 has a polyhedric boundary, and moreover £2, = 2 for the chosen family of
triangulations .7, in order to simplify. These assumptions are by no mean essential.
We denote by &), the set of edges/faces of .7, that are contained in 952, and ¢
stands either for an element K or a face/edge e.

In the finite element setting, there exists several variational formulations of this
class of problems. The classical ones can be defined in three steps. We are given a
family of meshes denoted by (.7,) e . These meshes are made of elements denoted
generically by K. The parameter /4, as usual, denotes the maximum of the diameters
of K, K € 7. The meshes can be geometrically conformal or not. Then we need
to define the trial functions space, denoted by U}, and a test functions space V. The
last step is to define a bi-linear form a on U, x V}, as well as form £ defined on
V. As usual, we assume that the spaces U, and V;, encode some of the boundary
conditions, while the others are encoded in £. The problem is to find u;, € Uj, such
that a for any v, € V},, we have

a(up, v) = £(vp).
The ideal scheme would certainly be the Galerkin method, where the variational

formulation is defined by: if fis a consistent upwind numerical flux, we define ag,;
and £ for the variational formulation
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il v) = = [ Vou-t) + 3 [ olats. ) ~ K )
2

€S, ¢
L) = / fon.
2

They are defined for uy, v;) € Uy x U, where

2

Uy = Uy == {uy € H(2),VK € Ty upx € P'(K)} N COR2).

This method can be shown (on linear problems) to be formally accurate (i.e. of order
r + 1), but if the boundary conditions are not set in a very precise way (see [8]), it
is also known to be widely unstable. In any case, the nonlinear case is not stable in
the case of discontinuous solutions, as those we are expecting here. So the game has
been since several decades to find ways to stabilize this operator while keeping its
formal accuracy.

A first example is given by the streamline diffusion method [16, 17] for which
there are two possible interpretations. In the first one, we consider a Petrov Galerkin
formulation, .i.e we take u;, € U, = UhG as for (2), but v, € V,, where

V, = Vif = {v, € LZ(Q), VK € Z,, 3w, € Uy, v, = wy, + hxtg Vif(u) Vwy .

The formulation uses

asoren o 00) = = [ vi-divtan) + 3 [ oiats. 0 = ) -

eEE) ¢
K(vh) = /fvh.
2

The second interpretation is to take Vj, = UhG and use, instead of asypg; the form
asup2 defined by

(3a)

asupc2 (Un, V) = — /9 Vo, - £(up) + ZhK/K (Vif (un) Vo)t (Vif (un) Vi)
K

+ Y | valfale, un) — £uus) - m)

ees, ¥ ¢
(o = [ fon (3b)
2
This can be seen as a Galerkin approximation of a modified equation, namely

divE(u) — div(hrdivf(u)) =0 (o)
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In (3), the parameters tx are positive functions (typically constant per element) and

in (3c) the function t is defined by its restrictions on each element, as well as A.
We can play further with the trial and test spaces. If one removes the continuity

assumption, then we have a discontinuous Galerkin formulation, i.e. U, = V}, with

Uy = UPC = {uy, € L*(R2), YK € Ty, upx € P'(K)}

and, for (u, vy) € U,{)G X U,I,)G,

a(up, vy) = Z (—/vah-f(uh) +/8K ik ((un) & (Mh)K—))

K€,
(42)

where K~ denotes generically the element(s) that are on the other side of the faces
of K. Another formulation is, with the same £,

a(up, vy) = Z (—/vah-f(uh) +/8K ik ((un) & (Mh)K—))

K€,

Y b [ (Vi) Vor) (9 ) Vi)
K K

(4b)

In (4), the Dirichlet boundary conditions are set weakly by imposing u; = g on the
parts of dK which belongs to inflow part of 92 as for (3).

Another example of stable method was initially described in [10]. The idea is to
stabilize the Galerkin operator (2), not by a streamline operator as for the SUPG
method (3), but by a jump operator on the internal edges/faces only: here (uy, v;) €
U x Uf, and

aBurman(uhv Uh) = aGal(th Uh) + Z Fehg /[Vuh] [Vvh]- (5)

eeey,

In (5), for any function ¢ which admit traces one each faces of K, [¢p] = @x+ — ¢k
where KT and K~ are the two elements that share the face e (remember we assume
that the mesh is conformal), 4, is the measure of e and I is a parameter that has the
dimension of V, f(u).

The space U, and V), can be independently chosen, as well as a and ¢,
provided the variational problem is consistent with the problem (1), and of course
the numerical method is stable. Formal accuracy is obtained via the choice the
polynomial degree r, and effective accuracy is related to the stability of the scheme
in suitable norm. Hence a natural question is: can we define Uy, V}, and the forms
a and £ such that in addition with consistency and accuracy, we can also have
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non oscillatory properties. In the case of the streamline methods, this last property
is obtained by modifying the formulation by adding a dissipation operator which
is parameter dependent. In the case of the Discontinuous Galerkin method, this
property is obtained via a proper choice of the arguments in f;,, see [11, 12]. We
note that only the averages in K are controlled. In both cases this stability property
is obtained by introducing some genuine non linearity in the scheme, i.e. even if (1)
is a linear problem, the scheme will be non linear.

In this paper, we show that, by introducing a solution-dependent operator y from
U, N C°(£2) to L*(£2), the variational problem with a defined by

a(unvi) = Y / Aundivi@”) + Y [ valfa(g. ) — £(uy) - m)
K

KeTh ec& V®

W= [ dwnr

Kegh

(6)

enables to get all the properties. The rest of this paper is organized as follow:
inspired by a rewriting of (3), we introduce the residual distribution schemes. We
provide a simple criteria which guaranties a Lax-Wendroff type theorem, provide
a simple criteria that guaranties formal accuracy, show how the choice of norms
guaranty the effective accuracy, and provide several examples of schemes. One of
them is new.

2 Formulation of Residual Distribution Schemes

These schemes have original been introduced by P.L. Roe in [21] in one dimension,
and [22] in the multidimensional case. As we see, there are many common points
with the streamline method, the difference is that we try to combine ideas from the
finite element community and from the finite volume one. The first scheme of this
kind was probably designed by R. Ni [20] where he introduces a particular version
of the Lax-Wendroff scheme.

2.1 Definition, Connection to Finite Element Methods

In what follows, ¢ represents either an internal element or a face.
We make the standard remark that, for any internal degree of freedom o, if ¢, is
the Lagrange basis function associated to o, (3b) can be written as:
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asupc2 (tn, 95) = Z ( - /K Vo - f(un) + hK/K (Vuf(uh)v%)TK(Vuf(uh)VMh))

K

+ 3 [l ) ~ ) -

€S, ¢

Since the support of ¢, is made of all the elements K that share o, we have for any
degree of freedom o'

asupca(Un, 9s) = Z (— / Voo - £(un) + hx / (Vuf(uh)v%)TK(Vuf(Mh)VMh))
K K

K>0

+ D | olta(e, wn) — fup) - m)

eef oece?®

and notice that

1. for any K,

3 ( /K Voo - f(un) + hx /K (Vuf(uh)pra)rK(Vuf(uh)Vuh)) - /a ) n.

o€K

2. for any e € &,

> / @0 (Ea(g, w) — £(u) - ) = / (fa(g, 13) — £(a0s) - m).

o€e V€

This is true because Y ¢ (x) = 1 and thus Y Vg, (x) =0 forallx € 7.

o€K o€K
Let us notice that the discontinuous Galerkin schemes can also fit in a similar

framework. Looking back at (4a), we see that we can introduce for the degree of
freedom o € K the residual

25w == [ Voot + [ grta(@nie. i), 72)
K 9K
Then, (4a) is nothing more that
alun, ¢s) = ) By (). (7b)
o€k
We also have
> 0K w) = /a Caraers (70)

o€K

where, again, f‘n is a consistent flux. This has been exploited in [2, 7].
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This set of elementary remarks shows that most if not all known numerical
schemes for solving (1) can be set in the Residual distribution setting: Given a
tessellation of §2 = Uke 4, K, we consider the approximation spaces

U= P P'K)

Keg,

or

Uy = [ 5 ]P’(K):| Nnc() =ug,

K€,

depending whether we are looking for a global continuous approximation or a
piecewise continuous one.' The elements of P"(K) are defined by a set of unisolvent
degrees of freedom, and we denote by X the set of all degrees of freedom defining
the elements of Uj,. Throughout the paper, we consider Lagrange approximation,
but more general approximation sets can be used, see [9] for example. This means
that Uy, = UhG = V), throughout the paper.

A residual distribution scheme is defined, considering any degree of freedom o,
by the sub-residuals that are “sent” to o by the elements K (resp. a boundary edge e)
that share this degree of freedom. We denote them by ®X (uf’K) (resp. ¢ (uf’e)). We
look for uy, € Uy such that, for any internal degree of freedom o,

> okl =o. (8a)

K>0

and for any degree of freedom on the boundary,

oK) + Y Pl = 0. (8b)

K30 e30

We assume that the following structure condition holds true:

> 0K () = /a i) (%)
o€K
S ot = / (Ba(g. 1) — £ ). (9b)

o€e

We see that the SUPG method (3) and the Burman method [10] are particular
cases of such scheme. There is a lot of freedom in defining the sub-residuals

"More complex situation can easily been imagined, such as global continous on £2; and possibly
discontinuous on §2, with £2; U £2, = §2 and 2| N §2, of empty interior.
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oK (ufK) and ®¢(u"), we will show how we can take advantage of this freedom to
achieve our goal. Note that in the definition of the sub-residual, we have implicitly
assumed that only the degrees of freedom with K or e are necessary to define these
quantities: the stencil of the method is the most possible compact which is a good
point for the parallelization of the method.

Another example of sub-residual are the Galerkin residuals defined by: on the
element K .2

POk = / podivi(u") = — / Vo - f(u") + / R N (T (10a)
K K K
and on the boundary face e:
q)(?,e = /‘pa (fn(ga up) — £(uy) - n) (10b)

We see that both {@f'K }oex and {CDUG"’}(,GE satisfy (9) with the same value of the
total residual. Unfortunately, the scheme (8) with the Galerkin residual (10) is
widely unstable in the case of continuous elements.

2.2  Structure Conditions

For any w" (not necessarily a solution of (8) if it exists), and any test function v,

we have (setting v/ = v"(0)):

> v,’;( > @f(wf'K))+ > vfi( Yo dfwlo+ > @;(»vf;))

o g2 Th3K>30 0€IR T2K30 &pded0

> (vaiq)f (WT'K)) +> (vai@;(w&))

KeJ, \o€K e€ESy \ O€e

Z (—/KVvh'f(uh)—f-/aK vhf'n(u},‘(,u},‘())

Ke g,

+ )0 Y vl BE W) — BEK W)

KeJ, o€k

+Y 0 DY k(P — BT (W) (11)

eC0R2,e€8) 0€e

20f course, in the case of discontinuous approximation, this is nothing more that DG. Since we
have a unified presentation, we need to introduce this.
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thanks to (9).> In (11), we have used the following implicit convention: On the
boundary edges, ug— = g in order to weakly impose the boundary conditions. Then,
since

> (@500 - ef¥ o) =o.
oeX

(11) becomes, denoting by ng and n, the number of degree of freedom in K and e,
with the convention that w/,_ = g on the boundary of £2

Lt 2 o ot) = S (- fov s [ vhokoo

0ER A >0 Ke,

"5 e T ekl ogol)

K

Ke T, o0,0'€K
1
+ 2D (v =g ) (@50, — 2T (wf,)
e
eCoS2 0,0’ €e

12)
This relation is fundamental in our analysis.

2.2.1 Conservation

In [6], we prove the following result:

Theorem 1 Assume the family of meshes T = (Th)nesw is shape regular. We
assume that the residuals {@ \oex , for H an element or a boundary element

of T, satisfy:

1. For any M € R™, there exists a constant C which depends only on the family of
meshes F, and M such that for any uy, € Uy, with ||u"||ec < C(M), then

17 () | < CM) Y Juy — |
o0’ eX

2. They satisfy the conservation property (9).

Then if there exists a constant C,,,yx such that the solutions of the scheme (8) satisfy
[1"|loo < Cmax and a function v € L*($2) such that (u"), (or at least a sub-
sequence) converges to v in L*(82), then v is a weak solution of (1)

Proof The proof can be found in [6], it uses (12) and some adaptation of the ideas
of [19].

3¢ represents either an internal element or a face.
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We can also state similar conditions for entropy inequalities:

Proposition 1 Let (U, G) be an couple entropy-flux for (1) and Gn an upwind
numerical entropy flux consistent with G - n. Assume that the residuals satisfy: for
any element K,

> Uu) - ®F < /M G(u' ) n (13a)

o€K

and for any boundary edge e,

> )0 = [ (6ald.0) - Gl -n). (13b)

o€e ¢

Then, under the assumptions of the theorem 1, the limit weak solution also satisfies
the following entropy inequality: for any ¢ € C'(2), ¢ > 0,

—/ w-G(u)+/ ¢ Gali.g) < 0.
2 92

Proof The proof is similar to that of theorem 1.

2.2.2 Accuracy

In most cases, assuming a smooth solution of (1), the formal accuracy analysis is
done by checking how large is the error made when plugging the exact solution
into the scheme. This is carried out using Taylor expansions, and the geometry of
the computational stencil plays an important role. When the mesh has no particular
symmetry, this leads to nowhere. Instead of looking to how far the numerical scheme
departs from the strong form of the PDE, it is much more flexible to look at how far
it departs its weak form, i.e. instead of checking divf(x) = 0, it is better to test, for
any ¢ smooth enough, . o ¢divf(u) = 0, of course after using the Green formula.
In practice, we define the truncation error

HUROEDY vg( > @f(wf’K)),
oES A 30

and consider

EW = max EW, M. (14)

vheUP [[v |l 1,00 =1
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We can then extend the classical definition of accuracy:

Definition 1 (Accuracy) We say that the scheme (8) is r + 1-th order accurate if,
for any smooth solution u., € C'T1(§2) of (1), &u") < C h"+!. The constant C
only depend on the family 7, the regularity of f, on the » + 1 derivative of u, and
the boundary conditions.

Remark 1 This definition enables to get bounds on the error u" — u,, if a coercivity-
like inequality holds true in some adequate norm. This is well known for the
SUPG/streamline diffusion method, see [17] for example, but we do not have any
general result yet.

Since u,, € C"1(£2), there are no jump across elements. Using (12), we see that,
for any v":

& ") = — / Vo' f(ul) + / V" falul,. g) (15)
2 92

1
D0 2 (=) (@ () — 27T (l)1x)
H X o.0'€X
(16)
For the steady problem (1), we have the following result:

Lemma 1 Let us recall that 2 C R? and is bounded.
If the solution u,, of the steady problem (1) is C'*!, then

L @K ((uy) k) = O+,
2. ®F<((uh)y) = O+
3. ifthe numericalﬂuxi'is Lipschitz, —fg Vvh-f(u’e’x)+f89 vhi'n(g, ul ) = O(h' 1),

Proof We start by showing the first result. The proof of the second one is similar
and is omitted.

Since u,, € C'*', we have divf(u,,) = 0 in a strong sense, thus for any K € .7,
and any o,

[ otivtue) == [ Vot + [ gufiu)-n =0,

K K K

We can subtract this relation to @S (u! ) and get:

QGG’K(MZX) =- /K Voo - (f(“];x) - f(“ex)) + /BK Po (fn(“ZxJK’ MZX,K_) — (o) - n) .

Since the mesh is regular, we have:

K| =0, Vo, =0h""),  |0K|=00"")
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and since the flux fis C', we have
f(ul,) — f(ur) = O(HHY).
Last, the numerical flux is consistent so that,
f(ul, g 1l ) — £(ter) -1 = O(HHY).
Gathering the pieces together, we get:

@SK )

< C(hd % h_l X hk-l—l +hd—l x 1 x hk-l—l) — O(hk+d),

The third inequality is obtained in a similar manner: From (1), we have for any
v", setting '™ = {x € 82, V,f(u) -n < 0},

— / Vol f(ue) + / V"(utex) -1 = 0.
o _
Since the numerical flux f is upwind, we can rewrite this as:

_ / Vo Hter) + / (g 1) -1 = 0.
2 02

so that

—/ Vol £l ) +/ V" a(g, ul
2 a0

—— [ vty ~ ) + [ vh(fn(g, ui@)—f(ui;)'n)
2 902
= (1) + (1)

Using again the same arguments, since the numerical flux is Lipschitz continuous,
we see that both (1) and (II) are of the order of O(F**1) x [[v"||y1.00 ().

Then, we have:

Proposition 2 Under the assumptions of Lemma I and assuming that the family of
meshes F is regular, the residuals satisfy:

forall o and all # = K or e, &) ((ue).x) = O +P) (17)

where D = d for elements K and D = d— 1 for e € &. The scheme is formally r + 1
accurate.

Proof &(u") is the sum of

—/ Vol £ ) +/ vhfn(g,ufx
2 2
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which is O(h"*!) by lemma 1 and

Z D (k=) (BEM) — BIE W)

KUUGK

+Z D7 (o =) (@ W) — B (w))

eC$2 fe 0,0’ €e

Since the mesh is regular, the number of elements in the mesh is O(h~%) and the
number of boundary elements is O(h¢"). Since v € W!*, its Lagrange interpolant
satisfy

\v{hy - v(hy/| < A||v"||pr.c0

and sup;, ||v"|| 1. is bounded by a constant that depends on .7 and ||v||;.c0. Then
we see that

‘Z 3 (W = o) (@E (W) — 2K ()

K(T(TEK

D N (@5l — 2F< )|

eCoS2 Ne 0,0’ €e
< C(h—d x h X hd-l—r 4 h—d+l X h X hr-l—d—l)
< C]’lr+1.

We can estimate the boundary terms in a similar way. This ends the proof.

3 Construction of Monotonicity Preserving Arbitrary
Accurate Schemes

This section aims at showing how one can combine formal accuracy and non
oscillatory properties of the solution. This relies on the use of a discrete local
maximum principle. By this we mean the following. Considering a scheme which
update the degrees of freedom {u'} that describe the solution at time #,,, m € N. We
assume the structure: for any o,

ut = e, ', 0’ € N}, Ag)

o’
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where .4 is the set of neighbors of o and A, a set of discretisation parameters. The
precise definition of .4#; depends on the operator @. Doing so we have in mind a
graph connecting together the degrees of freedom, and the notion of neighbors has
to be understood as the degrees of freedom that are connected for this graphto o. In
the RD schemes, this set of neighbors are the degrees of freedom that belong to all
the element that share 0. Here A describes the geometry of the mesh and takes into
account the time increment A¢. On the set of all possible sets A, we also assume
there is a total order relation “<”.

By local maximum principle, we mean that there exists A such that for any o
and A, such that A, < Ay, and for any n,

LT < max |l
| g |_U/€%U{G}| G/|

In the following, the relation “<” will be made precise for the particular example
we are dealing with.

3.1 A Preliminary Remark

We start by a basic remark that goes at least back to A. Harten [15], and we rephrase
it in the Residual Distribution framework.

Lemma 2 Assume that the residuals (for element and edges) write, for any degree
of freedom,

O () = Y ol —ug), (18)
W 4

then the iterative scheme

! :uﬁ—wG(ZQf—}-Z(bé)

K>0 ed0

admits a local maximum principle if

e foranyo, o', X, >0,

(7(7/ .

. a)a(z >k + ana’)fl

K>0 0’€K o’€eK

Here, .4 is the set of degrees of freedom that belong to any element sharing o, and
Ay = {ws}. Wesay that A = {w} < A = {0’} ifw < o'.
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Proof 1Ttis clear that:

Z®f+2®§ = (ZZCfU,—G- Zcfg,)ua

K30 ed0 K>0 0’€eK o’eK

_ Z( )3 cfa,)ug/

o’ o0,0’'€K

=dyuy — Z dyritg

o’eNg

Here, in order to simplify the notations, we have set c(‘f;, = O wheno & J or
-
The results holds true because c;ff;/ > 0, and

H
Z Chor =0

o'€Ng
d,,/=Z( > cfg,) >0

and

dy=1-ws » ¢t =0
o'€Ng

if and only if the second condition of lemma 2 holds true.

The idea is to construct schemes that satisfy the requirement cii, > 0. It is
known since Godunov that one cannot have a scheme that is simultaneously
monotonicity preserving, high order accurate and linear (for linear problems).
Hence some sort of non linearity must be introduced. Before showing how we
can meet the requirements, let us introduce our reference monotone scheme. It is
a multidimensional extension of the Rusanov scheme, namely, for any .2 and o,

oF = ! X + a(u — ux), Uy = ! Zua (19)
= nx oEX

In the case of continuous elements, this scheme has the form (18). It is monotone if
ag > max ||V.£(u"(x)||. In the discontinuous case, a simple variant can be found,
see [2]).‘ K

Other examples can be constructed, starting from any classical monotone finite
volume scheme. However, the interesting ones are the residuals for which the
condition @ (u! ) = O(h’;D ) holds true because of proposition 2.
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3.2 Explicit Construction

The construction is local to an element (or boundary edge) %, so we drop the
dependency with respect to the element. We start from a monotone first order
scheme, such as the Rusanov or the N scheme, denote the first order residuals in
the element as {®¥},cx and the high order residuals (to be constructed) by {®7},.
We then make the following formal observation:

d)H
forallo € #, " = o oM
o @M o
o

so thatif ¥ = , (U’ — Ug), we have

o0

o'ex
d)H
H M
B = gou (2 el =)
0 olex
®H
M
= 3 (et ) o =)
o'exX o
= Z cf/g(u,,/—ua))
o'ext
d)H
with ¢, = @L cM . Hence, to have ¢, > 0, it is enough that
o
H pM
ol oM > 0
Introducing th M — %" and BH = %' where @ is the total residual
ntroducing the parameters Y = ‘¢ and B = “7 where @ is the total residua

on the element .7, we see that:

o &1 @M > (forany o € # isequivalentto ¥ B > 0 forany o € 7,
¢ the conservation relations translates into:

S =Y Bl=1 (20)

oeX oEX

* In order to guaranty the condition (17), a sufficient condition is that : for any C,
and u" such that ||u"||e < C, there exists C’ such that || < C'(C), uniformly
for all meshes .7;,.

These constraints can easily be interpreted geometrically. Consider an (abstract)
simplex . = (ay, ...ay,, ) of dimension n_» — 1 points, i.e. a triangle when n » =
3, a tetrahedron for n_» = 4 and so on. These points have nothing to do with the
mesh, they are only used to represent easily the constraint (20): it is well known that
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Fig. 1 Geometrical
representation of the
monotonicity conditions. The
invariant domain is
materialized by the domain
inside of ¥

any point M of an affine space of dimension 7. — 1 can be uniquely described in
term of its barycentric coordinates with respect to .

nyy—1 ny—1

M = ZA,’&,’,ZA,’ZI

i=1 i=1

so thus this suggests to interpret the parameters Y and B as barycentric
coordinates with respect to the simplex .: we interpret a scheme as a point in
this abstract affine space, and finding the mapping (BY)sex > (BH)sen can be
interpreted to find a mapping from this affine space onto itself. Then, to make the
discussion more visual, we switch to n_» = 3, see Fig. 1. The conditions ,35 ,3§ >0
are interpreted as saying that 7 and B* must be on the same side of the line A; = 0.
The condition |B,| < C is materialized, on Fig. 1, by the domain inside curve % .
Inside the invariant domain bounded by %', the mapping is the identity, outside of €
project the point L = Y BLa, on ¢ without crossing the lines A5, = 0. Once the
B are defined, we set simply @7 = Bl @.

The simplest invariant domain is certainly the simplex (aj,...,a,,) for which
0 < A, < 1. In that case, the most common formula is [6, 23]:

u _ max(B¥.0)
P = 5 max(p,0) @D
oeX

Note that Y max(BY,0) > 1 because
oEX

L= A=) max(8.0)+ ) min(6).0) < ) max(8}.0).

oeX oeX oeX oeX

When @ = 0, we simply set @ = 0
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3.3 Filtering

In practice, this method is excellent for computing discontinuous solutions. When
computing smoother solutions, we can see “wiggles” appearing, see Sect.4. They
are not a manifestation of any instability since the scheme is perfectly L™ stable,
but it is too over compressive, i.e. not dissipative enough.

It is quite easy to understand what is going on. We first, let us consider the
problem on [0, 1]*:

du

5 =0 (22)

with the boundary condition u = g on {0} x [0, 1]. The grid is made of quadrangles,
with vertices (x;,y;), x; = 1{,, v = 1{,, 0 < i,j < N. The function g is piecewise
linear, and g(0, y;) = (—1Y. The exact solution is independent of x.

The scheme is defined by

n+l _ n " HK  n
Wi = U — E @iJ (uy)
K3 (xi.yj)

with ug given, and up; = g(0,y,). There are many ways of initializing, we consider
two initializations:

« Initialization with the exact solution: ug- =g(0,y) = (—1y
* Check-board mode: ug. = (=1)"

The solution at the n-th iteration is reconstructed with the Q' interpolation. It is easy
to see that for both initialization, we have, for any K,

ok :/ W', =0
9K

so that in both cases, for any i, j, n, “Z‘ = ug. ! The method as such is not well posed,
and there are spurious modes.

To remedy to this serious drawback, there are several possibilities. Here we
discuss a solution already described in see [1], and a new one that is inspired by
Burman’s variational formulation.

3.3.1 Streamline Filtering

The one discussed in [1] is inspired by the streamline diffusion method. Namely
starting from an unfiltered family of residuals {®#-X} constructed as in Sect.3.2,
we add a streamline diffusion term:

HEx = QHK 4 gy / (Vu£@") - Vo) N (Vu£@") - V") (23)
K
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where N is defined by

N= (Zmax (Vuf, 0) + g)_l

oc€K

with the gradient V,f evaluated at the centroid and ¢ is a small number to avoid
singularity. The choice of where is evaluated the average gradient does not seem to
be fundamental. The parameter should be 0x = 0 in discontinuities and 0x =~ 1
away from discontinuities. When we apply this correction (with 8 = 1) to (22)
this corrects the problem. By construction, we see that the accuracy requirement of
lemma 1 are met if they are met for the unfiltered scheme

To see what is the rational behind (23), let us first switch to the one dimensional
problem:

8];(:) =0 xel0,1]
u(0) = uy 24)
u(l) = u.

The boundary conditions are imposed weakly, and to make things simple, assume
f'(ug) > 0 and f'(u;) < 0 so that the solution is u = ug. The interval [0, 1] is
discretized with the mesh which elements are [x;,x;+1], 0 = xp < x; < ... <
Xa—1 < X, = 1. Whatever the order, the total residual is for Ki1 12 = [x;, Xi11]

QKA = f(uitr) —f (i)

so that the high order residuals are simply, for any degree of freedom o € K,
ok = gk (f (Uip1 — f (ui)). In particular, the internal degrees of freedom play no
role. Assume now that k = 1, there is no internal degree of freedom, and let

us evaluate the entropy balance for the entropy U(u) = !u?: using the notation
Kitio _ pKiti2 1
= p,

J T

2
we have

N—1

5= u (ﬂf"‘“ (F) = f ) + B () —f(u,-)))
=0

Loy N-1 ‘
= /o u" aﬁ " + Z (J/,-K'+l/zui + ViIiTI/ZMHI/Z) (f (uig1) — f ()

i=0

1 9 N—1 :
= /0 u" 8£ ") + Z VﬁTl/z(f(MiH) —fwi)) (uit1 — uy).
i=0
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with the convention u—; = up and uy4+; = uy to take into account the boundary
conditions. For the scheme to be dissipative, a sufficient condition is that for all i,

K )
Vier " (F (igr) — () (uigr —u;) > 0, ie.

y{fi+1/zf(ui+1) —f(w) >0
i+l Uit1 — U

with a strict inequality for at least one interval.

The evaluation of fat" is done with the only aim of having an L® stable

scheme, so that this inequality might not be true.* Adding the streamline term, i.e.
in this case,

TN 9
O (uiv1 — u;) /Xi N(a{t)2 g;c = (i1 _Mi)|aj;|((po(xi+l) — Qo (x;))

will modify the entropy balance into

1 N—1 ) _ )
& = /(; uh g-i(uh) + Z (ini'Jlrl/Zf(ul-H) f(ul) + 9| af |)(ui+l _ Ltj)2
i=0

Uiy1 — U 8u

and & < fol u' gﬁ (u") provided that 6 > 1.

3.3.2 Jump Filtering

The idea is to add to the unfiltered residuals {®7-K} constructed as in Sect. 3.2, we
add a jump term inspired by Burman’s construction, namely:

o= oS+ Y Ll [1Vullve) 25)

e€ep.eCK

We first check that the conditions of lemma 1 are met if the unfiltered scheme
satisfies them too. For this, we only need to check that if the exact solution is
C"t1(£2) and if we are using polynomials of degree at most r, then

> L / [V [Ves] = O(h+).

e€ey.eCK

“However, in 1D it is very simple to show that the sign condition is true, let us ignore this fact
however.
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Since [Vu,,] = 0, we have

/ Vil [Vepo] = / V(s — ue)[V] = OG) x O) x O(h™") = O™+

and thus the conditions are met.

We notice that if for any internal face e, fe [Vu]> = 0, then u is globally a
polynomial of degree r. We first show if v is a polynomial of degree g on each
element K such that for any face e, fe [v]> = 0 then v is a polynomial of degree g
defined on the whole domain £2. The second step is to apply this to v = Vu.

Let v € @ P4(K), we define the operator 7 that maps v The operator 7 is
Ke g,
defined as follow: for any o,

LCICEIIIND DR

K,0€K

and then

) =Y 7(v)(0)gs.

oEX),

This definition assumes that the we are using Lagrange interpolation, we have done
this for simplicity but this is not essential.

Let us have a look at v — 7 (v) on any K. Since v — w(v) = Y (vjx(o) —
o€K
7(v)(0))¢s, we look at the difference vix(0) — w(v)(0). We have

() =70 = | S (0(0) ~ )
’ oc€K’

If o is internal to K, v|x(0) — m(v)(0) = 0, so the difference is possibly # 0 only
for degrees of freedom on the edges. If the mesh is regular, we can easily see that

2
/ ((Z(UK(U)—UK/(U)))%) < CIK] Y (o)

o€K’ o€IK

<C > he/[v]2

eCOK ¢
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where C and C’ are constants that depends on the mesh regularity, so that

/9 v —7()* = XK:/KIU —7(v)|?
1 2
) ZK:/K (#{K/, o €K’} UE;OK(”K(“) - UK/(G))%)
<C) h /e[v]2

From this we see that if for any internal face e, fe[v]2 = 0, then v = 7(v). If

ou ou
) = for any component, so by

Bxi Bxi

integration, u is a global polynomial. This a very particular case of much general

results, see [13].

This remark explains the potential role of the jump term: if the solution is smooth,
the setting I, > O will constraint the continuity of the solution across faces, and
hopefully will bound ||Vul|. If I" = 0, this constraint is relaxed. So the idea is,
again, to take I" > 0 where the solution is expected to be smooth, and I" = 0 where
it is expected to be discontinuous. For now, the main justification of these choices is

purely heuristic and motivated by numerical experiments.

we apply this result to Vi, we see that 7 (

4 Numerical Examples

In this section, we illustrate the behavior of the method on two examples: a linear
transport problem and a non linear one. In £ = [0, 1]?, we consider

A=, -x" and u(x,y) = @ox)ify =0 (26)
with the boundary conditions

cos?(2nx) if x € 1, 3
pot) = | O3 GO ITEE Ly
0 else
The isolines of the exact solution are circles of center (0, 0). The form of the Burgers
equation is the following:

du lauz
=0 if 0,17
3y+28x if xe][0,1]

u(x,y) = 1.5 — 2x on the inflow boundary.

(27a)
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Fig. 2 Mesh for the 1
numerical experiments
0.8
0.6
>
0.4
0.2

The exact solution consists in a fan that merges into a shock which foot is located at
(x,y) = (3/4,1/2). More precisely, the exact solution is

—05if-2(x=3/49)+(y—-1/2) <0
1.5 else

else max [ — 0.5, min 1.5,x_3/4
y—1/2

if y>0.5

u(x,y) = (27b)

The mesh displayed on Fig. 2 is used to obtain the solutions shown on Figs. 3
and 4. All the meshes used in this paper have been generated by GMSH [14]. We
see, on Fig. 3a that without the streamline term in (23), the solution looks very
wiggly. Again, it is not an instability, only a manifestation of spurious modes that
are completely eliminated using (23) or (25). If one makes a convergence study
on this problem using P', P?> and P? elements, we recover the expected order of
convergence, see Table 1.

Figure 4 give the results for the problem (27). The solution is composed of
a compressive fan and a discontinuity. The exact solution is plotted as well as
what is obtained for the SUPG scheme (3b), the Galerkin scheme with jump
stabilisation (5), the original non linear RD scheme using (21) to evaluate §,, and
the schemes when this RD scheme is combined with streamline (23) and jump
filtering (25). As expected the SUPG and Galerkin+jump methods are oscillatory
(and the latter one proves to be extremely oscillatory; we have chosen I' = 0.1
here). The non linear methods behave very well. For the streamline filtering, we have
taken & = 1, and for the jump filtering I” = 0.1 in the smooth part, O elsewhere.
We need to improve this, this work is in progress. The jump filtering seems to be
less dissipative than the stream line stabilisation. All these results use quadratic
reconstruction, the last two figures use linear reconstruction. The same conclusions
hold.
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Fig. 3 Solution of (26) with (21), (23) and (25), P? elements. In each figure, 19 isolines form
0.05 to 0.95 are plotted. (a) exact; (b) Supg; (c¢) Galerkin+jump term; (d) without streamline term
in (23); (e) with the streamline term (23); (f) with the jump term (25)
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Fig. 4 Solution of (27). The solutions of (h) and (i) are obtained by P! elements while the other
are obtained with P? elements. The number of degrees of freedom is the same for each plot.
We use 20 isolines form —0.6 to 1.6 in all sub-figures. (a) Exact sln; (b) Supg: scheme (3b);
(¢) Galerkin+Jump: scheme (5); (d) Psi without filtering (RDS using only: scheme (21)); (e)

Psi+stream: scheme (23); (f) Psi+Jump: scheme (25); (g) Psi+stream (P1); (h) Psi+Jump(P1)
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Table 1 Order of accuracy h e (P) €2 (P?) €2 (P3)

on refined mesh constructed 125 | 0.50493E-02 | 0.32612E-04 | 0.12071E-05
from the mesh of Fig. 2, L? : . : . : .
norm. The slopes are obtained 1/50 | 0.14684E-02 | 0.48741E-05 | 0.90642E-07
by least square 175 | 0.74684E-03 | 0.13334E-05 | 0.16245E-07

1/100 | 0.41019E-03 | 0.66019E-06 | 0.53860E-08
o) =1790 | 05 =2.848 | 0} =3.920

Strictly speaking, the streamline term in (23) or the jump term in (25) destroy the
maximum preserving nature of the scheme: the operators defined by (23) or (25) are
not, a priori, of the type (18) with positive coefficients. We have not been able, so far,
to analyze in full detail the schemes from this point of view, but all the numerical
experiments that we have done, including with system case (for (23), the second
solution has not yet been tested for systems), indicate that the streamline term (23)
or the jump term (25) act as a filter, and do not spoil the monotonicity preserving
properties that we are seeking for. Actually, this property is violated, but the over-
and undershoot are negligible, as what occurs for the ENO and WENO schemes.

5 Conclusions

We have shown a systematic way of constructing high order finite element like
methods for scalar hyperbolic problems that preserve, in practice, a local maximum
principle. The problems can be linear or not, and the solutions regular or not. We
have shown that the accuracy can actually be reached. This paper present two classes
of methods, one of them has already been extended to systems [5] and even to the
Navier Stokes equations [3, 4]; the second one has to be extended to systems, and
this should be straightforward.

Many things remain to be done. The methods are intended to be parameter free.
One part of the numerical operator is proved to be maximum principle preserving,
without any parameter to tune. Unfortunately, by using only this operator, we can
see that the solution may develop spurious modes (while keeping the maximum
principle), and we have shown how to cure this. Unfortunately, we had to introduce
one tunable parameter. When we filter out by using a streamline filter, we have
proposed solutions [5] to monitor the filter, but because of the very writing of the
scheme it is difficult to make decisions by looking at the local structure of the
solution without violating the structure of the numerical stencil. In the second case,
the stabilisation is done via an integral term involving the jump of the first derivative
of the solution. This opens new perspectives for a better design of the filtering
parameter. An extension to unsteady problems is also in progress. The extension
to 3D system is straightforward and has already be done with an extension of the
streamline filtering, see [18] for the Euler equations and [3, 4] for the Navier-Stokes
ones.
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Part IV

Group-Theoretical Approaches
to Conservation Laws and Their
Applications



Generalization of Noether’s Theorem in Modern
Form to Non-variational Partial Differential
Equations

Stephen C. Anco

Abstract A general method using multipliers for finding the conserved integrals
admitted by any given partial differential equation (PDE) or system of partial
differential equations is reviewed and further developed in several ways. Multipliers
are expressions whose (summed) product with a PDE (system) yields a local
divergence identity which has the physical meaning of a continuity equation
involving a conserved density and a spatial flux for solutions of the PDE (system).
On spatial domains, the integral form of a continuity equation yields a conserved
integral. When a PDE (system) is variational, multipliers are known to correspond
to infinitesimal symmetries of the variational principle, and the local divergence
identity relating a multiplier to a conserved integral is the same as the variational
identity used in Noether’s theorem for connecting conserved integrals to invariance
of a variational principle. From this viewpoint, the general multiplier method is
shown to constitute a modern form of Noether’s theorem in which the variational
principle is not directly used. When a PDE (system) is non-variational, multipliers
are shown to be an adjoint counterpart to infinitesimal symmetries, and the local
divergence identity that relates a multiplier to a conserved integral is shown to be an
adjoint generalization of the variational identity that underlies Noether’s theorem.
Two main results are established for a general class of PDE systems having a
solved-form for leading derivatives, which encompasses all typical PDE systems
of physical interest. First, all non-trivial conserved integrals are shown to arise from
non-trivial multipliers in a one-to-one manner, taking into account certain equiva-
lence freedoms. Second, a simple scaling formula based on dimensional analysis
is derived to obtain the conserved density and the spatial flux in any conserved
integral, just using the corresponding multiplier and the given PDE (system). Also,
a general class of multipliers that captures physically important conserved integrals
such as mass, momentum, energy, angular momentum is identified. The derivations
use a few basic tools from variational calculus, for which a concrete self-contained
formulation is provided.
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1 Introduction and Overview

In the study of partial differential equations (PDEs), conserved integrals and local
continuity equations have many important uses. They yield fundamental conserved
quantities and constants of motion, which along with symmetries are an intrinsic
coordinate-free aspect of the structure of a PDE system. They also yield potentials
and nonlocally-related systems. They provide conserved norms and estimates,
which are central to the analysis of solutions. They detect if a PDE system admits
an invertible transformation into a target class of PDE systems (e.g., nonlinear to
linear, or linear variable coefficient to constant coefficient). They typically indicate
if a PDE system has integrability structure. They allow checking the accuracy
of numerical solution methods and also give rise to good discretizations (e.g.,
conserving energy or momentum).

For a dynamical PDE system in one spatial dimension, a local continuity equation
is a total divergence expression

DT+ DX =0 (1)

vanishing on the solution space of the system, where T is a conserved density and X
is a spatial flux. (Here D, and D, are total derivatives with respect to time and space
coordinates.) Every local continuity equation physically represents a conservation
law for the quantity 7. The conservation law can be formulated by integrating the
local continuity equation over any spatial domain £2 C R, yielding

d
‘/nuz—ﬂ . )
dt Q 082

This shows that the rate of change of the integral of the conserved density 7" on the
domain £2 is balanced by the net outward flux through the domain endpoints 052.

In two and three spatial dimensions, local continuity equations have the more
general total divergence form

D,T +DivX = 0. (3)

The corresponding physical conservation law is given by

d/Tdv=_9§ X - vdA @)
dt Jo 960

where §2 is a spatial domain and v is the outward unit normal of the domain
boundary. This conservation law shows that the net outward flux of X integrated
over 052 balances the rate of change of the integral of the conserved density 7 on £2.

Another type of conservation law in two and three spatial dimensions can be
formulated on the boundary of a spatial domain £2,
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d

& ég T-vdA =0 5)
holding on the solution space of a PDE system. This boundary conservation law
corresponds to a local continuity equation (3) in which the conserved density is a
total spatial divergence, T = Div T, and the flux is a total spatial curl, X = Div I,
where I' is an antisymmetric tensor. Its physical meaning is that the net flux of T
over 052 is a constant of the motion for the PDE system.

When hydrodynamical PDE systems for fluid/gas flow are considered, a more
physically useful formulation of conservation laws is given by considering moving
spatial domains £2(f), or moving spatial boundaries 052 (¢), that are transported by
the flow of the fluid/gas.

For a moving domain, a physical conservation law has the form

d
/ Tav = —95 (X — Tu) - vdA )
dt Jo 321

where u is the fluid/gas velocity, and X — Tu = 2" is the moving flux. The local
continuity equation (3) is then equivalent to a transport equation

(D, +u-D)T =—(V-w)T —DivZ @)

for the conserved density T, with D;+u-D, being the material (advective) derivative,
and V-u being the expansion or contraction factor of an infinitesimal moving volume
of the fluid/gas. If the net moving flux over the domain boundary 92 (¢) vanishes,
then the integral of the conserved density 7 on the moving domain §2(¢) is a constant
of motion.

For a moving boundary, the physical form of a conservation law is given by

d
95 T-vdA =0 ®)
dt Jaow

which shows the net flux of T integrated over d§2(¢) is a constant of motion. In
the corresponding transport equation (7), the conserved density is a total spatial
divergence, T = Div T, and the moving flux is a total spatial curl, 2" = Div I,
where I' is an antisymmetric tensor.

A related type of conservation law in two and three spatial dimensions arises
from the total spatial divergence of a flux vector that is not a total spatial curl,

DivX =0, X#Divl )

holding on the solution space of a PDE system. This yields a physical conservation
law on any spatial domain £2 enclosed by an inner boundary d_$2 and an outer
boundary d4 £2. The conservation law shows that the net outward flux across each
boundary is the same,
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95 X-v_dAzyg X vidA (10)
FIe) Fe)

where v+ is the outward unit normal of the respective boundaries.

The most well-known method [1-3] for finding conservation laws is Noether’s
theorem, which is applicable only to PDE systems that possess a variational princi-
ple. Noether’s theorem shows that the infinitesimal symmetries of the variational
principle yield conserved integrals (2), (4), (10) of the PDE system, including
conserved boundary integrals (5) when the PDE system satisfies a differential iden-
tity. In the case of PDE systems that possess a generalized Cauchy-Kovalevskaya
form [1, 4], all conserved integrals (2), (4), (10) arise from Noether’s theorem.
This direct connection between conserved integrals and symmetries is especially
useful because, typically, the symmetries of a given PDE system have a direct
physical meaning related to basic properties of the system, while, computationally,
all infinitesimal symmetries of a given PDE system can be found in a systematic
way by solving a linear system of determining equations.

Over the past few decades, a modern formulation of Noether’s theorem has been
developed in which the components of a variational symmetry are expressed as the
components of a multiplier whose summed product with a given variational PDE
system yields a total divergence that reduces on the space of solutions of the PDE
system to a local continuity equation. The main advantage of this reformulation is
that multipliers can be sought for any given PDE system, regardless of whether it
possesses a variational principle or not. In general, multipliers are simply the natural
PDE counterpart of integration factors for ordinary differential equations [2], and for
any given PDE system, a linear system of determining equations can be formulated
[1, 3] to yield all multipliers. As a consequence, local continuity equations can
be derived without any restriction required on the nature of the PDE system.
Moreover, for PDE systems that possess a generalized Cauchy-Kovalevskaya form,
all conserved integrals (2), (4), (10) arise from multipliers [1, 4]. A review of the
history of Noether’s theorem and of the multiplier method for finding conservation
laws can be found in Ref. [5].

In recent years, the multiplier method has been cast into the form of a generaliza-
tion of Noether’s theorem which is applicable to PDE systems without a variational
principle. The generalization [6-9] is based on the structure of the determining
system for multipliers, which turns out to be an augmented, adjoint version of
the determining equations for infinitesimal symmetries. In particular, multipliers
can be viewed as an adjoint generalization of variational symmetries, and most
significantly, the determining system for multipliers can be solved by the use of
the same standard procedure that is used for solving the determining equations
for symmetries [1-3]. Moreover, the physical conservation law determined by a
multiplier can be constructed directly from the multiplier and the given PDE system
by various integration methods [1, 3, 7-10].

In this modern generalization, the problem of finding all conservation laws for a
given PDE system thereby becomes a kind of adjoint of the problem of finding all
infinitesimal symmetries. As a consequence, for any PDE system, there is no need
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to use special methods or ansatzes (e.g., [11-15]) for determining its conservation
laws, just as there is no necessity to use special methods or ansatzes for finding its
symmetries.

The present work is intended to review and extend these recent developments,
with an emphasis on applications to PDE systems arising in physical models. The
most natural mathematical framework for understanding the methods and the results
is variational calculus in jet spaces [1]. This framework will be given a concrete
formulation, which is useful both for formulating general statements and for doing
calculations for specific PDE systems.

As a starting point, in Sect. 2, a wide range of examples of local conservation
laws and conserved integrals are presented, covering dynamical systems that model
convection, diffusion, wave propagation, fluid flow, gas dynamics and plasma
dynamics, as well as non-dynamical (static equilibrium) systems.

In Sect. 3, for general PDE systems, the standard formulations of local conserva-
tion laws, conserved integrals, and symmetries, as well as some other preliminaries,
are stated. Additionally, local versus global aspects of conservation laws are dis-
cussed and are related to the distinction between trivial and non-trivial conservation
laws and their physical meaning. This discussion clears up some confusion in the
existing literature.

In Sect. 4, some basic modern tools from variational calculus are reviewed using
a concrete self-contained approach. These tools are employed in Sect. 5 to derive
the determining equations for multipliers and symmetries, based on a characteristic
form for conservation laws and symmetry generators. An important technical step
in this derivation is the introduction of a coordinatization for the solution space
of PDE systems in jet space, which involves expressing a given PDE system in a
solved form for a set of leading derivatives after the system is closed by appending
all integrability conditions (if any). This coordinatization is applicable to all PDE
systems of physical interest, including systems that possess differential identities.
It is used to show that the characteristic form for trivial conservation laws is given
by trivial multipliers which vanish on the solution space of a PDE system when the
system has no differential identities. This directly leads to an explicit one-to-one
correspondence between non-trivial conservation laws and non-trivial multipliers,
taking into account the natural equivalence freedoms in conservation laws and
multipliers. An explicit generalization of this correspondence is established in the
case when a PDE system possesses a differential identity (or set of identities).
The generalization involves considering gauge multipliers [16] that arise from a
conservation law connected with the differential identity.

These new results significantly extend the explicit correspondence between non-
trivial conservation laws and non-trivial multipliers previously obtained [1, 4, 7, 8]
only by requiring PDE systems to have a generalized Cauchy-Kovalevskaya form
(which restricts a system from possessing any differential identities).

Furthermore, as another result, a large class of multipliers that captures phys-
ically important conserved integrals such as mass, momentum, energy, angular
momentum is identified for general PDE systems by examining the numerous
examples of conservation laws presented earlier.
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In Sect. 6, the variational calculus tools are used to state Noether’s theorem in a
modern form for variational PDE systems, along with the determining equations
for variational symmetries. The generalization of Noether’s theorem in modern
form to non-variational PDE systems is explained in Sect. 7. First, the determining
equations for multipliers are shown to be an augmented, adjoint counterpart of the
determining equations for symmetries. More precisely, the multiplier determining
system has a natural division into two subsystems [6—8]. One subsystem is the
adjoint of the symmetry determining system, whose solutions can be viewed
as adjoint-symmetries (also known as cosymmetries). The remaining subsystem
comprises equations that are necessary and sufficient for an adjoint-symmetry to be
a multiplier, analogously to the conditions required for an infinitesimal symmetry
to be a variational symmetry in the case of a variational PDE system. Next, the
role of a Lagrangian in constructing a conserved integral from a symmetry of a
variational principle is replaced for non-variational PDE systems by several different
constructions: an explicit integral formula, an explicit algebraic scaling formula,
and a system of determining equations, all of which use only a multiplier and
the PDE system itself. The scaling formula is based on dimensional analysis and
generalizes a formula previously derived only for PDE systems that admit a scaling
symmetry [9].

These main results cover both the case of PDE systems without differential
identities and the case of PDE systems with differential identities. It is emphasized
that this general method for explicitly deriving the conservation laws of PDE
systems reproduces the content of Noether’s theorem whenever a PDE system has
a variational principle. (For comparison, an abstract, cohomological approach to
determining conservation laws of PDE systems can be found in Ref. [17-19].)

Some concluding remarks, including discussion of the geometrical meaning of
adjoint-symmetries and multipliers, are provided in Sect. 8.

Several running examples will be used to illustrate the main ideas and the main
results in every section.

2 Examples

The following seven examples illustrate some basic conserved densities and fluxes
(2) arising in physical PDE systems in one spatial dimension.

Ex 1 transport equation

up = (c(x, u)u)y (11)

T = uis mass density, X = —c(x, u)u is mass flux i.e., momentum. (12)
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Ex 2 diffusion/heat conduction equation

up = (kQx, )iy (13)
T = uis heat density (temperature), X = —k(x, u)u, is heat flux. (14)
Ex 3 telegraph equation
g + a(Ou; — (c(x)’u), = 0 (15)
T = é exp(Zfa(z‘)dt)(u,2 + c(x)*u,?) is energy density, (6)
X = —c(x)? exp(2 [ a()d)u,u, is energy flux.
Ex 4 nonlinear dispersive wave equation
u+ f(Wuy + uye =0,  f(u) # const. 17)

T = uis mass density, X = ff(u)du + Uy, is mass flux i.e., momentum; (18a)

T = u? is elastic energy density,

X = 2uf (w)du + 2uu, — u,? is elastic energy flux; (150
T = [g(u)du— ;uxz is gradient energy density,
X = 1(g(u) + uw)® + uyu, is gradient energy flux, (18¢)
g(w) = [f(w)du.
Ex S compressible viscous fluid equations
pr+ (up)y =0
19)
p(ur + uity) = —px + [ty
T = pis mass density, X = up is mass flux; (20a)

T = pu is momentum density, X = p — pu, + Tu is momentum flux; (20b)

T = p(tu — x) is Galilean momentum density,
(20c)
X = t(p — pu,) + Tu is Galilean momentum flux.

The next two examples are integrable PDE systems that possess an infinite
hierarchy of higher-order conservation laws.
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Ex 6 barotropic gas flow/compressible inviscid fluid equations

pr+ (up)y =0
U + ui, = —py/p

. . 2D
p = p(p) (barotropic equation of state)

e= f p/p*dp (thermodynamic energy)

T = ,o(éu2 + e) is energy density, X = (p + T)u is energy flux; (22a)

T = p./ (> —p'p*/p*) is higher-derivative quantity,

(22b)
X = pu,/(u? —p'p*/p®) is higher-derivative flux.
Ex 7 breaking wave (Camassa-Holm) equation
m; + 2um +um, =0, m=u— uy, (23)
T = m is momentum density,
(24a)
X = ;(u2 — u)zc) + um is momentum flux;
T = ;(u2 + u)zc) is energy density, X = wu(um — u,,) is energy flux; (24b)

T = ;u(u2 +u?), is energy-momentum density,

X = é(u,x —u(um + éu) + ;uf 2 — oy (uuy + ;u,) is energy-momentum flux;

(24¢)
T = m'/? is Hamiltonian Casimir, X = 2um'/? is Casimir flux; (24d)
T=m>/ sz + 4m™Y? is higher-derivative energy density,
X = —m_5/2(2m, + umy)m, — am™3 um, — 4m~ " ?u — 8m'/? (24e)

is higher-derivative flux.

The following three examples illustrate some intrinsically multi-dimensional
conservation laws (4) that arise in physical PDE systems in two or more dimensions.

Ex 8 porous media equation
u; = V- (k(u)Vu) (25)
T = a(x)u is a general mass-density moment,
X = [k(u)duVa(x) — a(x)V [k(u)du is flux moment of mass-density,  (26)

Aa =0 (arbitrary solution of Laplace equation).
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Ex 9 non-dispersive wave equation

g — 2 Au = f(u) 27
T = u,(a-x) - Vu is angular momentum density,
X = (3| Vul* = Juf — [f(w)du)(a-x) — c*((a-x) - Vu)Vu (80
is angular momentum flux,
a-x (arbitrary constant antisymmetric tensor a).
T=hb- x(éut2 + ;c2|Vu|2 — [f(u)du) + c*tu;b - Vu is boost momentum density,
X = czt(§c2|Vu|2 - ;utz — [f)du)b — c*(b - xu; + c*tb - Vu)Vu
is boost momentum flux,

(arbitrary constant antisymmetric vector b).
(28b)

Ex 10 inviscid (compressible/incompressible) fluid equation

u+u-Vu=—(1/p)Vp
(29)
e= [p/ p*dp (thermodynamic energy)

T =u- (V xu) is local helicity,
2 =X —Tu = }(lu]> + (p/p) + e) is moving helicity flux;

in three dimensions

(30a)

T = pf((curlu)/p) is local enstrophy,
in two dimensions { 2" = X — Tu = 0 is moving enstrophy flux, (30b)
(arbitrary function f).

The last four examples illustrate spatial boundary conservation laws (5) and
spatial flux conservation laws (10) for physical PDE systems in three dimensions.

Ex 11 electric (displacement) field equation inside matter

D, =c¢V xH
V-D=4np

3D
J = 0 (no currents)

pr = 0 (static charges)
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T = D is flux density of electric field lines. (32)

Ex 12 magnetohydrodynamics (infinite conductivity) equations

u+u-Vu=(1/p)(J xB—Vp)
B, =V x(uxB)

(33)
VxB=4n]
V-B=0
T = X = B is flux density of magnetic field lines. (34)
Ex 13 fluid incompressibility equation
V-u=0 (35)
X = uis flux density of streamlines. (36)
Ex 14 charge source equation (in empty space)
V-E=0 37
X = E is flux density of electric field lines. (38)
3 Conserved Integrals, Conservation Laws, and Symmetries
Throughout, the following notation will be used. Let t, x = (x',...,x") be
independent variables, n > 1, and let u = W', ..., u™) be dependent variables,
m > 1. Partial derivatives of u with respect to #, x are denoted du = (uy, U1, ..., Uy),
and kth-order partial derivatives are denoted d*u, k > 2. The coordinate space
J = (t,x,u,ou, Bzu,...) is called the jet space associated with the variables

t, x, u. Partial derivatives with respect to these variables are given by d/d¢, 0/0x =
@/0x',...,8/0x™), 8/0u = (3/du',...,d/du™)!, with a superscript “t” denoting
the transpose, and similarly for partial derivatives with respect to the derivative
variables in J. Total derivatives with respect to ¢, x, acting by the chain rule, are
denoted D = (D;,D,1,...,D,). In particular, Du = du, Ddu = 3*u, and so on. D
denotes all of the kth order total derivatives with respect to ¢, x. Spatial divergences
are denoted Div = D,-, with a dot denoting the vector dot product.
Consider an Nth-order system of M > 1 PDEs

G = (Gl(t,x,u,f)u,...,aNu),...,GM(t,x,u,au,...,BNM)) =0. (39)
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The space of all locally smooth solutions u(¢, x) of the system will be denoted &.
This space has an embedding as a subspace in J, since u(t,x) € & determines
(¢, x,u(t, x), du(t,x), ®u(t,x),...) € J. (In the applied mathematics and physics
literature, & is commonly identified with the set of equations G = 0,DG =
0,D>G = 0,...1in J, which assumes these equations are locally solvable [1].)

A local conservation law of a given PDE system (39) is a local continuity
equation

(D,T+D;-X)|s =0 (40)

which holds on the whole solution space & of the system, where T(¢,x, u, du,
..., 0u) is the conserved density and X = (X'(t,x,u,0u,...,0u),...,X"(t,x,u,
ou, ..., 0d"u)) is the spatial flux. The pair

1,X)=@ 41

is called a conserved current.
Every conservation law (40) can be integrated over any given spatial domain
£2 C R"to get

d
/T|ng:—9§ X|s - vdA (42)
dt Jo 90

by the divergence theorem, where 952 is the boundary of the domain and v denotes
the outward pointing unit normal vector. This shows that the rate of change of the
quantity

“l = [ Tleav 3
2

in the domain is balanced by the net flux escaping through the domain boundary.
The quantity (43) is called a conserved integral, and the relation (42) is called a
global conservation law or global balance equation.

Two conservation laws are locally equivalent if they give the same global balance
equation (42) up to boundary terms. This occurs iff their conserved densities differ
by a total spatial divergence D, - ® on the solution space &, and correspondingly,
their fluxes differ by a total time derivative —D,® modulo a divergence-free vector.
A conservation law is thereby called locally trivial it

Tuivle = Dy - Ole,  Xuivle = —DiO|e + Dy - I'|e (44)
holds for some vector function O (¢, x, u, du, ..., 'u) and some antisymmetric
tensor function I'(z, x,u, du, . .., 3 "'u). The differential order of a conservation

law is defined to be the smallest differential order among all locally equivalent
conserved currents. (It is common in the mathematics literature to define a local
conservation law itself as the equivalence class of locally equivalent conserved
currents.)
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The global form of a locally trivial conservation law is given by

d

95 @|g-vdA=9£ D:®O|gs - vdA (45)
dt Jye 292

since ¢, (Dx - M)| s - vdA = 0 by Stokes’ theorem. This integral equation (45) is
just an identity, with no physical content, unless the spartial flux of D,;®|s vanishes.
From the divergence theorem, this integral will vanish for all domains 2 iff D, -
D;®|¢ = 0 holds. In such cases, the boundary integral

/Tlngz?S Ole - vdA (46)
2 a2

will be a constant of motion for solutions of the given PDE system. This type of
boundary conservation law arises for PDE systems typically when the PDEs in the
system are related by obeying a differential identity, as will be discussed further in
Sect. 5. In all cases when both D, - @ | and D, - D;®|¢ do not vanish identically, a
locally trivial conservation law has no physical content.

For a given PDE system (39), the set of all non-trivial conservation laws (up to
local equivalence) forms a vector space on which the symmetries of the system have
a natural action [1, 3].

An infinitesimal symmetry [1-3] of a given PDE system (39) is a generator

X =t10/0t + £9/0x + nd/ou 47
whose prolongation leaves invariant the PDE system,
prX(G)ls =0 (48)

which holds on the whole solution space & of the system. Here (¢, x, u, du, ..., 0"u),
£E=(E"(tx,u,0u,...,0%),. .. E(t,x,u,0u,...,00u),andn = (n'(t,x,u, 0u, ...,
ou),...,n"(t,x,u,ou,...,0"u)) are called the characteristic functions in the
symmetry generator. When acting on the solution space &, an infinitesimal
symmetry generator can be formally exponentiated to produce a one-parameter
group of transformations exp(eprX), with parameter €, where the infinitesimal
transformation is given by

u(t,x) — u(t, x)—l—e(n(t, x,u(t,x), ou(t,x),...,0 u(,x))
— u,(t, x)T(t, x, u(t, x), du(t, x), ..., 0" u(t, x))
— ue(t,x) - E(t,x, u(t, x), du(t,x), ..., d"u(t,x))) + O(e?)
(49)

for all solutions u(t, x) of the PDE system.
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Two infinitesimal symmetries are equivalent if they have the same action on
the solution space & of a given PDE system. An infinitesimal symmetry is
thereby called frivial if it leaves all solutions u(#, x) unchanged. This occurs iff its
characteristic functions satisfy the relation

nle = (T + ue-§)ls. (50)

The corresponding generator (47) of a trivial symmetry on the solution space & is
thus given by

Xyiy = 10/0t + £ -9/0x + (u;t + u, - £)d/ou (29

which has the prolongation prXyiy = 7D, + £ - D,. Conversely, any generator of this
form (51) represents a trivial symmetry. The differential order of an infinitesimal
symmetry is defined to be the smallest differential order among all equivalent
generators.

In jet space J, a group of transformations exp(eprX) in general will not act
in a closed form on t,x, u, and derivatives d*u up to a finite order, except [1, 3]
for point transformations acting on (t, x, u), and contact transformations acting on
(t,x, u, u;, uy). Moreover, a contact transformation is a prolonged point transforma-
tion when the number of dependent variables is m = 1 [1, 3]. A point symmetry is
defined as a symmetry transformation group on (¢, x, 1), whose generator is given
by characteristic functions of the form

X = t(t,x,u)d/ot + E(t, x,u)d/0x + n(t,x,u)d/u (52)
corresponding to the infinitesimal point transformation

t— 1+ et(t,x,u) + O(?),
x — x + €E(t,x,u) + O(€?), (53)

u— u+ en(t,x,u) + 0(€?).

Likewise, a contact symmetry is defined as a symmetry transformation group on
(t,x, u, us, u,) whose generator corresponds to an infinitesimal transformation that
preserves the contact relations u; = 0d,u, u, = 0d,u. The set of all admitted point
symmetries and contact symmetries for a given PDE system comprises its group of
Lie symmetries.

Common examples of point symmetries admitted by PDE systems arising in
physical applications are time translations, space translations, and scalings. Higher-
order symmetries are typically admitted only by integrable PDE systems. However,
it is worth emphasizing that any admitted symmetry can be used to obtain a mapping
of a given solution u = f(#,x) of a PDE system into a one-parameter family of
solutions u = f(t,x,€) = (exp(eprX)u)|u=r.) = (u+ef+ 12 prXi+-+)lu=rw.n.
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where X = X — Xuiv = 10/0u; and also to find symmetry-invariant solutions
u = f(t,x) of a PDE system by considering the invariance condition (Xu)|,=f(.x =
filu=f¢xy = 0. Thus, for these two main purposes, symmetries of any differential
order are equally useful.

Similar remarks can be made for conservation laws. In physical applications,
the most common examples of conserved densities admitted by PDE systems
are mass, momentum, and energy. These densities are always of low differential
order, whereas higher-order densities are typically admitted only by integrable PDE
systems. Nevertheless, for the many purposes outlined in Sect. 1, any admitted
conservation law of a given PDE system can be useful.

3.1 Regular PDE Systems and Computation of Symmetry
Generators, Conserved Densities and Fluxes

To determine if a current (41) is conserved for a given PDE system, and if a
generator (47) is an infinitesimal symmetry of a given PDE system, it is necessary
to coordinatize the solution space & of the system in jet space J. This can
be accomplished in a general way by the following steps. First, for any PDE
system (39), introduce an index notation for the components of x and u: x/, i =
1,....,m;and u*, @ = 1, ..., m. Next, suppose each PDE G* =0,a =1,...,M, in
the given system can be expressed in a solved form

G* = a(za)ua" — gu (54)

for some derivative of a single dependent variable u*«, after a point transformation
(change of variables) if necessary, such that all other terms in the system contain
neither this derivative nor its differential consequences, namely

3((,,)1/!““ #* 3k3(zb)uab, ab=1,.... M, k>1,

a

dg
B0y ) =0, ab=1,....M, k=>0. (55)
Such derivatives {0, u* }4=1....m are called a set of leading derivatives for the PDE
system. Last, suppose the given PDE system is closed in the sense that it has no
integrability conditions and all of its differential consequences produce PDEs that
have a solved form in terms of differential consequences of the leading derivatives.
Note that if a PDE system is not closed then it can always be enlarged to get a closed
system by appending any integrability conditions and differential consequences
that involve the introduction of more leading derivatives. Then, coordinates for the
solution space & of the closed PDE system in J are provided by the independent
variables ¢, x', the dependent variables u“, and all of the non-leading derivatives of
u”. A closed PDE system (39) admitting such a solved form (54)—(55) will be called
regular.
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A more restrictive class of PDE systems is given by Cauchy-Kovalevskaya
systems and their generalizations. Recall, a PDE system (39) is of Cauchy-
Kovalevskaya form [1, 20] if the leading derivatives in the solved form of the system
consist of pure derivatives of u with respect to a single independent variable, namely
e yu™ = a’;au%, a=1,...,M,z € {t,x'}, and if their differential order k, is equal
to the differential order N of the system, namely k, = N, a = 1,..., M. Cauchy-
Kovalevskaya systems, and their generalizations [4] in which k, differs from N,
have the feature that they do not possess any differential identities and that none of
their differential consequences possess differential identities. Such PDE systems
are usually called normal. Note that, in contrast to normal systems, the leading
derivatives in a regular PDE system can be, for instance, a mixed derivative of all the
dependent variables u® or a different derivative of each of the dependent variables

u®.

Running Ex. (1) Generalized Korteweg-de Vries (gKdV) equation

w + luy + uye =0, p>0. (56)
This is a regular PDE since it has the leading derivative u; = —u”u, — uy,,. It also
has a third-order leading derivative u,,, = —u; — u’u,. Both of these solved forms

are of generalized Cauchy-Kovalevskaya type.

Running Ex. (2) Breaking wave equation [21]
my + buym +um, =0, m=u—uy,, b#*-—1. 57

This is a regular PDE system since it has the leading derivatives m, = —bu,m—umy,
uy, = u — m. Equivalently, if m is eliminated through the second PDE, this yields a
scalar equation u; — uy + (b 4 1)uu, = bu,uy, + uty,, which is a regular PDE with
respect to the leading derivative

Upee = U + (b + Dty — buclty — Ul (58)

Neither of these solved forms are of generalized Cauchy-Kovalevskaya type.
However, the alternative solved forms v, = uy + u™ ' (bux(u — Ure) — Uy + Upy)
and m, = —u~'(m; + bu,m), u,, = u— m are of generalized Cauchy-Kovalevskaya

type.

Running Ex. (3) Euler equations for constant density, inviscid fluids in two
dimensions

V-u=0, p=const.,
u;, +u-Va=—(1/p)Vp,
Ap = —p(Vu) - (Vu)'. (59)
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In this system, the independent variables are ¢ and (x, y), and the dependent variables
consist of p and u = (u',u?), in Cartesian components. Leading derivatives are
given by writing the PDEs in the solved form

3
1
t

u; = —(u'uy + 1luy + (1/p)pd)| =z =~y — u'u + +(1/p)py),

u

w? = —(u'ul + uPud + (1/p)py).
Pxx = —Pyy — p((ui)z + (u}2)2 + 2’4;”)2;)|ux1=—u§ = Py — 2/)((”}2)2 + M}lu)zc)
Thus, this system is a regular PDE system, but it does not have a generalized

Cauchy-Kovalevskaya form. A related feature is that the PDEs in the system obey a
differential identity

Div (u;+u-Vu+(1/p)Vp) — (D;+u-V)(V-u) = (1/p)Ap+ (Vu)-(Vu)'. (60)

Note that the pressure equation is often not explicitly considered in writing down
the Euler equations. However, without including the pressure equation, the system
would not be closed, since the differential identity (60) shows that the pressure
equation arises as an integrability condition of the other equations. Correspondingly,
the pressure equation does not have a solved form in terms of the set of derivatives
{ul,u), u?}.

Running Ex. (4) Magnetohydrodynamics equations for a compressible, infinite
conductivity plasma in three dimensions

p=P(p), VxB=4xn), V-B=0,

pr+ V- (pu) =0,

u +u-Vu=(1/p)(J xB - Vp),
B, = V x (uxB). (61)
The independent variables in this system are ¢ and (x,y,z), and the dependent
variables consist of p, u = (ul,uz,tf) and B = (B', B2, B%), in Cartesian

components. This is a regular PDE system, where a set of leading derivatives is
given by writing the PDEs in the solved form

B, = —B,—B.,
pr = puy + ) + 1) + peu' + pyu® + por’,

uf = —(u'u} + ul + 1wl + (1/p)(P(p)ps + B*F — B°J?),
w? = —(u'i? + uzui +wu + (1/p)(P'(p)py + BYJ' — B'J?)),
w; = —(u'w) + ') + '} + (1/p)(P'(p)p. + B'J* — B*J")),
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Bl = u'B; —u’B| + u'B} —w’B! + u;B> —1;B' + ulB’ — ulB',
B> = (ung - u3B§ + uzBi — ule + ugB?’ — ungz + u)z(B1 — uiBz)iB}.=—B}2,—B:}
= —uzBf - u3B§ - ule + u?B?’ - u?B2 + u)zCB1 — u}ch,
B} = B, —u'B} + w’B} —u’B] + ;B —u;B’ + u;B> — u;B’)|p1=_p2 g
= —u3Bg - ulBi - uzB; + uf;Bl - u)ch?’ + u;B2 — uiB"’,
with

1 3 2 2 1 3 3 2 1
4wJ' =B — B2, 4nJ*=B!-B). 4nJ’=B!-B).

These PDEs lack a generalized Cauchy-Kovalevskaya form, which is related to the
feature that they obey a differential identity

Div (B, — V x (ux B)) = D,(V - B). (62)

As seen from the examples here and in Sect. 2, all typical PDE systems arising
in physical applications belong to the class of regular systems.

For any given regular PDE system, the standard approach [22-25] to look for
symmetries consists of solving the invariance condition prX(G)|g = 0 to find the
characteristic functions 7, 7, £ in the generator X. The computations in this approach
are reasonable for finding point symmetries, but become much more complicated for
finding contact symmetries and higher-order symmetries.

Running Ex. (1) Consider the gKdV equation (56). Since this is a scalar
PDE, its Lie symmetries are generated by point transformations and contact
transformations, with the general infinitesimal form

X = t(t,x, u, uy, u)d/0t + E(t, x, u, us, u,)d/x + n(t, x, u, u;, u,)d/ou.

Substitution of this generator into the determining condition prX(u, + w’u, +
uxy)|& = 0 requires prolonging X to first-order with respect to ¢ and third-order
with respect to x:

prX = X + 19/0u; + 08/ 0u, + D29/ + D8/ ey
where
n(t) = Dl‘n — I/ltDtT — Mthg,
n(x) = D,n — u,D\t — u,D,§,
n(XX) = Dxn(X) - “txDxT - “xxnga

n(m) — Dxn(xx) — Up DT — uxxxDXS'
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This yields

(uxn + D — u,Dyt — uyD§ + uDy 1 — (uut; + 3up ) Dt — (utty + 3ty) Dy
— 3un Dt — 3un D2 + Din —uD}t — uD3E)| s = 0.
There are two steps in solving this determining condition. First, since the condition
is formulated on the gKdV solution space &, a leading derivative of u (and all of
its differential consequences) needs to be eliminated. The most convenient choice
iS Uy = —u; — uu, rather than u, = —uu, — u,,,, since t, &, n depend on u,.
Next, after the total derivatives of t, &,  are expanded out, the resulting equation
needs to be split with respect to the jet variables uy, sy, Uyy, Urexs Usrxs Uprres U
which do not appear in t, &, 7. Finally, the split equations need to be simplified, as

some are differential consequences of others. After these lengthy computations and
simplifications, a linear system of 6 determining equations is obtained for z, &, 1:

2ty + wiTuu, + ki, — Nu, = 0,
28, + wityu, + by, — Nuw, = 0,
Ty + Euy + T, + Wiy — Ny = 0,
3pum + 2u(uyty + uck —ne) + 3p(ut2(utru, + UuTy,)
+ wn (i€, + unb,) — u(uimy, + Mx’lux)) =0,
put) + 2u(u T + uky — ny) + p(utux(u,ru, + uyt,,)
+ g (e, + xb) — ety + x,)) = 0,
N+ u(uty, + uy — ny) + u(ty, + ucty,)
+ uc (i, + ux€i,) — (uimu, + uxnu,) = 0.

This system can be solved, with p treated as an unknown, to get

T =T(t,x,u,up,uy), &= g(t,x,u,u,,ux),
n=u(7T—c —36‘3)—i—ux(g—Cz—C3X—C4Z‘)—;C3M+C4, cy =0if p #1,

which is a linear combination of a time translation (c;), a space translation (c),
a scaling (c3), and a Galilean boost (c4), plus a trivial symmetry involving two
arbitrary functions T(t, x, u, uy, uy), (¢, x, u, u;, u).

Clearly, for finding higher-order symmetries, or for dealing with PDE systems
that have a high differential order or that involve more spatial dimensions, the
previous standard approach becomes increasingly complicated, as the general
solution of the symmetry determining condition will always contain a trivial
symmetry involving arbitrary differential functions. In particular, the resulting linear
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system of determining equations for finding , &, n becomes less over-determined
and hence more computationally difficult to solve when going to higher orders.

The situation for finding conservation laws is quite similar. For any given regular
PDE system, it is possible to look for conservation laws by solving the local
continuity equation (D,T+ Dy -X)|g = 0to find T and X. This approach is workable
when the conserved densities 7" and fluxes X being sought have a low differential
order and when the number of spatial dimensions is low.

Running Ex. (1) Consider again the gKdV equation (56). This is a time
evolution PDE of third order in spatial derivatives, while the conserved currents
in lowest order form for mass, energy, and L? norm are of first order in derivatives
for the densities and of second order in derivatives for the fluxes. Substitution of
functions

T(t,x,u up ), X(8,X, 0, Uy, Uy, Uy, Ure, Ue)
into the determining condition (D,T + D.X)|s = 0 yields

(T 4+ Ty + (T, + X)) + waT, + X + 10X + X,
+ urxqu,X + urrqu,, + Uxxx u)g)lé’ =0.
The steps in solving this determining condition are similar to those used in solving
the symmetry determining equation. First, a leading derivative of u (and all of its
differential consequences) needs to be eliminated. The most convenient choice is
Uyey = —uy — uu, rather than u, = —1u, — .y, since T and X depend on u,. Next,
the resulting equation needs to be split with respect to the jet variables uyy, .,

which do not appear in 7, X. This splitting immediately leads to a further splitting
with respect to uyy, uy, giving a linear system of 5 PDEs for 7', X:

Tu, =0, Xu,, =0, X

Upx

= 0, Tux + Xu, = O,
T, + wT, + X + u Xy + woXy, — (e + v'u)X,,, = 0.

This system can be solved, treating p as an unknown, to obtain

T = ciu® + cou + C3((P+l)1(p+2) wt? — ;uxz) + cqlxu — ;tuz)
+ C5(t(l u? —3u?) —xu®) + DO(t, x, u),

X = Cl([,+2up+2 + 2"”4)0( — Uy ) + CZ( u17+1 + Mxx)

pt1
+C3(2(p+l up+l+um)2+uxu,)+64(x(;u2 + uxx)—t( u + Ull— ") — uy)
+ ¢s (t(3(:f)u3 + um)2 + 6uuy) + )c(ux2 — 2Ultyy — éu3) + 2uuy)
— D,O(t,x, u),

cy =0ifp#1, ¢c;=0ifp#2
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which yields a linear combination of the densities and the fluxes representing
conserved currents for the L2-norm (c;), mass (c»), energy (c3), Galilean momentum
(c4), and Galilean energy (cs), plus a term involving an arbitrary function @ (¢, x, u)
which represents a locally trivial conserved current.

However, when going to higher orders or to higher spatial dimensions, it becomes
increasingly more difficult to solve the local continuity equation (D,T + Dy -X)|¢ =
0, as the general solution will contain a trivial density term D, - ® in T and a trivial
flux term —D,® + D, - I' in X involving a differential vector function ® and a
differential antisymmetric tensor function I", which are arbitrary. In particular, the
resulting linear system of determining equations for finding 7 and X will be less
over-determined and hence more computationally difficult to solve, compared to
the low order case or the one dimensional case.

These difficulties motivate introducing a characteristic form (or canonical rep-
resentation) for conserved currents so that all locally equivalent conserved currents
have the same characteristic form, and likewise for symmetry generators. To derive
this formulation, some tools from variational calculus will be needed.

4 Tools in Variational Calculus

For working with symmetries and conservation laws of PDE systems, the natural
setting in which to apply variational calculus is the space of differential functions
defined by locally smooth functions of finitely many variables in jet space J =
(¢, x, u, Ou, 0%u, . ..).

As examples, in the nonlinear dispersive wave equation Ex. 4, if the constitutive
nonlinearity function f(u) is smooth, then the conserved density and flux for mass
and energy are smooth functions of u, uy, u,, in J, but if f(u) blows up when u = 0
then these functions are singular at points in J such that u = 0; in the barotropic gas
flow Ex. 6, the higher-derivative density and flux are singular functions of p, u, py, u,
at points in J where u> = p(p)’/p, but at all other points these functions are smooth.

The basic tools that will be needed from variational calculus are the
Fréchet derivative and adjoint derivative, the Euler operator, a homotopy
integral, a total null-divergence identity, and a scaling identity. Throughout,
f(t,x,u,du,...,0%u) denotes a differential function of order k > 0, and
v o= '(tx udu, du, .., .. 0"t x,u, du, 3%u, .. )), wit,x,u, du, 3%u, . ..)
denote differential functions of arbitrary finite order.

The Fréchet derivative of a differential function is the linearization of the
function as defined by

Sof = 38 Sltx,u+ev,d(u+ €v).,....0%u+ ev))| _,
. _

_of of v
—vau+Dv 8(8u)+ + D*v 3(0%u)

(63)
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which can be viewed as a local directional derivative in jet space, corresponding to
the action of a generator X = vd, in characteristic form, X(f) = §,f. It is useful
also to view the Fréchet derivative as a linear differential operator acting on v. Then
the relation

wéyf —v8if = D- W (v, w;f) (64)
as obtained using integration by parts defines the Fréchet adjoint derivative

afD( af

R O A e U o) (63)

(9 u)

which is a linear differential operator acting on w. The associated current
U(v,w;f) = (', ¥¥) is given by

af af af
Y wif) =vwy T OV (Wa(azu)) —vb- (Wa(aZu)) "

N ;(Dk_zv) (EEE (Wa(giu)))'

An alternative notation for the Fréchet derivative and its adjoint is §,f = f’(v) and
8*f = f*(w), or sometimes 8,f = D,f and §*f = D*f.

The Fréchet derivative of a differential function f can be inverted to recover
f by using a line integral along any curve C in J, where the endpoints 0C

(66)

are given by a general point (t,x,u,du,...,0u) € J and any chosen point
(¢, x, uo, Quo, . . ., ®up) € J at which f is non-singular. This yields
of of of
= du' ~dou' + - -dotu'. 67
Flac = J ™+ giauy P gy 4 ©7)
If the curve C is chosen so that the contact relations hold, ddu|c = ddu|c,

.,do*u|c = 3*du|c, then the line integral becomes a general homotopy integral

1
f :fiu=u0 +/ (Syf) dk, Uiy = u, Uy = Uo (68)
0

V=0 U1 U=U())

where uy) (¢, x) is a homotopy curve, given by a parametric family of functions. If f
is non-singular when u = 0, then the homotopy curve can be chosen simply to be a
homogeneous line, which yields a standard linear-homotopy integral [1]

! di
P =T+ [ D] ey = (69)
0
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The Euler operator E, is defined in terms of the Fréchet derivative through the
relation

Suf = vE,(f) +D- Tf(v) (70)

obtained from integration by parts, which gives

U (N e (Y
£ = 50 =2 () + D () )
where
_veip=v.” wpo. T . ¥
Tf(v)—‘l’(v’lvf)_va(au)JrDv 3(0%u) vp 3(32u)Jr

+Z(Dk vy ()" B(Bk NE Z(D’m Ey ().
(72)

The Euler-Lagrange relation (70) can be combined with the general homotopy
integral (68) to obtain the following useful formula.

Lemma 4.1

1
f= / aku(A)Eu(f)iuzum d\+D-F (73)
0

is an identity, where

1
F = /0 Tf(akum)h:m d\ + Fy (74)

with Fo = (F{(t,x), F§(t,x)) being any current such that D - Fo = f|u=y,.

A useful relation is
Y;(v) = vE)(f) + D- WEP () + -+ + D" - EL(f)) (75)

which arises through repeated integration by parts on the expression (72), where

¥ [i+1 o
E() = 3(3u) ( I )D'<a(al+1u))+

k ket of _
+(l)(—D) '(a(aku))’ I=1,....k (76)
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define the higher Euler operators. Equations (70) and (75) then provide an
alternative formula for the Fréchet derivative

8uf = VE(f) + D (WE () + -+ + D" - WEL (1) (77)
which leads to a similar formula for the Fréchet adjoint derivative
8uf = WE(f) — (Dw) - EN(f) + - + (=D)'w- EP () (78)

after integration by parts. Explicit coordinate formulas for all of the Euler operators
are stated in Ref.[1]; coordinate formulas for the Fréchet derivative and its adjoint,
as well as the associated divergence, are shown in Ref.[27].

The Euler operators (71) and (76) have the following important properties.

Lemma4.2 (i) E,(fg) = 8;f + 8fg is a product rule. (i) E,(f) = 0 holds
identically iff f = D - F for some differential current function F = (F', F*). (iii)
EN(D - F) = EJ(F'.F) = (EF"),E,(F")) and E;*"(D - F) = EY.EP) 0
(F', F¥),1 > 1, are descent rules, where © denotes the symmetric tensor product.

The proof of (i) is an immediate consequence of the ordinary product rule applied
to each partial derivative term in E,(fg). To prove the first part of (ii), if f = D - F
then é,f = D-§,F combined with the Euler-Lagrange relation (70) yields vE,(f) =
D-(8,F —;(v)). Since v is an arbitrary differential function, this implies E,(f) = 0
(and 77(v) = §,F modulo a divergence-free term). Conversely, for the second part
of (ii), if E,(f) = O then the general homotopy integral (73) shows f = D - F
holds, with F given by the formula (74). The proof of (iii) starts from the property
8,(D-F) = D-§,F. Next, the Fréchet derivative relation (77) is applied separately to
f = D-Fandf = F. This yields D-(vE\" (D-F)) = D-(vE,(F)), D*(vE\’(D-F)) =
D-(vD- E,(Al)(F)), and so on. The expressions for Ef,l)(D -F), E? (D - F), and so on
are then obtained by recursively expanding out each Euler operator in components
EY = EfY = (EYEP) and E/TY = B = (EC E{Y), 1 < 1), followed by
symmetrizing over these components together with the components of F = (F', F*).
This completes the proof of Lemma 4.2. O

A null-divergence is a total divergence D - @ = 0 vanishing identically in jet
space, where @ = (@', @*) is a differential current function. Similarly to Poincaré’s
lemma, which shows that ordinary divergence-free vectors in R” can be expressed
as curls, null-divergences are total curls in jet space.

Lemma 4.3 If a differential current function ® = (®'(t,x,u,ou,..., u),
D (t,x,u, du, ..., aku)) has a null-divergence,
D-®=D® +D,-&*=0inJ, (79)

then it is equal to a total curl

®=D-¥=(Dy-0,-D,O+D,-T)inJ (80)
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with
0 ®
v = 81
(%7 Q)
holding for some differential vector function O(t,x,u,u, ..., 'u) and some
differential antisymmetric tensor function I'(t,x,u,du, ..., 'u), both of which

can be expressed in terms of @', P*.

The proof begins by taking the Fréchet derivative of the null-divergence to
get D - 6,2 = 0. A descent argument will be used to solve this equation. Let
the terms in §,® = (8,9',8,9*) containing highest derivatives dv be denoted
(T® 3 v, XK g*v), where the coefficients T®) and X® of each term are given by a
differential scalar function and a differential vector function in J. Then the highest
derivative terms 9o in the equation D-§,® = 0 consist of 7® 9,3 v +X®.9,0%v.
The coefficients of 3**!v in this expression must vanish, which can be shown to
give TW gy = §*=D . 3,01y and XW gk = —9%=19,0x 1y 4 y*=D . 9 gk=Ty,
where *=1 is some differential vector function, and y*~ is some differential
antisymmetric tensor function. Integration by parts on these expressions yields

T®dy = D, - (0% V9 1v) 4+ lower order terms,

X®yy = —D,(0* V) + D, - (y* V3 1v) + lower order terms,
and hence
(TP kv, XD k) = D w* D (v) + lower order terms

where

- 0 okb
00 = (_gung pionis)

with @ D) = g% Dgc= 1y and I*D(v) = y*=Dg&=1 This shows that the
highest derivative terms in §,& have the form of a total curl, modulo lower order
terms. Subtraction of this curl D - ¥ *~D(v) from §,® will now eliminate all terms
containing 9v, so that

§,® — D - WP (p) = (T*EVg1y, X®5~1y) + lower order terms

where the coefficients T*~1 and X*~1 of the 0*~'v terms are again a differential
scalar function and a differential vector function in J. Since total curls have a
vanishing total divergence, the highest derivative terms remaining in the null-
divergence equation 0 = D-§,® are given by T¢=D9,0" 1y 4+ X*=1.5 9k=1y, which
has the same form as the expression obtained at highest order. This completes the
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first step in the descent argument. Continuing to lower orders, the descent argument
will terminate at the equation 7 9,v + X - §,.v = 0, which yields T7® = 0 and
X© = 0. As a result, the solution of the null-divergence equation D - §,® = 0 is
givenby §,® = Y1_, D-w(=(v).

The final step in the proof is simply to apply the general homotopy integral (68)
to the Fréchet derivative §,® = Y")_, D - ¥~V (v), which gives

1 k
d—P P / (ZD . W(l_l)(BA“(*)))iu=um dA.

0 =

This shows @ = D - ¥ is a total curl, where

Lk
W=+ / (D V@), cyy, 9
0

=1

has the form (81), with D - ¥, being an ordinary curl determined by Poincare’s
lemma applied to the vanishing divergence D - (®|,=,,) = 0. This completes the
proof of Lemma 4.3. O

Scaling transformations are a one-parameter Lie group whose action is given by

t— A%, X = Abox oy s Ay L #£0 (82)

prolonged to jet space, where the constants a, b(;), ¢, are the scaling weights of
t,x', u®. Note the generator of these transformations is Xs., = 79, + €9, + nd,
where

t=at, £=(bux',....bpx"), n=(cmu',..., cumum). (83)

In characteristic form, the scaling generator is Xscal = Pgea0, With Py = 1 —
u;T — uy - £. Now consider a differential function f that is homogeneous under the
action of the scaling transformation (82), such that f — A°f. Then the infinitesimal
action is given by Xscu(f) = 0p..f = sf — tD,f — & - D,f. A useful identity comes
from integrating this expression by parts and combining it with the Euler-Lagrange
relation (70), yielding

wf:PscalEu(f)+DtFt+Dx'Fxs w = S+Dtt+Dx'$ :s—}—a—i—Zb(,-) (84)

i=1

where

F'=ft+ Tfr(Pscal), F* =& + 7} (Psca) (85)
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with 77 = (T’ , Tf") given by expression (72). Note here w is equal to the scaling

weight of the integral quantity ftf)l /, o dV dt, as defined on any given spatial domain
£2 C R" and any time interval [to, #;] € R.

Finally, for subsequent developments, the following technical result (which is a
straightforward application of Hadamard’s lemma [28] to the setting of jet space)
will be useful.

Lemma 4.4 If a differential function f(t, x,u, du, . .., *u) vanishes on the solution
space & of a given regular PDE system (39), then

f=Ry(G) (86)
holds identically, where
Ry =R” +R".D+... + R . DN (87)

is a linear differential operator, depending on f, with coefficients given by differ-
ential functions R}O), R}l), e R;k_N) that are non-singular when evaluated on &.
The operator Ry|s is uniquely determined by the function f if the PDE system has no
differential identities. Otherwise, if the PDE system satisfies a differential identity

P2(G) = DG + -+ IuG" =0 (88)

with 9, ..., Py being linear differential operators whose coefficients are non-
singular differential functions when evaluated on &, then the operator Ryls is
determined by the function f only modulo y9, where y is an arbitrary differential
function.

The proof relies heavily on the coordinatization property (54) that characterizes
a PDE system being regular. For a regular PDE system G = O of order N > 1,
consider its prolongation to order k > 1, prG = (G, DG, ... ,DkG) = 0, which has
differential order k+N. Let (¢'—g'(Z), £>—g*(Z). . . .) be the solved-form derivative
expressions for the PDEs in prG, where { = (¢',¢2,...) € J denotes the leading
derivatives with respect to u® chosen for the prolonged system, and Z = (Z', 7%, ...)
€ J denotes the coordinates for the prolonged solution space & C J of the system.
Note that prG = 0 represents & as a set of surfaces ¢! = g'(Z), (> = g%(Z) ,...in
J. Then we have (¢, Z)|s = f(g(Z),Z) = 0. We now use the standard line integral
identity

¢ 1
f¢.2) = / (v, Z) -dy = / (§—8(2) - 9cf(sC + (1 —95)g(2), Z) ds.
8(2) 0

This shows that f({,Z) = F({,Z) - (¢ — g(Z)), with F(¢,Z) = fol Oef(s¢ + (1 —
$)8(Z).Z) ds being a vector function. Note F(, Z)| s = F(g(Z2).Z) = 3:f(g(2).Z)
is non-singular since f is a differential function. Hence we obtain F({,Z) - ({ —
g(Z2)) = Ry(G) where Ry is a linear differential operator whose coefficients F' (¢, Z),
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F%(¢,Z), ... are non-singular when evaluated on &. Furthermore, the expression
for F(¢,Z) shows that it is canonically determined by f, unless the PDE system
satisfies a differential identity, whereby 0 = 2(G) = h(Z) - ({ — g(Z)) holds
identically for some vector function /(Z). In this case, Ry(G) is well-defined only
modulo yZ(G) = 0, where y is any differential function. This completes the proof
of Lemma 4.4. O

5 Characteristic Forms and Determining Equations
for Conservation Laws and Symmetries

Consider an infinitesimal symmetry (47) of a regular PDE system (39). When acting
on the solution space & of the PDE system in jet space J, the symmetry generator is
equivalent to a generator given by

X:X—vazpa/au, P=n—ut—u.-§& (89)

under which u is infinitesimally transformed while ¢, x are invariant. This gen-
erator (89) defines the characteristic form (or canonical representation) for the
infinitesimal symmetry. The symmetry invariance (48) of the PDE system can then
be expressed by

prX(G)|s = 0 (90)

holding on the whole solution space & of the given system. Note that the action
of prf( is the same as a Fréchet derivative (63), and hence an equivalent, modern
formulation [1, 3] of this invariance (90) is given by the symmetry determining
equation

(6pG)|s = 0. oD

This formulation of infinitesimal symmetries has several advantages compared
to the standard formulation shown in Sect. 3. Firstly, a symmetry is trivial iff its
characteristic function P vanishes on &. Also, the differential order of a symmetry
is simply given by the differential order of P|s. Secondly, the symmetry determining
equation (91) can be set up without doing any prolongations of the generator (89),
as only total differentiation is needed. Thirdly, when contact symmetries or higher-
order symmetries are sought, the generator can be formulated simply as

X = P(t,x,u,u, ..., u)0d, 92)
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with the symmetry determining equation then being a linear PDE for the character-
istic function P. This formulation (92) eliminates arbitrary functions depending on
all of the variables ¢, x, u, du, . .., "u in the solution for P.

Now consider a conservation law (40) of a regular PDE system (39). The
starting point to obtain an equivalent characteristic form of the conservation law
is provided by equations (86) and (87) in Lemma 4.4. These equations show that the
conservation law can be expressed as a divergence identity

DT +Dy-X = Rp(G) = RY'G' + Ry - DG' + -+ + R§ '™V . pr+1=NGt (93)

which is obtained by moving off solutions of the PDE system, where u(t, x) is
an arbitrary (sufficiently smooth) function. Here r is the differential order of the
conserved current @ = (7, X), and N is the differential order of the PDE system.
The next step is to integrate by parts on the righthand side in the divergence
identity (93), yielding

D,T+D,-X =GQ (94)
with
(T,X) = (T, X) =+ RE;)Gt 4+ Rg) .DG' — (D . Rg))GI
r—N (95)
+ .o+ Z ((_D)l . Rg+l_N)) . Dr_N_th
=0
and

Q' = (01 .0m) =R =D-Ry + -+ (=DM RTTTV.(96)

On the solution space &, note that (7, X)|s = (T, X)|s reduces to the conserved
density and the flux in the given conservation law (D;T + D, - X)|s = 0, and hence

(DT +D,-X)|¢e =0 97)

is a locally equivalent conservation law. The identity (94) is called the characteristic
equation for the conservation law, and the set of functions (96) is called the
multiplier. Explicit coordinate formulas for the density T and the flux X in terms
of T and X are shown in Ref.[27].

When a regular PDE system is expressed in a solved form (54)—(55) for a set
of leading derivatives, note that these leading derivatives (and their differential
consequences) can be eliminated from the expression for a conserved current
@ = (T, X) without loss of generality, since this only changes the conserved current
by the addition of a locally trivial current. Then it is straightforward to derive explicit
expressions for the coefficient functions in the operator Rgy by applying the chain
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rule to D,T and D ;X' with the use of subleading derivatives defined by the relations
0,0, /pu* = 0,40, /yu* = 0, u*. This leads to an explicit Euler-Lagrange
expression

Q' = (Ea(él/ﬂ”a‘ (T) + Z Ea(u/xf)“al (X, - s By e (T) + Z Ea(lM/Xi)uaM (Xl))
i=1 i=1
(98)
for the components of the multiplier (96), where 9,/ u** and 9y, /. u* denote the
subleading derivatives. As a result, the multiplier components (98) can contain lead-
ing derivatives (¢, u* (and their differential consequences) at most polynomially.
Also note that, as asserted by Lemma 4.4, if a regular PDE system has no
differential identities (88), then the operator Rg|s will be canonically determined
by the expression for @ = (T, X). This implies the relation

O'¢ = (Q1,....0m)|s = Ec(D.T + Dy - X)|s

99)
= (Eq (DT +Dy-X),...,Egu(D,T + Dy - X))|e
for the multiplier (96).
In general, for a given regular PDE system (39), a set of functions

0 = (Q1(t,x,u, du, 3*u,...0"u), ..., Ou(t, x,u, du, 8u, ...03"u))" (100)

will be a multiplier iff each function is non-singular on the PDE solution space &
and their summed product with the expressions G = (G', ..., G") for the PDEs
has the form of a total space-time divergence.

The characteristic equation (94) establishes that, up to local equivalence, all
non-trivial conservation laws for any regular PDE system arise from multipliers.
A determining condition to find all multipliers comes from Lemma 4.2 applied to
the characteristic equation (94), yielding

0 = E,(GQ) = §,G + 850. (101)

This condition, which is required to hold identically in jet space, is necessary and
sufficient for Q to be a multiplier. For each solution Q, a corresponding conserved
current that satisfies the characteristic equation (94) can be obtained from the
expression f = GQ by using Lemma 4.1. This yields

1
) :/ Yoo(ruq)| d\ (102)
0

M:M(/\)

whose multiplier (96) is Q. An explicit formula for this conserved current is stated
next.
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Lemma 5.5 For a regular PDE system (39), each multiplier (100) yields a con-
served current (94) which is explicitly given by a homotopy integral

k—

T= /01 (i 90,0'u) - (Eala,u (GQ))

=0

)d/\ +D,-6, (103)

U=uy)

1 k=1
%= / (X 00 (Ews(GO)| _ YaA=D,-O+ DT (104)
0 = u=u())

along a homoptopy curve ug,(t, x), with uqy = u and uy = ug such that (GQ)|u=u,
is non-singular. Here k = max(r, N).

Note the conserved current formula (103)-(104) can be simplified by evaluating
it on the solution space & of the given regular PDE system. Modulo a locally trivial
current, this yields

Bl = /01 i (89w i(‘D)H' <afa(f;u) o)
j=1 =i

)d)k (105)
u=ug,)

where the curve u)(#, x) is now in the solution space &’

5.1 Correspondence Between Conservation Laws
and Multipliers

As shown by the following key result, multipliers provide a unique characteristic
form (or canonical representation) for locally equivalent conservation laws, in
analogy to the characteristic form (89) for symmetries, if a regular PDE system has
no differential identities. A generalization holding for regular PDE systems with
differential identities will be stated later.

Proposition 1 For any regular PDE system (39) that has no differential identities, a
conserved current is locally trivial (44) iff its corresponding multiplier (96) vanishes
when evaluated on the solution space of the system.

The proof has two parts. For the “only if part”, suppose a conserved current is
locally trivial (44). By Lemma 4.4, the conserved density and the flux will have the
respective forms 7' = D, - © + f‘(G) andX = -D,® +D,-I" + )A((G) for some
linear differential operators T and X whose coefficients are differential functions
that are non-singular when evaluated on &. For this conserved current @ = (7, X),
consider the divergence identity (93), where Ry (G) = D,YA”(G) +D-X (G). As the
PDE system is assumed to have no differential identities, then the homotopy integral
formula for the operator Rg from the proof of Lemma 4.4 shows that integration by
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parts applied to Re (G) yields T = T — f(G), X=Xx-X (G), in the characteristic
equation (94)—(95), and hence GQ = D,T + D, - X=0.

It is now straightforward to determine Q from the equation GQ = 0. In the case
when G comprises a single PDE (i.e., M = 1), then Q = 0 is immediate. In the case
when G contains more than one PDE (i.e., M > 1), the equation GQ = 0 can be
solved by linear algebra as follows.

First express each PDE G* = 0,a = 1, ..., M, in the solved form (54)—(55) in
terms of a leading derivative d(,, u*. Then take the Fréchet derivative of GQ = 0,
which yields

(6,60 + G(6,0) = 0.

To solve this Fréchet derivative equation, consider the terms involving 99, v% and
let w = (0, v™, ..., O, v™) for ease of notation. It is easy to see the expression
8,G contains only one term of this form, which is simply given by w itself, as a
consequence of the solved form of the PDEs G = (G!,...,G"). The expression
8,Q contains a sum of terms involving derivatives of w, which will have the form
Y o QW !, where r is the differential order of the highest derivatives of the
variables d(¢,)u“ in Q, and where the coefficients 0® are differential M x M matrix
functions in J. Hence, all of the terms involving d*d(,,)v% in the Fréchet derivative
equation consist of wQ + Y ;_, GOW¥w' = 0. Then the coefficients of each
jet variable 3w, k = 0,1,...,r, must vanish separately. This immediately yields
QW = 0 fork = 1,...,r. The remaining terms are given by wQ + GQ©Ow' = 0.
This is a linear homogeneous equation in w', after the transpose relation wQ =
(wQ)" = Q'w' is used, which gives (Q' + GQ©)w' = 0. The vanishing of the
coefficient of w' yields Q' = —GQ©®, and hence Q|s = 0.

For the “if part”, suppose a multiplier satisfies Q|s = 0. Then, Lemma 4.4 can
be applied to get 0 = Q(G), where Q is some linear differential operator whose
coefficients are differential functions that are non-singular when evaluated on &.
The characteristic equation (94) must now be solved to determine the corresponding
conserved density 7" and flux X. This will be done in two main steps.

For the first step, a descent argument will be given to solve the Fréchet derivative
equation

for §,® = (8,T., 8,X), similarly to the proof of Lemma 4.3. Let F(v) = (8,G)Q +
G(6,0), with Q = Q(G). The terms in F(v) containing highest derivatives of v
will be denoted F® 9%v, where k is the larger of the differential orders of Q and G,
and where the coefficients F¥) are differential functions in J such that F®|s = 0
since F(v)|e = ((9y G)Q(G))|,_g = (9, G)|gQ(O) = 0. Note the differential order of
8,® then can be assumed to be k — 1. Next, let T'(v) = (6,7, §,X), and denote the
terms containing highest derivatives of v in 1"(v) as T®~D 31y and X*=D3* 1y,
respectively, where the coefficients T*=D and X*=D are given by a set of differential
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scalar functions and a set of differential vector functions in J. In this notation, the
Fréchet derivative equation becomes

D-T () =F(v).
Now the highest derivative terms d*v in this equation are given by
TED9,0k Ty 4 XD .5 98Ty = FW gy,

Expand out FPgcy = Fk=109 gk=1y 4 FE=19 .5 581y and collect the terms
9,0 v and 9,0 v in the equation, giving

(T(k—l) _ F(k—l,r))arak—lv 4 (X(k—l) _ F(k—l,x)) . axak—lv =0.
The same analysis used in the proof of Lemma 4.3 then yields

(T(k—l)ak—lv’X(k—l)ak—lv) — (FU—L0gh=ty pl—10 =1,

+ D - w* D (v) + lower order terms

where

. 0 et
020 = (_guag pioin)

with @ 2 (v) = *2Dg2y and I'* () = y*25"2 being given by
some differential vector function §*~2 and some differential antisymmetric tensor
function y*=2 . Hence the highest derivative terms in 7" (v) involving v have the
form

T(v) = (FE9 "y, FEEI09 1) + D w2 (0) + T (v)

where T (v) comprises all remaining terms, which contain derivatives of v up to
order 3*~%v, and where D - ¥*=?(v) is a total curl, which has a vanishing total
divergence. Substitution of this expression 7" (v) into the Fréchet derivative equation
gives

(T*2 +D-F&10)3,0%0 + (X" + D FE19) . 3,92

= F% D=1y + lower order terms

where 7¢2 and X*~2 are a set of differential scalar functions and a set of
differential vector functions given by the coefficients of the terms 9 2v in T (v).
After F&=Dgk=ly = F=2.00 952y 4 F=29 . § 32y is expanded out, the terms
containing highest derivatives of v in this equation are given by
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(T(k—Z) _ F(k—2,r) + D- F(k—l,r))atak—Zv
+ X* D —F¢29 4 p. FEI9) 9,820 = 0
which has the same form as the equation solved previously. This completes the first

step in the descent argument.
Next, continuing to all lower orders, the descent argument yields

k—1 k—1 k—1
Y@ =) D- ¥ D)+ ((=Dy~"- FUD (—py=". Fi")ly,
p 1=0 j=I

._a

Note the terms in the first sum are a total curl, and the terms in the second sum
vanish on & since F(l)|s = 0.

The final step is to apply the general line integral (67) to the Fréchet derivative
8,@ = T'(v) evaluated on &. Since T (v)|s = ;:11 D - W=D ()] ¢, this gives

1 k—1

Blo =Bl = [ YD)
0 =1

where u(y)(t, x) is a homotopy curve in the solution space & of the regular PDE
system, with u(;) = u(t, x) being an arbitrary solution and 1) = uo(t, x) being any
particular solution. Thus @|¢ — ¢~>0 = D - Y is atotal curl, where

/ Z wi- 1)(v)’ A

U=U(r) V=03U()

dA

u=u(y) v=0)u)

has the form (81).~Now, substitution 0ffi7|(g’ = <I~>|,,=u0 +D-¥YintoD-® = GO
yields 0 = (D - @ — GQ)|¢ = D - (@|u=y,)- This immediately establishes that
D=y, = D - ¥y is an ordinary curl, by Poincare’s lemma. Thus,

Dlg =D- (¥ + W)

is a locally trivial conserved current, which completes the proof of Proposition 1.
O
The correspondence stated in Proposition 1 no longer holds when a PDE system
possesses a differential identity (88). In particular, for a given differential identity,
multiplication by an arbitrary differential function y, followed by integration by
parts, yields

0= x2(G) = GZ*(x) + D- ®(x.G) (106)

where @(, G) is a conserved current that vanishes on the solution space of the PDE
system,
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(1, G)le = P(x,0) = 0. (107)
Hence

Q=27 (108)

is a multiplier which determines a locally trivial conserved current. This derivation
can be reversed, showing that the existence of a multiplier (108) is necessary and
sufficient for a PDE system to possess a differential identity (88).

Multipliers of the form (108), given by a linear differential operator acting
on an arbitrary differential function y, will be called gauge multipliers [16], in
analogy with gauge symmetries. Note that a gauge multiplier is non-vanishing on
the solution space & of the PDE system whenever the differential identity is non-
trivial, since Z|g # 0 implies Q|g # 0 for y # 0. Two multipliers that differ by a
gauge multiplier will be called gauge equivalent.

Running Ex. (3) The Euler equations for constant density, inviscid fluids in two
dimensions comprise an evolution equation for u = (ul, u2),

G=u+u-Vu+(1/p)Vp =0,
a spatial equation relating u to p,
G" = (1/p)Ap + (Vu) - (Vu)' = 0,
and a spatial constraint equation on u,
GV =V.u=0.
This PDE system obeys a differential identity
DivG —D,G™ -G =0

which has the form (88) where 2 = diag(Div,—1,—D;) and G = (G, G”, G™W).
The corresponding gauge multiplier is given by

Q = (Qv st Qdiv)tv Q = _Grad){v Qp ==X Qdiv = DTX
where y is an arbitrary differential scalar function. The characteristic equation yields
GQ = —(Grad 1) - G — xG" + (Di)G™ = Di(xG™) + D, - (—1G)

which is a locally trivial conservation law, where T = yG®" is the conserved density
and X = —yG is the spatial flux. If y is chosen to be a constant, y = 1, then the
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conserved density becomes a total spatial divergence T = D, - u which produces a
boundary conservation law

d d
dl/@ & dr ggrz n-vddls

on any closed spatial domain £2 € R?, since the flux vanishes on the solution space
of the system, X|g = 0. This boundary conservation law represents conservation of
streamlines in the fluid.

Running Ex. (4) The magnetohydrodynamics equations for a compressible,
infinite conductivity plasma in three dimensions comprise evolution equations for
o,u= (u',u?,u*)and B = (B!, B%, B%),

G’ =p +V-(pu) =0,
G'=uw+u-Vu+ (1/p)(P(p)Vp—J xB) =0, 4n)J=V xB,
G =B, -V x(@uxB)=0,

and a spatial constraint equation on B,
G"=V-B=0.
This PDE system obeys a differential identity
Div (G?) — D,G™ =0

which 'has the form (88) where ¥ = diag(0,0,Div,—D;) and G = (G*,G",
G?, G). The corresponding gauge multiplier is given by

0=(0".Q".Q% 0", =0 Q'=0 Q'=-GCrady. Q% =Dy
where j is an arbitrary differential scalar function. The characteristic equation yields
GQ = —(Grad y) - G” + (D, )G™ = Di(yG™) + Dy (—xG”)

which is a locally trivial conservation law, where T = yG®" is the conserved density
and X = —yG? is the spatial flux. If y is chosen to be a constant, y = 1, then the
conserved density becomes a total spatial divergence T = D, - B which produces a
boundary conservation law

d d
TdV|e = B-vdA|le =0
dt/Q s dt 9§9 vdls
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on any closed spatial domain £2 € R3, since the flux vanishes on the solution space
of the system, X|g = 0. This boundary conservation law represents conservation of
magnetic flux in the plasma.

The following natural generalization of Proposition 1 will now be established.

Proposition 2 For any regular PDE system (39) that possesses a differential
identity (88), a conserved current is locally trivial (44) iff its corresponding
multiplier (96) evaluated on the solution space of the system is equal to a gauge
multiplier (108) for some differential function y.

The same steps used in the proof for Proposition 1 go through with only two
changes. For the “if part”, suppose a multiplier satisfies Ole = Z*(x), which
implies 0 = Q(G) + 2*(x) by Lemma 4.4, where 0 is some linear differential
operator whose coefficients are differential functions that are non-singular when
evaluated on &. Then the conservation law identity (106) combined with the
characteristic equation (94) yields

GO(G) = G(Q — 7*(x)) = DT + ®'(x. G)) + Dy - (X + @*(x, G)).

This equation can be solved by the same steps used in proving the “if part” of
Proposition 1, thus showing that ® + &(x.G) is a locally trivial current. Since
@(y, G) itself is a locally trivial current, the conservation law given by @ is therefore
locally trivial (44). For the “only if” part, suppose a conserved current is locally
trivial (44), so then, by Lemma 4.4, the conserved density and the spatial flux will
have the respective forms 7 = D, - © + T(G) andX = —D,©® + D, - I + X (G)
for some linear differential operators T and X whose coefficients are differential
functions that are non-singular when evaluated on &. As the PDE system is assumed
to satisfy a differential identity (88), the divergence identity (93) will be unique only
up to the addition of a multiple of this differential identity, y 2(G) = 0. This implies
from the homotopy integral formula for the operator Ry that the characteristic
equation (94)—(95) holds with 7 = T—T(G)— ®'(x. G), X = X—X(G)—®*(x. G),
and GQ = GZ2*(y). The equation G(Q — 2*(y)) = 0 can be solved by the
same steps used in proving the “only if part” of Proposition 1, thereby showing
(Q—2*(x)|e = 0, s0 Qls is equal to Z*(x)|e. This completes the proof of
Proposition 2. O

The characterization of locally trivial conservation laws in Proposition 1 and
Proposition 2 establishes an important general correspondence result which under-
lies the usefulness of multipliers.

For a given regular PDE system, the set of multipliers forms a vector space on
which the symmetries of the system have a natural action [27, 28]. A multiplier
is called trivial if yields a locally trivial conservation law, and two multipliers are
said to be equivalent if they differ by a trivial multiplier. When the PDE system
has no differential identities, then a multiplier Q is trivial iff it vanishes on the
solution space, Q|s = 0, whereas when the PDE system possesses a differential
identity (88), a multiplier Q is trivial iff it equals a gauge multiplier (108) on the
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solution space, Qle = Z2*(x). A set of multipliers is linearly independent if no
linear combination of the multipliers is trivial. Likewise, a set of conservation laws
is linearly independent if no linear combination of the conserved currents is locally
trivial.

Theorem 5.1 (i) For any regular PDE system (39), whether or not it possesses
a differential identity, there is a one-to-one correspondence between its admitted
equivalence classes of linearly-independent local conservation laws and its admit-
ted equivalence classes of linearly-independent multipliers. (ii) An explicit formula-
tion of this correspondence is given by the homotopy integral formula (103)—(104)
for conserved currents in terms of multipliers.

Infinitesimal symmetries have a well-known action on conserved currents [1, 3].
This action induces a corresponding action of infinitesimal symmetries on multi-
pliers [27, 28], and there are several equivalent formulas [6, 13, 14, 28-32] for
the conserved current obtained from the action of a given infinitesimal symmetry
applied to a given multiplier. It is worth noting that this action does not preserve
linear independence of equivalence classes. For example [28, 29], any non-trivial
conserved current that does not explicitly contain at least one of the independent
variables in a PDE system is mapped into a locally trivial current under any
translation symmetry.

5.2 Low-Order Conservation Laws

For any given regular PDE system, the correspondence between local conservation
laws and multipliers stated in Theorem 5.1 gives a straightforward way using
the following three steps to find all of the non-trivial local conservation laws
(up to equivalence) admitted by the PDE system. Step 1: solve the determining
condition (101) to obtain all multipliers. Step 2: find all linearly independent
equivalence classes of non-trivial multipliers. Step 3: apply the homotopy integral
formula (105) to a representative multiplier in each equivalence class to obtain a
corresponding conserved current.

In practice, for solving the determining condition (101), it is very useful to know
at which differential orders the non-trivial multipliers will be found. As seen in
the examples in Sect.2, physically important conservation laws, such as energy
and momentum, always have a low differential order for the conserved density T
and the spatial flux X, whereas conservation laws having a high differential order
are typically connected with integrability. A general pattern emerges from these
conservation law examples when their multipliers are examined.

In Ex 1 and Ex 2, mass conservation for the transport equation (11) and net heat
conservation for the diffusion/heat conduction equation (13) both have Q = 1 which
does not involve u or its derivatives.

In Ex 3, energy conservation for the telegraph equation (15) has Q =
exp(2 [ a(t)dr)u,, while the leading derivative in this equation is uy Or ity
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In Ex 4, for the nonlinear dispersive wave equation (17), mass conservation, I2-
norm conservation, and energy conservation respectively have Q = 1, O = 2u, and
0O = g(u) + uy,. The leading derivative in this equation is u; Or 1yy.

In Ex 5, for the viscous fluid equations (19), mass conservation has Q' = (1, 0),
momentum conservation has Q' = (u, 1), and Galilean momentum conservation has
Q' = (tu, t), while {p,, u;} is a set of leading derivatives in this system.

In Ex 6, energy conservation for the barotropic gas flow/compressible inviscid
fluid equations (21), has Q' = (éuz,pu), and again {p;, u,} is a set of leading
derivatives in this system.

In Ex 7, momentum conservation, energy conservation, and energy-momentum
conservation for the breaking wave equation (23) respectively have O = 1, Q = u,
0 = —(up — u(uy + éu) + éuﬁ), while the Hamiltonian Casimir has Q = é(u -
uxx)l/ 2 The leading derivative in this equation is .y, O L.

In Ex 8, mass conservation for the porous media equation (25) has Q = «/(x).

In Ex 9, angular momentum conservation and boost momentum conservation for
the non-dispersive wave equation (27) respectively have Q = (a-x) - Vu, Q =
b - xu; + c*tb - Vu, while the leading derivative in this equation is u, or Au.

In all of these examples, each variable d*u that appears in the conservation
law multiplier is related to some leading derivative of u in the PDE system by
differentiation of this variable 9*u with respect to ¢, x.

In contrast, the conservation laws for the higher-derivative quantities (22b) in

Ex 6 and (24e) in Ex 7 have, respectively, Q' = ((2u,p,/u? u —p'p? / (0H?) (2 (W?—
p'ox*/p*)?) + '/ 07 (07 / (uF — p'px2/p*)?)x) and Q = w7l m; — 2m= my, —
2m=3/2, which involve variables of higher dlfferentlal order than the leading

derivatives.

An exceptional case is the conservation laws for local helicity and local enstrophy
in Ex 10. These conservation laws for the inviscid (compressible/incompressible)
fluid equation (29) have, respectively, Q = 2V x u which involves a variable with
the same differential order as the leading derivative u,, and Q = f”((curlu)/p)V -
((V Au)/p) which involves a higher-derivative variable. Note, however, if the fluid
equation is expressed as a system for the velocity u and the vorticity vector ® =
V xu in three dimensions or the vorticity scalar @ = curl u in two dimensions, then
the multipliers for helicity and enstrophy conservation are given by, respectively,

= (w,u) and Q' = (0,f’(w/p)) in which the variables are related to the leading
derivatives u, and @, by differentiation with respect to ¢.

This pattern motivates introducing the following general class of multipliers.
A multiplier Q for a regular PDE system (39) will be called low-order if each
jet variable 3*u® that appears in Q|s is related to some leading derivative of u®
by differentiations with respect to ¢, x'. (Note that, therefore, the differential order
r of Q|s must be strictly less than the differential order N of the PDE system.)
Correspondingly, a conservation law is said to be of low-order if its multiplier is
low-order when evaluated on the solution space of the PDE system.
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For a given regular PDE system, the explicit form for low-order conservation
laws can be determined from the form for low-order multipliers by inverting the
relation (96) which defines a multiplier in terms of a conserved current.

Running Ex. (1) The gKdV equation (56) is a time evolution PDE whose
leading derivative is u; or u,,,. Its low-order conservation laws (D;T + D, X)|s = 0
are given by multipliers that have the form

O(t, x, u, Uy, tyy)

since, in the jet space J = (¢, x, u, uy, Uy, Uy, Uz, Uyy, - - -), the only variables that can
be differentiated with respect to ¢ or x to obtain a leading derivative are u, u,, .
To derive the corresponding form for low-order conserved currents @ = (7, X),
the first step is to expand out D,T and D.X starting from general expressions for T
and X in which a leading derivative u, or u,,, has been eliminated along with all of
its differential consequences. If &, is chosen, then the starting expressions will be
T(t,x, u, uy, Uyy, ...) and X (¢, x, u, ty, Uyy, . . .), which gives

DtT = Tt + utTu + uthu,\- + utxxTu,u- + -,
DX = X, + uX, + uxqu,\- + uxxqu,u- + .-

The second step is to obtain the operator Ry from the terms in the divergence
expression D, T + D, X containing u, (and its differential consequences). This yields

DTT+DXX = (Tu+TuxDx+T D2+"')Mt+Tr+Xx+uqu+uxqux+Mxxqu

Uxx ™ x

...

XX
and hence

Ro =T, + T, Dy +T,

Uxx

D}Z(_}_...

since u; = G — uuy — Uy, is the solved form for the PDE expression. Then the
main steps are, first, to equate Q with the expression Eg(Re(G)) and, next, to use
the resulting equation together with the characteristic equation DT + DX = GQ
to determine the dependence of T and X on all jet variables that do not appear in Q.
This gives, first,

Re¢(G) = T,G + T,,D.G + T, D*G + --- = 86T = GE,(T) + D, T*(G)

U™ x

by using the Euler-Lagrange relation (70), which yields the equation
O, x, u, uy, uxy) = EG(Re(G)) = Eg(86T) = Eu(T).

Comparison of the differential order of both sides of this equation directly deter-
mines
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T = T(t,x, u,uy) + DO, x,u, u,,...).
This implies 7*(G) = T, G. Next, the characteristic equation then yields
GQ = D,T + D,(X — GT,) = D,;T + DX
which gives
D (X + D,®) = D,(X + GT,,) = —T, + W u, + ue) Ty + Pty + ) T,
Comparison of both sides of this equation now determines
X = }~((t, Xy U, Uy, Uy, Uyy) — DOt X, 1, Uy, .. ) — GTux(t, X, U, Uy).

The same result can be shown to hold if u,,, is chosen as the leading derivative
instead of u,. Hence, all low-order conserved currents have the general form

Dl = (T(t,x, u, 1), X(, X, 1, up, thy, )

modulo locally trivial conserved currents.

Running Ex. (2) The breaking wave equation (58) is a regular PDE whose
leading derivative is u, Or Uyy,. All low-order conservation laws of this PDE are
given by multipliers that have the second-order form

Q(t’xvuvutvu,hutx’blxx) (109)

where u, is excluded because it cannot be differentiated to obtain a leading
derivative u,y Or uy,,. The corresponding form for low-order conserved currents
@ = (T,X) is derived by starting from general expressions for 7 and X in which
a leading derivative u,y, or uy,, has been eliminated along with all of its differential
consequences. It is simplest to use the pure derivative uy,,, which implies 7 and X
are functions only of ¢, x, u, u,, u,, and their t-derivatives. Then the terms in the
divergence expression D,T + D.X containing the leading derivative u,,, (and its
differential consequences) are given by

DT + DX = (Xu, + Xup Dt + Xupt D> + -+ Yitx
+ T + X + u, Ty + u Xy, + “ttTu, + “tx(Tu,\- + Xu,) + “xqux

+ “mTu,, + “ttx(Tu,,\- + Xu,,) + Mtxx(Tu + Xu,x) +ee

xx

This expression yields the operator

Ro = (X, + Xy Dy + Xy, D2 + - )u!

Urxx 1xx
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SINCe Uyyy = —u~! (G + buy(uyy — 1) — ey + uy) + uy is the solved form for the PDE
expression. Now, the main steps consist of first, equating Q with the expression
Ec(Rs(G)) and, next, using the characteristic equation D,7 + D.X = GQ to
determine the dependence of 7" and X on all jet variables that do not appear in Q.
The first step gives

D+ )(~u"'G) = —u"'GE,,(X)~DY" ("' G)

Ro(G) = Xy, D;+X, .

Mt,\,\ Urtxx

after using the relation (70), which yields the equation
Q(t. . u, . Uy, . ) = EG(Rg(G)) = Eg(—u™'GE, (X)) = —u™'E,, (X).

Comparison of the differential order of both sides of this equation directly deter-
mines

X = X(t, X, u, g, U, Upe, Une) — DO (8, X, U, Uy, U, Ugg, Upy, U, - . .)

which implies Y'(«~'G) = 0. Then, for the next step, the characteristic equation
yields

GO = D,T + D,X = D,T + DX
giving

DA(T — D0) = D,;T = —X, — uxX, — X, — X, — Ui X, -
Comparison of both sides of this equation now determines

T = T(t, %, U, thy, ) + DeO(t, X, U, Uy, U, Ugp, Uy, U, . . .).
Hence, all low-order conserved currents have the general form

Dl = (T(t,x, , the, 1), X (8, X, 14, Uy, thy, Uy, )

modulo locally trivial conserved currents.

6 Variational Symmetries and Noether’s Theorem
in Modern Form

A PDE system (39) is globally variational if it is given by the critical points of
a variational principle defined on some spatial domain £2 C R” and some time
interval [y, ;] € R. In typical applications, this will involve specifying a function
space for u(t,x) with x € £2 and also posing boundary conditions on u(t, x) for
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x € 052. Noether’s theorem is usually formulated in this context, where it shows
that every transformation group leaving invariant the variational principle yields a
corresponding conserved integral (42) for solutions of the PDE system with u(t, x)
belonging to the specified function space.

However, for the purpose of obtaining local conservation laws (40), a global
variational principle is not necessary, and a PDE system instead needs to have just
a local variational principle.

A PDE system (39) is locally variational if it is given by the Euler-Lagrange
equations

0=G=E,L)" (110)

for some differential function L(¢, x, u, du, . . . , 0 u), called a Lagrangian. Note that,
as shown by Lemma 4.2, a Lagrangian is unique up to addition of an arbitrary total
divergence. In particular, L and L =1L+ D, W' + D, - ¥* have the same Euler-
Lagrange equations, for any differential scalar function ¥’ and differential vector
function ¥~*.

There is a well-known condition for a given PDE system to be locally variational
[1,3].

Lemma 6.6 G = E,(L)! holds for some Lagrangian L(t, x, u, u, . .., 0u) iff
§,G' = 87G' (111)

holds for all differential functions v(t, x).

The “only if” part of the proof has two steps. First, §,E,(L) = E,(8,L) can be
directly verified to hold, due to v having no dependence on u and derivatives of u.
Next, the Euler-Lagrange relation (70) combined with Lemma 4.2 yields E, (§,L) =
E,(vE,(L)) = 8 E,(L), after again using the fact that v has no dependence on u and
derivatives of u. Hence, §,E, (L) = 8 E, (L), which completes this part of the proof.

The “if” part of the proof proceeds by first inverting the relation G' = E, (L)
through applymg Lemma 4.1 to f = L. This yields L = L 4+ D - F, with
L = fo rupG' \M M)dk Then the remaining steps consist of showing that

E.L) = E,L) = G'holds for this Lagrangian when §,G' = §*G". First, the
Fréchet derivative of L gives §,L = fol (92 v(A)G‘| + 0au(1)8y,, G ‘ d)L

u= M(/\)
where vy = 8,u). Next, substitute SU(A)G = §* G"and use the Fréchet derivative

V(A
relation (64), which yields )

u=u()

—D- W(axu(x),v(l),G)’ di

U=u(y) u= M(A))

1
S,L = / (aAU(A)Gt’u:M) + U(A)81G1|
0

= UGI — U()Gtiu=u0 —D'/ W(BAM(A), U(A), G)| dA
0

U=uy)
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where ¥ is given by expression (66). Finally, apply E, to §,L to get E,(§,L) = G',
and use the identity E, (8,L) = E,(vE,(L)) = E,(L) which follows from the Euler-
Lagrange relation (70). This yields E,(L) = G', which completes the proof. O

The condition (111) for a PDE system G = 0 to be locally variational states
that the linearization of G* must be self-adjoint. From the relations (63) and (78), or
equivalently (65) and (77), this condition splits with respect to v, dv, .. ., o%v into a
linear overdetermined system of equations on G:

G _ CIVEDG). k=

3(3) = (DYEP@G), k=0.1,...,N (112)
where N is the differential order of the PDE system G = 0. These equations
are called the Helmholtz conditions. Note the appearance of the transpose implies
that the Helmholtz conditions cannot hold if # and G have a different number of
components. Also, the expression (76) for the higher Euler operators E,(Ak) shows
that the Helmholtz condition for £ = N reduces to the equation

(- (_I)N)(a(ggu) + (a(ggu))l) =0 (113)

which cannot hold if N is odd. Consequently, a necessary condition for a PDE
system to be locally variational is that its differential order N must be even and
the number M of PDEs must be the same as the number m of dependent variables.

When a PDE system satisfies the Helmholtz conditions (112), a Lagrangian L for
the system can be recovered from the expressions G = (G', ..., GM) by the general
homotopy integral formula

1
L=/ JunG'| _  dA (114)
0 M—M(A)

(as shown in the proof of Lemma 6.6). A total divergence can be added to
this Lagrangian to obtain an equivalent Lagrangian that has the lowest possible
differential order, which is N/2.

Running Ex. (1) The gKdV equation (56) is an odd-order PDE. Hence, it cannot
be locally variational as it stands. To verify there is no local variational principle,
note G = G' = u, + tu, + Uy, gives

8,G' = v, + v, +pup_luxv + Vsprrs SIGt = —U;, — U Vy — Vypx
and hence §,G' — §*G' = 2v; + 2uPv, + puP~'uv + 204, # 0 whereby G fails
to have a self-adjoint linearization. Equivalently, the Helmholtz conditions are not
satisfied:



162 S.C. Anco

k=0 20 = p . # E(G) =0
u
k=1 =iz =1 9wzt EG=-
ou; “ oty "
k=2 ' =0=EG) =D,
Oty
G (x,x,X)
k=3 'O —14-EG) = -
aMXXX

However, if a potential variable w is introduced by putting u = w,, then the PDE
becomes wy, + WAwy, + Wy = 0 which has even order. Repetition of the previous
steps, with G = G' = wy, + WlWy + Wiy, DOW gives

8,G' = v + Wy + pw?  wo v + Ve = 8XG

and
(k= 0) 96 _o= E,(G),
ow
G
(k=1) 4 =0=—EY(G) =-D).
t
G _ .
B, = PWx W = —EY(G)
= —pw4 'Wa + 2Dx(W) + Di(1) + Di(1),
(k=2) aaf =1=E"(G),
x
G
k=3 7~ =0=-E""G) = D).
k= 4) G _ 1 = E&9(G),
awxxxx

Hence, the potential gKdV equation is locally variational. A Lagrangian is given by
the homotopy integral

1
L= / Wwi + AT W 4 AWa) A = Jwwi L W+ L W
0

using w(;) = Aw. The addition of a total divergence D,¥' + D, W* given by

W= =, W= ) (W — W) —

(p+l)(p+2) wwg
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yields an equivalent Lagrangian that has minimal differential order,

F__1 1 +2 41,2
L= =W = (e T W
For a locally variational PDE system, a global variational principle on a spatial
domain £2 and a time interval [to, ] can be defined in terms of a Lagrangian by

1
S[u] = / / (L(t, x, u, u, ..., 0% u) + D, -O(t,x,u,du,...)) dV dt (115)
) 2

where the spatial divergence term is chosen to let spatial boundary conditions be
posed on u(z, x) for x € 952. The critical points of the variational principle (115) are
given by the vanishing of the variational derivative of S[u],

9
0=STu = aéS[u +ev]| _,

n 1
:/ /UEL,(L) dth+/ _(ﬁ (6,0 + T1(v)) - v dA
1o 2 fo 992

where v(t,x) is an arbitrary differential function that satisfies the same spatial
boundary conditions as u(t, x). Here v denotes the outward unit normal vector on
082, and 7} is given by the Euler-Lagrange relation (70). Provided © is chosen
so that the boundary integral vanishes, then S'[u] = 0 yields the PDE system
G = E,(L)" = 0 on the spatial domain £2.

(116)

6.1 Variational Symmetries

A variational symmetry [1, 2] of a given variational principle (115) is a gen-
erator (47) whose prolongation leaves invariant the variational principle. This
invariance condition has both a global aspect, which involves the spatial domain
and the spatial boundary conditions, and a local aspect, which involves only the
Lagrangian.

For a local variational principle (110), a variational (divergence) symmetry [1, 2]
is a generator (47) whose prolongation satisfies the invariance condition

prX(L) = tD,L + £ - DL + D' + D, - & (117)

for some for differential scalar function ¥’ and differential vector function ¥*. This
condition can be expressed alternatively as

prX(L) = D' + D, - ¥* — (D7 + D, - £)L (118)
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with &' = W' 4+ Lt and ¥* = W + LE, where D;r + D, - § represents the
infinitesimal conformal change in the space-time volume element dVdt under the
symmetry generator X.

A simpler formulation of a variational symmetry is given by using the character-
istic form (89) for the symmetry generator. Then an infinitesimal symmetry (89) is
a variational symmetry iff its prolongation leaves invariant the Lagrangian modulo
total a divergence,

prX(L) = DY}, + D, - ¥ (119)

for some for differential scalar function ¥}, and differential vector function ¥
depending on the characteristic function P of the symmetry. Note that, since any
total divergence is annihilated by the Euler operator E,, a variational symmetry
preserves the critical points of the Lagrangian L. As a consequence, every variational
symmetry is an infinitesimal symmetry of the PDE system G = E,(L) = 0. The
converse is not true in general, since (for example) scaling symmetries of Euler-
Lagrange equations need not always preserve the Lagrangian.

There is an equivalent, modern formulation of the variational symmetry condi-
tion (119) which uses only the Euler-Lagrange equations and not the Lagrangian
itself.

Proposition 3 For any locally variational PDE system (110), an infinitesimal

symmetry in characteristic form X = P(t,x,u,ou,...,0™u)d, is a variational
symmetry iff

§pG' = —§5P' (120)
holds identically.

To prove this result, first note that E, (er(L)) vanishes identically iff prf((L) is
a total divergence, by Lemma 4.2. Next, Eu(er(L)) = E,(6pL) = E,(PE,(L)) =
8pG' + 8%, P directly follows from the Euler-Lagrange relation (70) combined with
the product rule shown in Lemma 4.2 for the Euler operator. Finally, 65 G* = §pG"
holds by Lemma 6.6, and §7,P = $3P' holds as an identity. Hence E, (prf((L)) =
8pG' 4 8P is an identity. This completes the proof. O

An importance consequence of equation (120) is that it provides a determining
condition to find all variational symmetries for a given locally variational PDE
system, without the explicit use of a Lagrangian. In particular, this formulation
avoids the need to consider the “gauge terms” D,¥' + D, - ¥* which arise in the
Lagrangian formulation (119).

Running Ex. (1) The Lie symmetries of the gKdV equation (56) consist of
a time translation X = —u,d,, a space translation X = —u,d,, a scaling X =
—(;u + 3tu; + xu,)0,, and a Galilean boost X = (1 — tu,)d, if p # 1. These
symmetries project to corresponding Lie symmetries of the potential gKdV equation
Wiy + WoWye + Wi = 0 through the relation u = w,. This yields the generator

X = Pd,, with
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P=P=(1- §)C3W 4+ ¢4 — (c1 + 3c3t)wy — (¢ + c3x + cat)wy. (121)

The variational Lie symmetries can be easily found by checking the condition (120).
Using G = G' = wyy + WPWy + Wiy, a simple computation yields

8pG' = D;D,P + pw~"w D.P + w!D?P + DP

= —(c1 + 3¢31)D,;G — (¢3 + c3x + c4t) DG — (3 + ;)C3G (122)
and also
oP oP oP
§EP =G, —D)(G -D,(G
¢ ow t( 8w,) ( awx)
=(5- ;)C3G + (1 + 3¢3t)D,G + (c2 + c3x + ¢4t)D,G. (123)

Hence, 0 = 6pG'+65P' = (2— 2)C3G determines (p—2)c3 = 0. This shows that all
of the Lie symmetries except the scaling symmetry are variational symmetries for
an arbitrary nonlinearity power p # 0, and that the scaling symmetry is a variational
symmetry only for the special power p = 2.

6.2 Noether’s Theorem in Modern Form

Variational symmetries have a direct relationship to local conservation laws through
the variational identity

prX(L) = DY}, + D, - ¥}
= 8pL = PE,(L) + D- Y.(P) (124)

holding due to the Euler-Lagrange relation (70). The identity (124) yields
PE(L)y=D-®, & = (¥,—71/(P),¥;—71}(P)) (125)

which is a conservation law in characteristic form for the PDE system given by
E,(L) = 0. When combined with the formula (105) for conserved currents, this
provides a modern, local form of Noether’s theorem, which does not explicitly use
the Lagrangian.

Theorem 6.2 For any locally variational PDE system G = E,(L)' = 0, varia-
tional symmetries X = P9, and local conservation laws in characteristic form
D,T 4 D, - X = GQ have a one-to-one correspondence given by the relation

P =0 (126)
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Equivalently, this correspondence is given by the homotopy integral

di

L 1k . k - ((PGY
¢ =(T,X) = / 3,0 u (=D)" . ( )
0 ,; @ ; 3@ ) lu=us
(127)
modulo a total curl, along a homotopy curve ug,(t, x), with ugqy = u and ugy = ug
such that (GQ)|u=u, is non-singular. Here k = max(r, N).

The Noether correspondence stated in Theorem 6.2 has a sharper formulation
using the additional correspondence between multipliers and local conservation
laws provided by Theorem 5.1. This formulation depends on whether a given
variational PDE system possesses differential identities or not.

In particular, when a PDE system satisfies a differential identity (88), there will
exist gauge symmetries

X = (2*(1)'d. (128)

corresponding to gauge multipliers (108), where Z is the linear differential operator
defining the given differential identity (88), and y is an arbitrary differential
function. Two symmetries that differ by a gauge symmetry will be called gauge
equivalent.

Recall, for any regular PDE system, a symmetry is trivial iff its characteristic
function vanishes on the solution space of the PDE system, and two symmetries are
equivalent iff they differ by a trivial symmetry.

Corollary 1 (i) If a locally variational, regular PDE system (110) has no differ-
ential identities, then there is a one-to-one correspondence between its admitted
equivalence classes of linearly-independent local conservation laws and its admit-
ted equivalence classes of linearly-independent variational symmetries. (ii) If a
locally variational, regular PDE system (110) satisfies a differential identity, then
its admitted equivalence classes of linearly-independent local conservation laws
are in one-to-one correspondence with its admitted equivalence classes of linearly-
independent variational symmetries modulo gauge symmetries.

6.3 Computation of Variational Symmetries and Noether
Conservation Laws

Whenever a locally variational PDE system (110) is regular, the determining
condition (120) for finding variational symmetries X = P(t,x,u, du, ..., u)d,
can be converted into a linear system of equations for P(z, x, u, du, . . ., d"u) by the
following steps.
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On the solution space & of the PDE system, the Fréchet derivative adjoint
operator ;| ¢ vanishes. Thus, the determining condition (120) implies (6pG")| s = 0
which coincides with the determining equation (91) for an infinitesimal symmetry of
the PDE system. This shows that P is the characteristic function of an infinitesimal
symmetry. From Lemma 4.4, it then follows that P satisfies the relation

§pG' = Rp(G") (129)
for some linear differential operator

Re=RY +RY.D+RY.D*+...+RY . D’ (130)

whose coefficients are non-singular on &, as the PDE system is assumed to be
regular, where r is the differential order of P. Note that if the PDE system satisfies
a differential identity (88) then Rp is determined by P only up to y2"' where y is
an arbitrary differential function and & is the linear differential operator defining
the identity. Substitution of the relation (129) into the determining condition (120)
yields

0 = Rp(G") + 85P". (131)
Note that §$;P' can be expressed in an operator form
§5P' = E,(P)G' — EV(P)- (DG") + --- 4+ EV(P) - (=D)"G" (132)

using the relation (78). Consequently, when the PDEs G = (G',...,GM) are
expressed in a solved form (54)—(55) for a set of leading derivatives, equation (131)
can be split with respect to these leading derivatives and their differential conse-
quences. This yields a linear system of equations

0=RY + (—1'EW(P), k=0,1,....r. (133)
Note that these equations are similar in structure to the Helmholtz conditions (112).

Hence, the following result has been established.

Theorem 6.3 The determining equation (120) for variational symmetries X =
P(t,x,u,0u,...,0"u)d, of any locally variational, regular PDE system (110) is
equivalent to a linear system of equations consisting of the determining condi-
tion (91) for X to be an infinitesimal symmetry of the PDE system, and Helmholtz-
type conditions (133) for X 10 leave any Lagrangian of the PDE system invariant
modulo a total divergence. This linear determining system (91), (133) is formulated
entirely in terms of the symmetry characteristic function P and the PDE expressions
G = (G',...,GM), without explicit use of a Lagrangian.
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It is important to emphasize that the determining system (91), (133) can be solved
computationally by the same standard procedure [1-3] that is used to solve the
standard determining equation (90) for symmetries.

7 Main Results

For any regular PDE system (39), whether or not it has a variational principle, all
local conservation laws have a characteristic form given by multipliers, as shown
by the general correspondence stated in Theorem 5.1. In the case of regular PDE
systems that are locally variational, the modern form of Noether’s theorem given
by Theorem 6.2 shows that multipliers for local conservation laws are the same
as characteristic functions for variational symmetries. These symmetries satisfy a
determining equation (120) which can be split into an equivalent determining system
for the symmetry characteristic functions, without explicit use of a Lagrangian, as
shown in Theorem 6.3. A similar determining system can be derived for multipliers,
by splitting the multiplier determining equation (101) in the same way.

On the solution space & of a given regular PDE system (39), the Fréchet deriva-
tive adjoint operator 67| s vanishes. Thus, the multiplier determining equation (101)
implies

(636)s =0 (134)
which is the adjoint of the symmetry determining equation (91), and its solutions

O(t,x,u,du,...,0"u) are called adjoint-symmetries [6-8] (or sometimes cosymme-
tries). Then Q satisfies the identity

SZG = §5G' = Rp:(G") (135)
from Lemma 4.4, where
_ pO 1) (2) 2 (r) r
RQI—RQ(+RQ('D+RQ('D +---+RQ(-D (136)

is some linear differential operator whose coefficients are non-singular on &, and
r is the differential order of Q. Note that if the PDE system satisfies a differential
identity (88) then Ry is determined by Q only up to 2" where x is an arbitrary
differential function and & is the linear differential operator defining the identity.
The determining equation (101) now becomes

0 = Ry (GY) + 850. (137)

From the relation (78), note that §;,Q can be expressed in an operator form
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850 = E.(QHG' —EN(Q") - (DG') + -+ + EN(QY) - (=D)'G". (138)

Consequently, when the PDEs G = (G!, ..., GM) are expressed in a solved form
(54)—(55) in terms of a set of leading derivatives, equation (137) can be split with
respect to these leading derivatives and their differential consequences. This yields
a linear system of equations

0=RY + (—D'EP@). k=0.1.....r (139)

which is similar in form to the Helmholtz conditions (112).
Thus, the following result has been established.

Theorem 7.4 The determining equation (101) for conservation law multipliers
of any regular PDE system (39) is equivalent to the linear system of equa-
tions (134), (139). In particular, multipliers are adjoint-symmetries (134) satis-
Jfying Helmholtz-type conditions (139), where these conditions are necessary and
sufficient for an adjoint-symmetry Q(t,x,u,u, ..., 0" u) to have the variational
form (98) derived from a conserved current ® = (T, X").

A comparison of the determining systems formulated in Theorem 7.4 and
Theorem 6.3 shows how the correspondence between the local conservation laws
and the multipliers for regular PDE systems is related to the Noether correspondence
between the local conservation laws and the variational symmetries for locally
variational, regular PDE systems.

Corollary 2 When a regular PDE system is locally variational (110), the adjoint-
symmetry determining equation (134) is the same as the symmetry determining
equation (91), and the Helmholtz-type conditions (139) under which an adjoint-
symmetry is a multiplier are equivalent to the variational conditions (133) under
which a symmetry is a variational symmetry.

Thus, Theorems 5.1 and 7.4 provide a direct generalization of the modern
form of Noether’s theorem given by Theorems 6.2 and 6.3, in which the role of
symmetries in the derivation of local conservation laws for variational PDE systems
is replaced by adjoint-symmetries in the derivation of local conservation laws for
non-variational PDE systems.

7.1 Computation of Multipliers and Conserved Currents

For any given regular PDE system, all of its non-trivial local conservation laws (up
to equivalence) can be obtained by the following three steps.

Step 1: Solve the determining system (134), (139) to obtain all multipliers.

Step 2: Find all linearly independent equivalence classes of non-trivial multipliers.

Step 3: Construct the conserved current determined by a representative multiplier
in each equivalence class.
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The multiplier determining system (134), (139) can be solved computationally
by the same standard procedure [1-3] that is used to solve the determining
equation (91) for symmetries. Moreover, for multipliers of a given differential
order r, the multiplier determining system is, in general, more overdetermined than
is the symmetry determining equation for infinitesimal symmetries of the same
differential order r. Consequently, the computation of multipliers is typically easier
than the computation of symmetries.

As an alternative to solving the whole multiplier determining system together,
only the adjoint-symmetry determining equation can be solved first, and the
Helmbholtz-type conditions (139) then can be checked for each adjoint-symmetry
to obtain all multipliers.

In practice, it can be computationally hard to obtain the complete solution to
the multiplier determining system (or the adjoint-symmetry determining equation)
because this will involve going to an arbitrarily high differential order for the
dependence of the multiplier (or the adjoint-symmetry) on the derivatives of the
dependent variables in the PDE system. Moreover, for computations using computer
algebra, this differential order must be specified in advance. The same issue arises
when symmetries are being sought, but often these obstacles are set aside by looking
for just Lie symmetries, or higher symmetries of a special form.

A similar approach can be used for multipliers, by looking just for all low-order
conservation laws or by looking just for higher order conservation laws with a
special form or with a particular differential order. In physical applications, there
is often a specific class of conserved densities that is of interest. The form for
multipliers corresponding to a given class of conserved densities can be derived
directly by balancing derivatives on both sides of the characteristic equation, as
shown in the running examples in Sect. 5.2.

For each non-trivial multiplier, the construction of a corresponding non-trivial
conserved current can be carried out by several different methods.

First, the homotopy integral formula (103)—(104) can be applied. An advantage
of this formula compared to the standard linear-homotopy formula in the literature
[1,7, 8] is that the homotopy curve can be adapted to the structure of the expressions
for the multiplier Q and the PDE system G, which allows avoiding integration
singularities.

Second, the characteristic equation (94) can be converted into a linear system of
determining equations for the conserved density 7 and the flux X. The determining
equations are derived in a straightforward way starting from the expression for the
multiplier Q, similarly to the derivation of the form for low-order conservation laws
explained in Sect.5.2. This method is computationally advantageous as it can be
implemented in the same way as setting up and solving the determining system for
multipliers [3, 10].

Third, if a given PDE system possesses a scaling symmetry then an algebraic
formula that yields a scaling multiple of the conserved current @ = Dle = (T.X)|e
is available [9], where the scaling multiple is simply the scaling weight of the
corresponding conserved integral. The formula can be derived by applying the
scaling relation (84)—(85) directly to the function f = GQ. This gives
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Tz‘“ﬂ'g’:( Z( -D)7" (a(al 19 )

k

+ (DP) - (Z(_D)l_z ) (a(ala—?atu) Q))

=2

o (D) (a(aka—(l;a,u) 2))|, (140)

X =of|s = (P Z( -D) <a(al .0 0)

+(DP)'(Z( D)™ (a(al 19,00) 0))

oot (DR ( 6 0))|,.

(91 d,u0) (141)

modulo a locally trivial current @y, = (D,®, —D;® + D, - @), where

P = n—u,t—ux-é, T = at, ég' = (b(])xl,...,b(n))«,ﬂ), n= (C(l)ul,...,C(m)I/lm)
(142)

are the characteristic functions in the generator of the scaling symmetry (82). Here

wzs—}—D,t—}—Dx-E:s—}—a—}—Zb(,-) (143)
i=1

is a scaling factor, with s being the scaling weight of the function GQ. Note, as
seen from the characteristic equation (94), w is equal to the scaling weight of the
conserved integral | o T|g dV, as defined on any given spatial domain £2 € R".

This algebraic formula (140)-(142) has the advantage that it does not require
any integrations. However, it assumes that the scaling multiple @ is non-zero,
which means that it can be used only for constructing conserved currents whose
corresponding conserved integral has a non-zero scaling weight, @ # 0.

A more general algebraic construction formula can be derived by utilizing dimen-
sional analysis, which is applicable to PDE systems without a scaling symmetry.
Any given PDE system arising in physical applications will be scaling homogeneous
under dimensional scaling transformations that act by rescaling the fundamental
physical units of all variables and all parametric constants [1, 2] (whether or not the
PDE system admits a scaling symmetry). In particular, these dimensional scaling
transformations will comprise independent rescalings of length, time, mass, charge,
and so on. For each dimensional scaling transformation, a scaling formula will
arise for 7 and X, generalizing the algebraic formula (140)—(142) in a way that
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involves the dependence of Q and G on all of the dimensionful parametric constants
appearing in their expressions. If a conserved integral represents a dimensionful
physical quantity, then the scaling multiple in the resulting formula will be non-
zero.

A derivation of this general construction formula will be given elsewhere [33].
Here, it will be illustrated in a running example.

Running Ex. (1) All low-order conservation laws will now be derived for
the gKdV equation (56). As shown previously, low-order conserved currents
correspond to low-order multipliers, which have the general form Q(z, x, u, u,, ).
Multipliers are adjoint-symmetries that satisfy Helmholtz-type conditions. To set up
the determining system for multipliers, first note §5,G = —(D,Q + D3Q + w’D,Q),
where G = u; + v’u, + u,.. Hence the adjoint-symmetry determining equation for
Q is given by

(D:Q + D}Q +u’D,Q)|s = 0.

Next look at the terms that contain the leading derivative u, and its x-derivatives in
this equation. This yields

00 00, . 90

D’G = Ry(G
ou  Ou, Oy 0(®

—D,Q + D0 +u'D,Q = —

holding off of the gKdV solution space, where the components of the operator R
are given by

0Q 9Q 9Q
(0) () (x.x)
R - - 5 R - — ) R = - .
0 ou 0 ou, 0 Oty
Then the Helmholtz-type equations on Q consist of
0 ad
0 =Ry + E,(Q) = —D, Q +D? e
ou, Oty
a0 a0
—pWw () —
0=R, —E =-2 2D, )
0 (@ oty + Oty
0 =RG™ + EF(QY =0,
which reduce to a single equation
0 ad
D Q _o =0.

X
Oy,  Outy

This Helmholtz-type equation and the adjoint-symmetry equation can be split with
respect to all derivatives of u which do not appear in Q, with u, eliminated through
the gKdV equation. This gives, after some simplifications, a linear overdetermined
system of 8§ equations:
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wo_, Po_, o _, ¥o _, ¥o_,
duy W xluyn 0 Ouduy,  0xdu:
0 —plp— D2 99 = ro +u 7o —pu 'y 90 =0
s P Oy Coaau | e TP ity ’
0, o T ., PO,
a e e T T ™ onau T

These equations can be solved for Q, with p treated as an unknown, to get

Q0 =c| + cou+ c3(uy + [Hl_lupH) + ca(x — tu) + es(tGBuye + 1) — xu)

withcy = 0ifp # 1, and ¢s = 0 if p # 2. Hence, 5 low-order multipliers are

obtained,

Lot

lela Q2=“a Q3:“xx+p+1 ) P>Oa

Qs =x—tu, p=1,
05 = tBuy + u3) —xu, p=2.

The corresponding low-order conserved currents will now be derived using the

three different construction methods. First is the homotopy integral method. The

simplest choice for the homotopy is uy = Au since the gKdV equation is a

homogeneous PDE, G|,—¢ = 0. Hence the homotopy integral is simply given by

1
- / L(GO)
0 o,

dA

M:M()L)

1
= / u(cl 4 c4x 4 (3 — cat — csx)ur + (c3 + 530Ul
0
+ost’A ez ul TP an
=(c; + cax)u + é(cz — cy4t — C5x)u2 + ;(c_o, + ¢53t)unt,,

1, 4 1 p+2
T 540U+ C3 ()Y

and
. L (GO) (GQ) ,3(GQ)
X = — Dy, D
/O (u( aux u=uQ) auxx U=u() * * auxxx “=”()»))
A(GO) 9(GQ) I(GO)
X - Dx XX /\.
T ( auxx U=uQ) auxxx ’4:"‘(/\)) i auxxx ”=“()»))d
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1
= / (u((C4xu — 2¢suy—(c3+Cst)un—(cat+csx — o)) A — catu’A?
0
+ cs(3u2uxx - xu3)k3 + cst’ A’ + ¢
+ uP AP — (cs3ptu”_1u)zc + (czu"+1 + c3uf i ) AP
+ C3p_}_lu2”+112”+1) + ux( —cq + (csu + (c3 + c530)u,
~+ (cat + c5x — Cz)ux)l) + uxx(cl + c4x 4+ (¢3 — cat — c5x)u

+ (c3 + ¢530)u)A + cstuP A3 + C3p_}_lup+llp+l))dl

which is easiest to evaluate when separated into the non-overlapping cases p = 1
withcs =c1 =c; =c3 =0,p=2withcs = ¢y = ¢, =c¢3 =0, and p > 0 with
c4 = ¢5 = 0. This yields the 5 low-order conserved currents

7o v _ 1 pt+l

Th=u X = p+lup + Uy

Fo_ 1.2 % _ 1 pt2 1,2
T, = LU X, = sl + Uty — Uy

T 1 1 p+2 Y. — 1 2p+2 1 ptl
Iy =t + (a0 X3 = el U

+;(“)25x + wptty) — utyy
T4 = Xu— ;tuz, 5(4 = t(;uf — Ul — éu?’) + x(uy + éuz) —u, p=1
Ts = é(3tuuxx —xuz) + itu“, 5(5 = t(;(uix + uuy) + Wiy, — guutx + éu6)
—}—x(;uf — Ullyy — iu4) — ;uux, p=2
whose respective multipliers are 01, . o Q5. Each of these conserved currents is in
characteristic form, namely D,T; + D.X; = Q;G.

Second is the integration method using the characteristic equation D, T + DX =
GQ, where

GQ :(cl + cout + c3(uy + p-ll—l WP + cq(x — 1)
+ c5(tBu + M3) - x“))(”t + Uy + Ui

withcy = 0ifp # 1,and ¢s = 0if p # 2. There are three steps in this method. First,
as shown previously from balancing derivatives on both sides of the characteristic
equation, the general form for all low-order conserved currents @ = (T, 5() is found
to be given by

@|g = (T(z‘, X, U, ux),f((t, Xy U, Uy, Uy, Uyy)).
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Second, the characteristic equation can then be split with respect to u, and
Uy, Which yields (after simplifications) a linear overdetermined system of three
equations:

aT  9X
_|_

= 0’
ou, i,

0X
3 = C3p_t_1 wtl 4 c1 4 cax + (¢ — cat — csx)u + (¢3 + ¢530)uy, + cstu?,
Uyx
or X aT X ax
Uy + Uy + Uy
u Ouy

o Toax T T = (e FuPu)

(Csp_}_lup—H + ¢1 4 cax + (3 — cat — csx)u

+ (¢35 + ¢530)uy + c§tu3).

These equations can be integrated directly. It is simplest to consider separately the
non-overlapping cases p = 1 withes = ¢c; = ¢ =c3 =0,p =2 withcy = ¢ =
¢ = c¢3 = 0,and p > 0 with ¢4 = ¢5 = 0. The first case is found to reproduce
T, and Xy; the second case yields Ts — D.Os and X5 + D,Os where Os = ;tuux.
Similarly, the third case with c¢3 = 0 is found to reproduce Tl, Tz, X R 5(2, and with
c3 # 0 it yields Ts — DO; and X3 + D,0; where O3 = éuux. Thus, the resulting
conserved currents agree with those obtained from the homotopy integral, up to
locally trivial currents. In particular, path of these currents is in characteristic form.

Third is the scaling symmetry method. The gKdV equation possesses a scaling
symmetry

t—= At x— A, u— APy, A#O0

with the characteristic function P = —(2/p)u — 3tu; — xu,. Note the multipliers
0i1,...,0s are each homogeneous under the scaling symmetry, with respective
scaling weights ¢y = 0, ¢» = —2/p,q3 = —2—2/p, q+ = 1, g5 = 0. Hence
the corresponding scaling factors (143) are givenby w; = 1 —2/p,w, = 1 —4/p,
w3 =—-1—-4/p,ws =0, w5 =0,wheres; =¢g; +c—a,a=3,b=1,c =-2/p.
Then the scaling symmetry formula is given by

’

T = wTile = (PgMGtQi)

&
X; = wiXils = (P(SIZ & _Dx(aaui Qi) + Dﬁ(aiix Qi))
9 d 9
+Dxp(auiQi_Dx(auiin)) +D§P(auiin))’£’

modulo a locally trivial current. For i = 1,2, 3, this yields the conserved density
expressions
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T, = —(ﬁu +3tu, + xuy)| e = (1= 2/p)Tile + DO, O = 3tX; —xT1,
T, = _((;u + 3tu, + xu)u)| e = (1 — 4/p)Tale + DOy, Oy = 31X, —xT>,
T; = —(;u —+ 3tu, + xuy) (U + pj_lu"’+1)|g = (-1-4/p)T5|¢ + D,O3,

O3 = J(1 4+ 4/p)uu, + 3t(X3 + D,03) — X(T3 — D,03).

Note their scaling factors are non-zero when p # 2, p # 4, and p # —4,
respectively. When p = 2, T} reduces to a locally trivial conserved density D,®,
and when p = 4, T, reduces to a locally trivial conserved density D,®,. Likewise,
when p = —4, T3 reduces to a locally trivial conserved density D, ®;.

The expressions given by the scaling symmetry formula for i = 4, 5 yield

Ty = —Qu + 3tu, + xu,)(x — tu)| g = DOy,
O = (x — tu) (1uxe + u?) — xu) + 3 (tu, — 1)
and

T5 = —(M + 3tu; + xux)(?’t(uxx + u3) —XM)lg = D,0s,
Os ;(t(?:uxx + 43) — xu)z.

These cases for p > 0 in which the scaling symmetry formula yields locally trivial
currents are called the critical powers for the corresponding conserved currents. To
obtain the conserved currents for a critical power, it is necessary to use the more
general dimensional scaling formula.

Several steps are needed to set up the dimensional scaling formula.

The first step is to introduce dimensionful constants into the gKdV equation so
that it is homogeneous under separate dimensional scalings of ¢ [time], x [length],
and u [mass]. Thus, let

G = u; + p’uy + vy, [,V = const.

where p has dimensions of [time]~![length][mass]™, and v has dimensions of
[time] ' [length]®. Note G = G will be the gKdV equation when these constants
have the numerical values u = 1 and v = 1.

The next step is to insert factors of © and v into the expressions for the low-order
multipliers so that O, ..., Os are each dimensionally homogeneous:

Q=1 Qr=u Qy=vua+ "', p>0,

Oy =x—ptu, p=1,
Qs = t(3vuxx + ,L“’t?)) —xu, p=2.
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The main step consists of generalizing the scaling relation (84)—(85) so that it
applies to dimensional scaling transformations. These transformations are given by
t—> At, U — )k_l,u, v — A"

x—= Ax, u— AW, v — A
u—Au, pw—>A?u, v-ov;
as determined by the dimensions of © and v. Since the scaling relation (84)—(85)

only holds for variables in jet space, the constants i and v now must be treated as
variables by introducing the equations

GW = (u, ) =0, G¥ = (v,,v,) = 0.

Then the augmented PDE system

G=0, GW=0 G"=0

will admit each of the three scaling transformations as symmetries formulated in
the augmented jet space J = (¢, x,u, L, V, Uy, Uy, s, [y, Vs, Vy, - . .). Note that the
characteristic equation for conserved currents will have additional multiplier terms

D,T + Dxff = éQ + G(M)Q(M) + G(V)Q(v)

for some expressions Q(u) = (QEM), Q’(‘M))‘ and Q(V) = (QEU), qu))‘, where Q is
unchanged. These expressions can be found in a straightforward way by setting up
and solving the multiplier determining system, with Q = Q; being the previously
derived low-order multipliers for the gKdV equation. Since © and v appear linearly
in each Q; as well as in the PDE expression G, note O, and Q) can have at most
linear dependence on these variables and cannot contain any derivatives of these
variables. Also, since Q; depends on u, uy, Uy, Uy, and G depends on u, u;, uy, um,
note Q(u) and Q(U) can depend on only u, uy, uy, u,, uy, in addition to ¢, x and w, v

Q(M)(tv -xv Ms Mv v? M[s u)m M[Xs uxx)s Q(U)(ts -xs uv Ha Vs ul‘v st ul‘xv MXX)'
The multiplier determining system is then given by

E(GQi + G Q) + G Q) =0,
Ew(GQi + GWQuy + G 0w) =0,  Ew(GQ; + GM Q) + G 0y) =0

fori = 1,...,5. This system splits with respect to all derivatives of u, j1, v which
do not appear in Q(M) and Q(V) Integration of the resulting equations yields
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it _ -~ _ 1 p+1 At _ A _
1w =0 Qi =, Qi =0 Q) = s

o > _ 1 pt2 A = _ 1.2
QZ(M) =0, Q}‘(M) - p+2”p ’ Qz(u) =0, Q)Z((v) = Ullyx — H Uy,

N _ 1 p+2 N _ 1 p+1 1 2p+2
3w = prne? 0 Qg T p VT e KU
Qg(v) = —éuf, Qg(v) = U“;Zcx + wity + /‘Lup-l—luxx’
> 1,2 7 1.2 1.2 2.3
QZ(M) =, Q=G —uuy) + e —

QZ(\;) =0, Q{j(‘}) = tu(;uﬁ — Ullyy) + Xty — Uy,
Q;W = ituz, QS‘(M) = 1 uy + 3pLu 6y — xu4
Q’S(V) = —gtu)zc, Q’g(v) = (it ug + 3vum + 3uu,) + x(éuf — Ullyy) + ULy,
The scaling relation (84)—(85) can now be applied to the function f; = GQL
+G(")Q( ) + G )Q(\,) in the augmented jet space J = (f,x,u, L, V, Uy, Uy,

Mty x, Vss Vy, . . .) by using an infinitesimal scaling symmetry given by one of the
scaling transformation generators

Xlime = _(M + tﬂt)au - (V + tvt)av - tutaua
Xlength = (/‘L _xﬂx)au + (3]) _xvx)av _x“xaua
Xinass = —pi0, + ud,.

Let P, P PO denote the characteristic functions in the selected scaling transfor-
mation generator X. Then this yields the dimensional scaling formula

dG
Ti=ofile = (P)0 0 POG, + PV,
Uz

Xi = U)if(i|éf’ = (P(aGQi_D"( G Q) +D2( o Qi))

ouy 17 Olyx

+D.P( G Qi—Dx(aaé 0:)) +op( G 0)

Oy Uyxx G]7he
+ PR+ P(V)Q;C(v))’
modulo a locally trivial current, where
w =¢q;+ s+ Dt + D,§ (144)

is a scaling factor defined in terms of the scaling weights g;,s of Q;,G and
the divergence factor D;r + D,& arising from the selected dimensional scaling
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Table 1 Properties of dimensional scaling transformations for the gKdV equation and its
low-order multipliers

P P P Dt+D& |s |q1 |92 |95 |94 | g5
Time —tu, | —(wH+tp) |[—( 41y |1 -1 /0 (0 |—1 |0 |O
Length | —xu, | p— xpy 3v —xv, 1 00 |0 111 1
Mass u —pi 0 0 110 |1 110 |1

Table 2 Dimensional
scaling weights for low-order

conserved currents of the Time |0 |0 Lo |0

gKdV equation Length |1 1 212 2
Mass 1 |2 201 |2

transformation. In particular, for each i = 1,...,5, there will be some (possibly

combined) transformation such that the scaling factor w; is non-zero, as seen from
Tables 1 and 2.

The dimensional scaling formula will now be used to obtain the conserved
currents @®; = (T}, X;)|s that were missed previously by the scaling symmetry
formula. These cases are: i = 4, 5; and, i = 1,2 when p is a critical power. From
the form of the dimensional scaling generators, the mass scaling transformation is
simplest choice to use. Then the formula becomes

Ti = oTi = Qi — pOig)lu=v=1.

Xi=wX; = (“p+1Qi + uD)%Qi —u,DQ; + u, Q; _pQE’([L))hL:V:l’

modulo a locally trivial current. This mass scaling formula yields the conserved
density and flux expressions

T, =T, X =X,
T2 = ZTZ, XZ = 5(27

which hold for all powers p > 0 (including the critical powers p = 2 and p = 4,
respectively), and also

Ty=Ts Xy = Xy,
—Uy — Dr@4
Ts = 2Ts, X5 = 2X;,
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8 Concluding Remarks

The main results presented in Sect. 7 provide a broad generalization of Noether’s
theorem in modern form using multipliers, yielding a general method which is
applicable to all typical PDE systems arising in physical applications. In this
generalization, the problem of finding all conservation laws for a given PDE system
becomes an adjoint version of the problem of finding all infinitesimal symmetries
of the PDE system.

For any given variational PDE system, conservation laws arise from variational
symmetries, which are infinitesimal symmetries that satisfy variational conditions
corresponding to invariance of any variational principle for the PDE system.
Noether’s theorem shows that the characteristic functions in a variational symmetry
are precisely the component functions in a multiplier. For any given non-variational
PDE system, the role of symmetries in the derivation of conservation laws is
replaced by adjoint-symmetries, and the variational conditions under which an
infinitesimal symmetry is a variational symmetry are replaced by Helmholtz-type
conditions under which an adjoint-symmetry is a multiplier. Also, the role of a
Lagrangian in constructing a conserved integral from a variational symmetry is
replaced by several different constructions: an explicit integral formula, an explicit
algebraic scaling formula, and a system of determining equations, all of which use
only a multiplier and the given PDE system itself.

Most importantly, the completeness of this general method in finding all con-
servation laws for a given PDE system is established by working with the system
expressed in a solved-form for a set of leading derivatives without restricting it to
have a generalized Cauchy-Kovalevskaya form. This means that the method applies
equally well to PDE systems that possess differential identities.

As a consequence, there is no need to use special methods or ansatzes for
determining the conservation laws of any given PDE system, just as there is no
necessity to use special methods or ansatzes for finding its symmetries.

The formulation of the general method as a generalization of Noether’s theorem
rests on the adjoint relationship between variational symmetries and multipliers,
which originates from the algebraic relationship between symmetries and adjoint-
symmetries. An interesting question is whether this algebraic relationship has a
geometrical interpretation.

As will be shown in more detail elsewhere [34], adjoint-symmetries indeed can
be given a simple geometrical meaning. In the case of PDE systems comprised
of dynamical evolution equations, G = d,u — g(t, x, u, d,u, 8%14, e afu) = 0,
an adjoint-symmetry defines a 1-form (or covector field) Qdu that is invariant
under the dynamical flow on u(z, x), similarly to how a symmetry Pd, defines an
invariant vector field. This geometrical statement essentially relies on the number
of dependent variables being the same as the number of equations in the PDE
system. For general PDE systems G = 0, it seems necessary to use the well-known
procedure [1] of embedding the PDE system into a larger, variational system defined
by a Lagrangian L = Gv"' where v denotes additional dependent variables which are
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paired with the equations G = 0 in the given PDE system. In this setting, an adjoint-
symmetry defines a symmetry vector field Qd, of the enlarged system, G = 0 and
G'*(v) = 0, where G is the Fréchet derivative of G, and G’ is its adjoint. Then, it
is straightforward to show that an adjoint-symmetry is a multiplier precisely when
Qad, is a variational symmetry.

Acknowledgements S.C. Anco is supported by an NSERC research grant. The referees are
thanked for valuable comments which have improved this work.
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Adaptive Simulation Selection for the Discovery
of the Ground State Line of Binary Alloys
with a Limited Computational Budget

Jesper Kristensen, Ilias Bilionis, and Nicholas Zabaras

Abstract First principles calculations are computationally expensive. This infor-
mation acquisition cost, combined with an exponentially high number of possible
material configurations, constitutes an important roadblock towards the ultimate
goal of materials by design. To overcome this barrier, one must devise schemes for
the automatic and maximally informative selection of simulations. Such information
acquisition decisions are task-dependent, in the sense that an optimal information
acquisition policy for learning about a specific material property will not necessarily
be optimal for learning about another. In this work, we develop an information
acquisition policy for learning the ground state line (GSL) of binary alloys. Our
approach is based on a Bayesian interpretation of the cluster expanded energy. This
probabilistic surrogate of the energy enables us to quantify the epistemic uncertainty
induced by the limited number of simulations which, in turn, is the key to defining a
function of the configuration space that quantifies the expected improvement to the
GSL resulting from a hypothetical simulation. We show that optimal information
acquisition policies should balance the maximization of the expected improvement
of the GSL and the minimization of the size of the simulated structure. We validate
our approach by learning the GSLs of NiAl and TiAl binary alloys, where to
establish the ground truth GSL we use the embedded-atom method (EAM) for the
calculation of the energy of a given alloy configuration. Note that the proposed
policies are directly applicable to the discovery of generic phase diagrams, if one
can construct a probabilistic surrogate of the relevant thermodynamic potential.
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1 Introduction

Technological innovations require high-accuracy analysis of existing materials as
well as the discovery of novel ones with extreme/desired properties. Material
innovation, however, relies on expensive, time consuming, and risky experiments:
(1) There is a significant monetary cost associated with material experiments: hiring
and training staff, purchasing supplies, buying and maintaining the instruments,
implementing and enforcing safety conditions, etc.; (2) Experiments may take a
large amount of time which can be measured in days, weeks, or even months; (3)
The discovery process is, in general, intuition-driven and resembles a combinatorial
trial-and-error search with no guarantees of success. Note that the -necessarily- finite
budget allocated to experimentation amplifies the difficulty of both the analysis and
the discovery processes.

The cost associated with physical experiments led to the development of com-
puter codes that could presumably replace the physical experiments at significantly
reduced monetary and temporal costs [12]. The added benefits of computer codes
include parallelization, thereby accelerating the discovery process, and that they
can analyze arbitrary configurations including configurations which are, as of now,
impossible to construct experimentally. However, increasing the accuracy of a
computer code, e.g., by implementing more of the physics associated with any given
application, results in an increase in the computational cost associated with running
it. The cost of performing a single simulation may become so high that we are able
to afford only few. This is indeed the norm when the simulator is based on ab initio
calculations.

In binary alloys, the most accurate energy calculation is achieved via the ab initio
method of density functional theory (DFT) [26, 35] for which, e.g., the Vienna
ab initio simulation package (VASP) [36-39] is popular, and has been available
for many years. Other methods can be used as well, such as the embedded-atom
method (EAM) [14, 15], which approximates the DFT energy landscape. VASP
takes as input a binary alloy with atomic positions, and associated identities/atomic
types, defined via a unit cell and a set of basis atoms. It then relaxes the ionic and
electronic degrees of freedom (DOFs) and outputs the quantum mechanical energy
of the relaxed structure. Optimization and thermodynamic characterization of binary
alloys demand billions of VASP simulations to explore the configuration space near-
exhaustively. Since a single VASP simulation needs hours to run, even on a modern
supercomputer, directly using the full-fledged quantum mechanical model in such
calculations is a futile task.

To circumvent the high cost of the accurate simulator, the common approach
is to replace it with an inexpensive surrogate surface based on a finite number of
expensive simulations. For alloys on fixed lattices, a popular surrogate is the cluster
expansion [66, 67]. The cluster expansion expresses a configuration-dependent
property as a linear combination of so-called correlation functions that account
for interactions between clusters of atoms. The unknown coefficients of this basis
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expansion, the effective cluster interactions (ECI), are fitted to few expensive
observations of the property. The current standard in the field is to fit the ECI
using least squares [34, 76] (potentially coupled with genetic algorithms [72]). Other
techniques, include linear programming methods [23], compressive sensing [52]
and its Bayesian version [53], relative entropy [41], Bayesian linear regression with
Gaussian prior on the ECI [51], Bayesian linear regression with Laplace prior on
the ECI and Poisson prior on the number of clusters [40], and others [17, 18].

Compared to the many different techniques that have been proposed to fit the
ECI, little attention has been paid to the design of algorithms specifically for
the problem of selecting the design of the computational experiments, i.e., to the
data acquisition problem. This is, in the cluster expansion community, known
as the structure selection problem [76]. In the statistics literature [13, 64], the
same problem is known as design of (computer) experiments the machine learning
community calls it active learning [68], while in operations research the term
commonly used is optimal learning [58]. Intuitively, the data acquisition problem
attempts to answer the following question: How should we design our computational
experiments so that we get the maximum amount of information out of them
while staying within a finite computational budget? The answer to this question
depends strongly on what we want to learn, i.e., it is task-specific, as well as on
the type of budget constraints that are imposed on us. For example, we might
be interested in a design which improves the overall predictive capabilities of the
surrogate model/surface, study the sensitivity of the response surface with respect
to perturbations of the input, or locate extreme properties. All these objectives
should, in principle, be addressed with different data acquisition policies. Budget
constraints may restrict the total number of simulations that can be performed or the
total amount of computational time, which, in turn, may be spent sequentially or in
parallel, etc.

A data acquisition policy is a decision rule that helps us select the next
simulation(s) we should run given our design so far. Note that the stopping rule,
i.e., whether it is valuable to continue gathering data or not, is also part of a
data acquisition policy. The most popular data acquisition policy is the uncertainty
sampling policy. Uncertainty sampling simply selects the structure about which
the current surrogate is maximally uncertain, i.e., the simulation that exhibits the
largest predictive error bar. Intuitively, the objective met by this policy is the overall
improvement of the surrogate that represents the underlying response surface.
Indeed, it can be shown that, under special assumptions, this policy can be derived
from the maximization of the expected information gain about the parameters of the
model [45].

In binary alloys modeling, the Alloy Theoretic Automated Toolkit (ATAT) uses
a variation of uncertainty sampling that attempts to focus on the discovery of the
ground states at each concentration, i.e., it attempts to discover the ground state
line (GSL). Specifically, the ATAT policy starts from some initial design defined by
the user. At each step, the MAPS algorithm chooses the structure that maximizes a
combination of the least squares variance and the expected cost of a structure that
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the authors in Ref. [76] call the gain. There is an additional layer of complexity
which attempts to address the exploration/exploitation trade-off. At each step in
the algorithm, a set of structures are generated that are not part of the training
data for the CE. If a subset of these structures are predicted to lower the currently
known GSL (we also say that these structures breach the GSL), then the next
structure is chosen only among this set. Thus, the algorithm goes from a cost-
effective exploration to a cost-effective exploitation mode in the case that we have
breaching structures. While we would have preferred to compare our developments
with MAPS, the surrogate used in MAPS is not compatible with the Bayesian
arguments set forth in this paper. A fair comparison can only be accomplished
through extensive modifications to either MAPS or our approach, which would
simultaneously defeat the point of the comparison. That is not to say that ideas from
MAPS cannot benefit our approach or vice versa, but developing a way to compare
the two on equal footing is outside the scope of this work.

The balance between exploration and exploitation is a key concept in the
field of global optimization of expensive objective functions. In this field, the
Bayesian global optimization (BGO) approach has been successful in providing
a solution to the data acquisition problem [30, 44, 49, 50, 73]. In BGO, the
objective function is replaced by a surrogate based on Gaussian process regression
(GPR) [62]. One of the marking differences between GPR and classical regression
techniques is its Bayesian nature which allows the quantification of the predictive
uncertainty of the surrogate [4—6]. It is exactly this epistemic uncertainty that
can be exploited in various ways to propose adaptive data acquisition policies.
These policies are, typically, myopic, i.e., they make a decision by considering the
result of only one hypothetical future simulation (one-step-look-ahead strategies),
and they rely on the maximization of an acquisition function that depends on
the surrogate of the objective function. Some popular acquisition functions are
the expected improvement (EI) [31], the probability of improvement [43], and the
knowledge gradient [21]. From a mathematical perspective, it is straightforward to
extend these acquisition functions to construct non-myopic multi-step-look-ahead
strategies, albeit this approach requires the solution of a hard dynamic programming
problem [3].

In this work, we focus on data acquisition policies for materials discovery and
design. In particular, we develop an extension of the EI suitable for gathering
information about any quantity of interest (Qol) which is defined through the
minimization of a functional of the ab initio system’s thermodynamic potential
with respect to a set of parameters [42] specifying the state of the system such as
concentration, temperature, pressure, etc. That is, the core idea of our methodology
can be used to construct data acquisition policies suitable for the discovery of
phase diagrams. Despite the generality of our proposal, we focus on a simple
representative example: the discovery of the GSL of a binary alloy. Knowing the
GSL with high accuracy forms an essential starting point in constructing the entire
phase diagram, e.g., by using thermodynamic integration [22]. We purposefully
chose this application because it allows us to validate our results using a highly
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accurate ground truth, and to systematically compare to traditional, albeit ad hoc,
data acquisition policies. We demonstrate that the proposed policy can lead to
computational savings with simultaneously increased accuracy.

This chapter is organized as follows. We start by developing the theoretical
framework, presenting the energy computation scheme used in this work and intro-
ducing the surrogate modeling technique. Then, we present the theory underlying
our proposed method of selecting structures and summarize the structure acquisition
algorithm. The framework is then extended by considering the effect of alloy
structure costs. Other structure acquisition algorithms are also considered in order to
compare our proposed framework. We present next the results by first describing our
validation setup followed by a comparison of our framework with other acquisition
strategies. We finally provide some brief conclusions.

2 Methodology

We will study alloy compounds and consider data acquisition strategies which
maximize our knowledge about Qols of such systems. Among possible Qols are the
ground state line, phase diagrams, particular phase transition temperatures, largest-
band-gap structures, etc.

The binary NiAl and TiAl alloy compounds will be specifically considered.
NiAl was chosen because it plays a central technological role in, e.g., aircraft
and rocket engines, power generation turbines, nuclear-power generation, due to
its high-temperature strength, toughness, and degradation resistance in oxidizing
environments among other useful properties [57]. While other elements can be
added to NiAl such as Ti [60], Fe [61, 65], Cr [71], Ta, and Nb [19, 70] to engineer
specific properties, we restrict our attention to pure NiAl, since it forms one of the
most important binary bases for superalloys [27]. The elements Ni and Al crystallize
in fcc lattices. NiAl has been observed to form in both fcc and bec lattices. Secondly,
TiAl was chosen because of its application in gas turbines due to its high strength-to-
weight ratio and excellent corrosion resistance. It is used in aerospace applications,
specifically in landing gear beams on the Boeing 747 and 757 replacing steel which
has too high a density [8]. We consider TiAl on an fcc lattice, but note that it can
crystallize in hep and bec lattices as well.

Let the atomic identities occupying the lattice of the A,B;_, alloy with Nj sites
be summarized in an N;-length boolean vector called a configuration and denote
it by o. Accordingly, call the set of all possible configurations the configuration
space. Now denote a set of thermodynamic parameters which specify the state of a
system, e.g., temperature, pressure, concentration, etc., by w. We are interested in
the characterization of Qols of the form:

6" (w) = argmin G(0, w), (1)
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where the minimization takes place over the o’s that are compatible with w. The
function G(o, w) is just the natural thermodynamic potential of the system whose
minimization gives us the thermodynamically stable structure of the system at
w [42].

As two examples, consider first a system at zero temperature and with
the concentration as the only thermodynamic parameter, i.e., ® = {x}. For
a binary A,B;_, alloy with N lattice sites, we map A to —1 and B to +1.
Thus, 2x =1 — Ziv;l 0, /N, where o, is —1(41) if A(B) occupies site n. The
thermodynamic potential forming the energy-composition ground state line is
AFEtom(0) = E(0) — (xEx + (1 — x)E), where Ec is the internal energy of the
structure containing only C-atoms. In other words, G(a, x) = AEfym(0) (6 implies
x but we leave the notation general) and Eq. (1) forms the binary alloy GSL. As
a second example, assume the thermodynamic parameters are the pressure P and
the temperature 7, i.e., ® = {P,T}. Then, the natural thermodynamic potential
G(o,P,T) is the Gibbs free energy of a closed system and Eq. (1) provides the
stable structures versus w, i.e., the temperature-pressure phase diagram. More
generally, Eq. (1) constructs all the possible phase diagrams from various subsets
of w.

In this work, we restrict the DOFs of the alloys by considering structures having
fixed lattices, but our methodology extends to multi-lattice settings. Furthermore,
only alloy DOFs which characterize the atomic type/identity on each lattice site are
considered. We will be interested in Qols at zero temperature the implication being
that @ = {x} is the lone thermodynamic parameter.

2.1 Computing Alloy Energies with an EAM Relaxation
Scheme

In order to determine the energy landscape and the GSL of the system, we need
to calculate the energy of an arbitrary (Ni,Ti)Al configuration. There are various
ways of approximating this energy. Here, we choose not to use a high-accuracy
ab initio approach, since this would limit our ability to validate our predictions.
For example, establishing the ground truth GSL by evaluating the ground state
energy using density functional theory (DFT) would require tremendous compu-
tational resources. Therefore, we use the embedded atom method (EAM) which
provides an energy landscape approximating that of DFT, but which is navigable
with significantly reduced computational resources. We use the parameters found
in Ref. [59]. These parameters are highly transferable in the NiAl system and they
reproduce fairly well the GSL of the system as opposed to reproducing just single
isolated phases [48]. As an example of the increased computational benefits in using
EAM over, say, DFT, the temporal cost of a single high-accuracy structure with DFT
is approximately, on our machines, equivalent to computing 5, 000 structures with
EAM, even after accounting for the extra efforts from using the EAM relaxation
scheme to be discussed next.
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Each configuration was relaxed under the EAM potential using the following
iterative procedure [11]. The fcc unit cell size was initially guessed to have lattice
constant 4.01 A for both NiAl and TiAl. Since the preferred size of the unit
cell and the interatomic distances vary depending on the atomic environment,
we implemented a 2-step loop to find the energetically most favorable atomic
arrangement. In step 1 (unit cell relaxation), the unit cell was isotropically scaled
until reaching equilibrium in the EAM energy landscape using a bounded (with
bounds 50 % to 200 % of the lattice constant) Brent—Dekker method [9, 16]. In step 2
(atomic positions relaxation), a Broyden—Fletcher—Goldfarb—Shanno quasi-Newton
algorithm [10, 20, 24, 69] relaxed the interatomic force vectors to zero. These two
steps were repeated until the energy and the magnitude of the largest force vector did
not change in two consecutive steps by more than 1078, Less than eight iterations
of the loop were typically enough to converge. To verify the above implementation,
we applied it to fcc pure AI(Ni) and obtained —3.36 eV/atom(—4.45 eV/atom) with
relaxed-structure-lattice-constants of 4.0500 A(3.5199 A) all in excellent agreement
with Ref. [59]. This framework was readily implemented relying on the ASE [1]
PYTHON [47, 54] package developed at the Technical University of Denmark.

2.2 Cluster Expansion Surrogate Model

In this section, we briefly discuss the details of the cluster expansion (CE). We refer
to Refs. [63, 66], and [67] for an introduction to this topic. The CE expands the
configuration-dependent (Ni,Ti)Al energy E(-) as:

E(0) ~ E(0:y) = Y.L, vidi(@) @
=y'¢(0).

where y = {y;} are the unknown expansion coefficients called the effective cluster

interactions (ECI), ¢ (o) = {¢:(0)}, and the ith basis function is given by:

$i(0) = (I (0)) g/ ma; » )

where «; is a vector, the ith subset among all subsets of lattice sites we have chosen
to consider in the sum (e.g., a; could be the first two lattice sites; under some
arbitrary numbering of the sites), also called a cluster and (-),~ is taken to mean an
average over all clusters y that are symmetrically equivalent to x under a space group
operation of the empty lattice (lattice points without atomic identities). Thus, the
sum in Eq. (2) is over all symmetrically inequivalent clusters. The I'".(-)’s are known
as correlation functions. They are defined to be monomials of the spin variables

L) =[]0 “)

i€

where the product is over all sites in cluster & and o; is the atomic identity on site .
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Notationally, a single alloy configuration o is associated with a set of M basis
functions collected in the vector ¢ (o). When we consider, say, N configurations,
{a }ﬁ.\’zl, we collect the basis vectors associated with each configurationin an N x M

design matrix @ where the jth row is ¢(0(?). The kth column in the jth row is
¢ (0 and given by Eq. (3).

If a cluster contains  sites it is called an n-point cluster. Our CE of fcc (Ni,Ti)Al
included M = 49 symmetrically inequivalent clusters with maximum spatial extents
of 10, 7, and 4 A for the 2, 3, and 4-point clusters, respectively. Interestingly, if one
lets M — oo the CE becomes exact, however, a truncation of the clusters to sum
over is needed and carried out by fixing the maximum number of points present in
any cluster as well as its maximum spatial extent (measured, in this work, as the
largest distance between any two lattice sites in the cluster) [76].

At this point, note that G(a, w), Eq. (1) depends on the configurational energy
surface E(-; y), and thus, as a consequence, on the ECI, y. That is, we can write the
following:

Go,0)=G(o,w,E(;y)) =G(o,w,p). 5)

Similarly, the stable structure of Eq. (1) depends on y: 6 *(w) = 6 *(w, E(:; )) =
o*(w,y) = argming G(o,w,y). If the thermodynamic potential G(o,w) is
expensive to evaluate, e.g., if it requires thermodynamic integration, a solution is
to cluster expand it but with w-dependent ECI as discussed in Ref. [75].

2.3 Learning the Effective Cluster Interactions Using Bayesian
Linear Regression

To learn the ECI in Eq.(2) and to enable a quantification of the uncertainty in
energies computed from these parameters, we adopt a Bayesian approach [29]. We
start with our prior belief about the ECI, represented here as a continuous probability
distribution [7]. We believe more in smaller valued ECI [52]. In other words, we
favor smoother energy surfaces, so the distribution should put more of its mass
closer to zero. A distribution satisfying this, and which simultaneously simplifies
the mathematics ahead, is a zero-mean isotropic Gaussian:

p(yla) = N(y[0,a7'1)

= (2)"exp(~9y

(6)

Ty).
where M is the total number of ECI, and « is known as the precision hyper-
parameter. The precision hyper-parameter, is the inverse variance associated with
the prior probability we assign to the ECI. That is, the greater the precision hyper-
parameter, the more certain we are a priori that the ECI are closer to zero.

The next ingredient that we need to specify is the likelihood of the data. The
likelihood of a configuration-energy couple, denoted (o, E), is defined conditional
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on the ECI, y. In common data analysis, the likelihood models the measurement
process. Here, since our measurement process is essentially deterministic, it quanti-
fies the model discrepancy. That is, it quantifies the discrepancy between the cluster
expansion and the actual energy. In lack of a better alternative, we assume that this
discrepancy is distributed normally with a noise precision . Mathematically:

p(Ele.y.B) =N (Ely'¢(). 7).

Assuming independence of each observation, the likelihood of a set of N observed
configuration-energy couples,

Dy = {(c®, E?)}" (7)

i=1"
is given by
N
p(Dyly.B) =[]pr (E®lc?.y.B). ()
i=1

Combining our prior belief, Eq. (6), with our observations, Eq. (8), using Bayes’
rule [2] results in the posterior probability density:

p(¥|Dn.a, B) < p(Dnly. B)p(y ), 9

which corresponds to our updated beliefs about the ECI. For these specific prior and
likelihood choices, it can be shown that the posterior is Gaussian,

p(y|Dy,a, B) = N (y|my, Sy) . (10
where the mean vector and covariance matrix are given by
my = BSy®’E, (11)
and
Sy = (oa1+po’®) ", (12)
respectively [7], with I being the unit matrix, and E = (E(l), e ,E(N)).
So far, we have tacitly assumed that the hyper-parameters o and  are given. In
general, however, they are unknown a priori, and we should have assigned a prior,

p(a, B), to them. Having done that, we would have had to characterize the joint
posterior probability density:

p(a, B, y|Dy) o< p(Dnly. B)p(y|e)p(a, B),
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but unfortunately, the resulting posterior would not be analytically available. There-
fore, we resort to the evidence approximation [7]. To motivate this approximation,
notice that, by repeated applications of the Bayes’ rule, we may write:

p(e, B.y|Dy) = p(y|Dn. . B)p(e, B|Dy). 13)

with

p(a’ﬁ|DN) O(P(DNW’,B)P(O",B) (14)

Here p(Dy|e, B) is known as the marginal likelihood and, using the sum rule of
probability,

p(Dyla. B) = / p(Dxly. Bp(yla)dy. (15)

Intuitively, the evidence approximation assumes that the prior p(«, B) is relatively
flat, and that the marginal likelihood p(Dy|o, B) has a well separated global
maximum. This justifies an approximation of p(c, 8| Dy) of the form

p(@, B1Dy) ~ (@ —&)8(B — B), (16)

where §(-) is the Dirac §-function, and the & and ,3 are set by maximizing the
marginal likelihood:

@B = arg max p(Dylct, ). (17)

See Ref. [7] for an expectation-maximization algorithm that converges to a local
maximum of the marginal likelihood. Repeated restarts of this algorithm, provide a
good approximation to the solution of Eq. (17).

Having characterized the posterior, Eq. (13), via the evidence approximation, we
can now make predictions about the energy, E, we may observe at an arbitrary
configuration ¢ . The predictive probability density is:

p(E|G, Dy)
= [ p(EI&. ¥, B)p(@. B, y | Dy)dadBdy
~ [p(E|G.y, B)p(y Dy, . f)dy,

where to derive the last equation we used Eq.(13) and Eq.(16). Since the two
probability densities inside the last integral are Gaussian, see Eqgs. (8) and (10), it
is possible to evaluate it analytically. The result is:

P(E|G. Dy) ~ N (Elpen(6). viy(6)) . (18)
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where the predictive mean is

REN(G) = myd(5). (19)
and the predictive variance is
1
Vin(@) = 5+ 86) S8 (@) (20)

The predictive mean can be thought of as a mean surrogate energy surface. The
predictive variance quantifies our uncertainty about the predictions of this surrogate
for any given alloy structure.

2.4 Optimal Selection of Input Structures
2.4.1 The Expected Improvement Policy

In this subsection, we develop an informed data acquisition policy that enables us
to select simulations that are maximally informative about the thermodynamically
stable structures versus w, specified in Eq. (1). We assume that we have made a total
of N observations, Dy, as in Eq. (7), and that we have at hand a Gaussian approxi-
mation to the predictive distribution of the thermodynamic potential G(o, ®):

p(Gl6.d. Dy) ~ N (Gluon(6.8). vg (6. D). 1)

where gy (6, ®) and vé n (0, ®) are the predictive mean and variance, respectively.
What follows is independent of the way this predictive distribution was obtained.
Remember that for the GSL, o = x and G(a,x) is just the formation energy.
Thus, in this case, Eq.(21) can be obtained trivially from Eq.(18). For a general
thermodynamic potential Eq. (21) has to be obtained by directly cluster expanding
G(o, ) with w-dependent ECI [75].

The current observed minimum thermodynamic potential at a given w, Gy (w), is

Gy(w) = 12131\/ Gio™, w), (22)

where the minimum is taken only over w-compatible o™’s. An informative
simulation at @ would, ideally, yield a lower thermodynamic potential than the
currently observed minimum. To formalize this intuition, let us fix the thermody-
namic parameters to @ and assume that we make a hypothetical simulation at an
@-compatible structure ¢ . If this simulation resulted in a measured thermodynamic
potential equal to G, then this would yield an improvement of 1(-) equal to

1(6,®,G) = max {0, Gy(®) — G} . (23)
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3

Notice here, that we consider the new simulation an “improvement” only if it
reduces the currently observed thermodynamic potential Gy(®@), that is, if it finds
structures that are thermodynamically more stable.

G is a hypothetical measurement. Therefore, in order to eliminate the dependence
of the improvement on G, we take its expectation over the predictive distribution of
G conditional on &, p(G|& , @, Dy). In this way, we define the expected improvement
(ED):

El(6,&) =E[I(6,®.G)|6.d, Dy]. (24)

The EI measures the expected change in the minimum observed thermodynamic
potential value at @ after making an @-compatible simulation at ¢. Using Eq. (21),
we have:

El(6,0) =E[1(6,®.G)|6,@, Dy]
= [max {0, Gy(®) — G} p(G|¢,®, Dy)dG
~ [ max {0, Gy(®) — G} x N (Glugn(6,@). vE y(6,@)) dG
=[O (Gy(@) — G) x N (Glugn (G, @), v3 5(6,@)) dG.

Employing standard normal integral identities, we obtain the following

EI@,®) = [Gn(@) — pon(@, @)] W (PO Henta ) os)
+6.0(&, @)y (PO e
' GN(0.0)

and El(6,®) = 0 if vgn(6,d) = 0, where ¥(-) and ¥ (:) are the cumulative
distribution function and the probability density function of a standard normal
random variable, respectively, and we note that the EI has the same units as the
thermodynamic potential.

The EI acquisition policy adds to a current data pool of N structures the
configuration that yields the maximum overall EI, i.e., the maximum EI over both
the input space and the thermodynamic variables:

(0(N+1), w®™V) = argmax EI(G, @). (26)

0.0

Intuitively, this strategy chooses the simulation that yields the maximum change
in our state of knowledge about the thermodynamically stable structures across all
values of .

Solving the global maximization problem of Eq. (26) exactly is not trivial. Since
we have an analytic approximation to the EI, Eq.(25), it is feasible to obtain
approximate solutions to Eq. (26) through a random sampling strategy. Specifically,
we consider a large pool of candidate simulations
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Algorithm 1: EI structure acquisition strategy for learning the thermodynamic
potential

Require: Dy, (an initial pool of Ny observed o -w-G triples), Nyax (maximum number of
observations that can be afforded), € (EI tolerance), Sy, (large pool of o -w pairs
to select simulations from).

1 N« N()

2 Dy < DNO

3 repeat

4 Find: (6™ D, 0®™+D) = argmax EI(G,a).

(0.5) ESNpoq

5 if EI(c¥tD, o™ +D) < ¢ then

6 | Break loop

7 end

8 G+ G(O-(NJFU,Q)(N‘H))

9 Dy41 < Dy U {(O-(N+l)’w(N+l)’G(N+l))}
10 N<«<N+1

Npool
SNpool = {(6'(”)7 a’*)(n))} ’ )

n=

and approximate Eq. (26) by:

(G(N+l),a)(N+l)) = argmax El(o,®). 27)
(.B)ESNpouy

Importantly, assume that the candidate pool is generally attainable with minimal
computational efforts, which is most typically the case.

Algorithm 1 outlines the EI sequential data acquisition policy for the thermody-
namic potential. The policy sequentially selects the simulations that maximize the
EI The iterations stop when either the maximum EI falls below a specific threshold
€ > 0 or the simulation budget has been exhausted. At any given iteration of the
algorithm, the best estimate of the thermodynamic potential, at some w, is given by
the current observed minimum-thermodynamic-potential structure at w. In step 8 of

Algorithm 1, the expensive computer code is run on the newly selected configuration
(N+1)
o .

2.4.2 Dealing with Structures of Varying Cost

Let the cost of evaluating G(6,®) be C(6,®), here C(6,w) is the number of
atoms in the configurational unit cell cubed. Obviously, if we had to choose among
two structures with the same cost, we would pick the one with the maximum EI.
Similarly, if we had to choose among two structures with the same EI, we would
pick the one with the minimum cost. Therefore, the information acquisition problem
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must balance between the two, potentially, competing objectives of maximizing EI
and minimizing cost. This multi-objective decision problem induces a Pareto front
of optimal choices. An optimal information acquisition policy should only select
for simulation optimal structures. To this end, we introduce a modified EI policy,
selecting the structure that maximizes:

EL.(6,w) = AEI(&,®) — (1 — 1)C(G, @), (28)

for some A € [0, 1]. Let this strategy be denoted Ag;,. When A = 0 the cost
is minimized and we always choose among the least expensive structures. When
A =1, we follow the EI acquisition strategy with no regards to the cost of the
structures. For other values of A, we still attempt to choose structures with large
values of EI, but at the same time, we are trying to minimize the cost. Each value of
A corresponds to a Pareto-frontier point. As a side note, numerically, it is important
to compute Eq.(28) with scaled versions of the EI and the cost to make them
comparable in size.

In the numerical examples, we show how Ag;, and the Pareto frontier behave for
the various acquisition policies introduced in the following section.

2.5 Other Input Structure Acquisition Strategies

We compare Agj, against three other methods to see how well it fares. We briefly
discuss these trivial policies here. First, consider the acquisition strategy that
randomly selects the next structure, denote this strategy A,q. All structures in the
pool are picked with equal probability. Second, introduce a strategy which always
chooses the smallest structure next. We order structure sizes by the number of atoms
per unit cell first and then by the unit cell volume. If both these quantities tie, a
random choice is made. Denote this strategy Asmi. Consider now a strategy which
selects the next structure that has the largest predictive variance Eq. (20). We refer
to this strategy as uncertainty sampling and denote it Ay.

In terms of the discussion in the previous subsection, these policies will not,
generally speaking, lie on the Pareto frontier. We show this next.

3 Results

We developed a software package for performing the ground state search of
binary alloys. The software is written in the PYTHON programming language
using an amalgamation of PYMATGEN [55], ATAT [77], ENUMLIB [25], ASE [1],
NUMPY [74], SCIPY [32], MATPLOTLIB [28], SCIKIT-LEARN [56], and PANDAS to
handle the data in a concise database format [46].
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3.1 Validation

To validate the proposed framework, a scenario is created in which ground
truth is known. This is done by first computing the EAM energies of the first
34,368 (Ni,Ti)Al symmetrically inequivalent configurations from smaller to larger
multiples of the basic fcc unit cell, and then using them to approximate the GSL.
Since 34,368 configurations is a lot more than the sizes typically considered for
such a task, we assume, for all intends and purposes, that G34363(x) &~ Goo(x), and
to be concise we will be referring to it as the “true GSL” rather than as the “true GSL
of the first 34, 368 symmetrically inequivalent configurations”. Explicitly knowing
the true GSL allows us to quantify the error of any data acquisition policy and is thus
essential from a comparison perspective. Specifically, assume that we have made N
observations, Dy. We define the relative GSL error (GSLE) between the true GSL,
Goo(x), and a GSL formed from Dy, Gy (x), by:

Goo — G
GSLE(Dy) = I |°|°G ”5”2, (29)
o0

where ||f||2 is the £, norm of the function f(x), i.e.,

1
1l = \/ / aC

Along with Eq.(29), as a performance metric, we also keep track of which true
ground states have been correctly predicted. Other performance metrics can be
considered as well, see, e.g., Ref. [33] and the references therein.

3.2 Learning the Ground State Line Using the Expected
Improvement Data Acquisition Policy

We now present the global EI acquisition process, Algorithm 1, when applied to the
task of learning the TiAl fcc GSL. Figure 1 shows the evolution of the TiAl GSL
(red dashed line) as observations are added. In the top right of each subplot a number
identifies the iteration in our global EI algorithm. “iteration 0” in the top left subplot
is the GSL of the initial data pool. In each subplot we find two plots, the top plot
shows the true GSL (blue full line) with associated true ground states (blue upside-
down triangles). The same plot, but for positive ordinate values, also shows as a
black dashed line quantifying the error between the GSL of the initial data pool and
the true GSL. This error is not Eq. (29), but simply the vertical distance between the
GSLs versus concentration. For convenience, the GSLE, Eq. (29), is reported under
the dashed line.
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Fig. 1 (Color) For TiAl. Six different stages, shown as six separate subplots arranged in two
columns and three rows, during the Bayesian global optimization algorithm for learning the true
ground state line (GSL) with an initial data pool of six structures. The iteration number of the
algorithm is shown in the top right of each subplot. E.g., the top left subplot shows the algorithm’s
behavior on the initial data set (“iteration 0””). Each subplot has two parts. The upper part shows,
via a shaded blue area (for positive ordinate values), the error measured as the vertical distance
between the GSL of the current seen structures (red dashed line at negative ordinate values) and
the true GSL (blue full line at negative ordinate values) versus Al concentration. The dashed black
line in all subplots is this error between the initial GSL (iteration 0) and the true GSL. The GSLE
(Eq. (29)) is given as the text under this line. The true ground states are shown as blue upside-down
triangles and the ground states which are correctly predicted by the global EI algorithm are shown
as red circles. The number of correctly predicted ground states (out of the total possible of 26)
is given in text under the true GSL. The lower plot in each subplot quantifies the EI versus Al
concentration as a dark green full line. It is the largest point of this line, marked with an upside
down red triangle, which is the global max EI, and hence where the next structure is selected for
addition to the design. Note that the lower part of each subplot in the right (left) column is measured
on the right (left) side of the figure. All ordinate values are in meV’s/atom
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The dashed line is present in all subsequent subplots for quick comparison of
the current error (blue shaded area) to the initial error at iteration 0. In the final
subplot (iteration 89), a “match” represents, instead of the GSLE, that all true
ground states have been successfully learned. The red circles in Fig. 1 on top of
the true GSL show ground states found by the thermodynamic EI algorithm which
are also true ground states. The number of ground states found by the EI out of
the total number of true ground states, the latter which in our experiment is 26,
out of the 34,368, is reported under the true GSL in each subplot. Remarkably,
the thermodynamic EI finds all true ground states among the 34,368 structures
with just 89 structures. In each subplot, the second, lower, plot shows the EI
versus Al concentration. A red upside-down triangle marks the global maximum
of the EI, and hence which concentration the chosen structure has. Notice how,
initially, the error is reduced for large Al concentrations. Once that part of the
GSL has been learned, the algorithm automatically shifts its attention to lower Al
concentrations and finally, the EI is comparable for all concentrations. Furthermore,
we see that the global EI decreases in magnitude versus iteration. This is expected
since we should expect a smaller and smaller difference to be made to the ground
state line as we get closer to ground truth. We would like to emphasize the
extremely small starting data pool of six structures using a simple Bayesian linear
regression to capture the relaxed EAM energies. Furthermore, we do not use any
basis-optimization, such as using cross-validation to select the best set of basis
functions to use. In fact, we are using a fixed set of 39 clusters (13 2-point,
23 3-point, and one 4-point including the empty-point and 1-point clusters). We
expect these results to be even better if coupling thermodynamic EI with a more
advanced surrogate model such as GPR. To quantify the observed decrease in EI,
we turn to Fig. 2 which shows the evolution of the thermodynamic EI, normalized
to its initial value, along with a hypothetical 1 % threshold dashed line, which could
act as a stopping rule in some cases.

3.3 Comparing Data Acquisition Policies for Learning
the Ground State Line

The following results are all based on the Bayesian linear regression on the CE as
a surrogate and can change if using different surrogates. In Fig. 3 we compare the
GSLE in Eq. (29) of different structure acquisition strategies, including Eq. (28) for
various values of A, with the objective of learning the fcc NiAl and TiAl GSLs
when starting from a (small) initial data pool of six structures spread across the
concentration range as evenly as possible.

To better represent the total temporal cost of the various methods we do not plot
against the total number of structures added to the design, but rather, we plot against
the total expected temporal cost, which, for DFT, is proportional to the number of
atoms in the configurational unit cell cubed. Although we are not using DFT, but
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rather an EAM relaxation scheme, we assume a DFT cost of the structures. So, e.g.,
if the first structure added has four atoms per configurational unit cell, the structure
adds 64 to the current position on the abscissa.

Analyzing the graphs, we first note that Amg is not a good strategy. We can
understand this by consulting Fig.4 where, in Fig.4a, the logarithm of the total
number of symmetrically inequivalent structures are plotted against the configu-
rational unit cell size (measured as the number of atoms). In Fig. 4b we plot the
number of ground states versus the same unit cell sizes as in Fig. 4a; this plot is
highly dependent on what structure pool we have available. In our work, we have the
first 34, 368 structures, but plot Fig. 4b could change if changing this pool. Finally,
Fig. 4c shows the fraction in per cents of ground states at each configurational unit
cell volume. We can now understand why A, fares poorly. There is exponentially
more structures of larger unit cell sizes so the chances of choosing a large structure
is much larger compared to choosing a smaller one. At the same time, the fraction of
ground states decreases by orders of magnitude when going from smaller to larger
structures. Therefore, most of the time, we do not choose a ground state when we
pick a structure at random.
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Based on these arguments we then expect Ay to perform relatively well since it
always chooses the smallest structures of which the ratio of ground states is higher.
In Fig. 3, we see that this is also largely the case. Notice also that, since it selects
the smallest structures first, it never makes it far on the abscissa because the cost
is kept at its lowest. The reason why a zero error is not achieved with this strategy
is because the GSL is not only made up of smaller structures as is evident from
Fig. 4b. Therefore, Ay would only find all the true ground state structures by going
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through the entire pool of more than 34,000 structures. Consider next As. This
method aims for global accuracy of the surrogate to fit the true EAM energy surface
which, in light of a data budget, can and often will be a different objective than
learning the ground state line. Achieving global accuracy means that we are also
demanding good emulating capabilities of large energy structures. However, in order
to determine the ground state line, we need not focus on high-accuracy predictions
of high-energy structures. We see that the method does eventually achieve a low
erTor.

Finally in this comparison, consider the thermodynamic EI cost-efficient method
Ag, . Excitingly, this method achieves the lowest overall error of all methods
simultaneously at a relatively low temporal cost. Moreover, in the case of TiAl,
the thermodynamic EI learns the true ground state line for A = 1. The reason
is the mix between exploration (choosing large-predictive-variance structures) and
exploitation (choosing lowest-predictive-mean structures).

We now address the cost-accuracy trade-off by considering the performance of
the Agg, strategy defined in Eq. (28) for various values of A. First, consider A = 0
which should yield a result very similar to the Agy. We see that this is indeed the
case. Small discrepancies are due to the way ties of structure sizes are dealt with.
Next, interestingly, we find that by changing A, the rates in error reductions change
dramatically. Between NiAl and TiAl, it is not the same value of A which achieves
the lowest overall error. Notice that, by mixing thermodynamic EI with the cost
perspective we obtain lower error than A, We find that, with our surrogate model,
structure pools, and alloy materials, a value of A somewhere around, or less than,
0.5 seems to globally balance well the cost-accuracy trade-off.



Adaptive Simulation Selection for the Discovery. . . 205

3.3.1 Multi-Objective EI-Cost Trade-Off and the Associated Pareto Front

As has been previously mentioned, the structure acquisition strategy Agr, , Eq. (28),
is a multi-objective optimization task with an associated Pareto frontier. Each point
on this frontier represents a distinct optimal structure selection strategy. Which point
to choose is subjective and depends, loosely speaking, on how much cost matters
compared to GSL accuracy. We now look further at this frontier and ask where
the various acquisition strategies discussed earlier are relative to the frontier. We
find the answers in Fig.5 where the structures selected by the various acquisition
strategies are marked in an El-cost plot showing all structures (more than 34, 000)
as gray crosses together with the Pareto frontier, shown as a black dashed line, all
for the zeroth iteration, i.e., the situation where the first structure is added to the
initial pool. The frontier is taking this shape because we wish to maximize the EI
while minimizing the structure cost. Different colored diamonds show the particular
structure chosen by each strategy. We expect to find Ag; and Ay at the edge of the
Pareto frontier since these methods correspond to extreme values of 1. We see that
A is far from Pareto optimal, but that 4,, at least in the first iteration, lies close
to somewhere in between the extreme A values. We note that A, is not on the Pareto
frontier itself. At any given iteration, nothing prevents the random or the uncertainty
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Fig. 5 (Color) The EI (as given by Eq. (25))-cost pareto frontier, built from the surrogate model
fitted to the initial structure pool of six structures. Each gray cross is a structure from the
unobserved large pool of more than 34, 000 structures. The black dashed line connects structures
on the pareto frontier. Diamonds in various colors show where the ith structure acquisition strategy
A; chooses the first structure to be added to the data pool. Two points are on the frontier itself: Ag;

and Agm
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sampling strategy to be Pareto optimal, but it is unlikely that this will happen for all
iterations. By choosing a value for A in Eq.(28), we can ensure that Pareto optimal
structures are always selected.

3.4 Assessing the Effect of the Initial Data Pool Dy,

At this point, we study the effect of the initial NiAl data pool Dy, on the learning
rate of the thermodynamic EI policy (all with A = 1). These results are shown in
Fig. 6. To make a relative comparison of how fast the lowest overall GSL error is
obtained, the abscissa shows the number of observations added to the initial data
pool, and thus not the total number of structures in the pool. We find that, for NiAl
shown in Fig. 6a, starting with six structures the true GSL is learned in 89 iterations.
Larger pools all achieve a similar error to each other but do not, in 100 iterations,
learn the true GSL. Thus, the rate of learning the true GSL is dependent on the
initial pool. This is expected because different initial pools will have different initial
surrogate fits which, in turn, will direct the search for new structures into different
regions of input space.

Considering then TiAl in Fig. 6b, all starting pools achieve similar error within
a couple of percentage points after adding 30 structures, but are differing a lot for
additions less than 30 structures. The explanation for this is similar to that given for
NiAl

It interesting that a span of almost 30 observations in the initial pool does not
appreciably change the lowest overall GSL error achieved within the range of 100
added structures in the case of TiAl. This is promising because we hope the EI
method allows us to comfortably start with small datasets.

4 Conclusions

In this work, we introduced optimal information acquisition policies for the
discovery of phase diagrams of binary alloys. We proposed policies that balance
the maximization of the expected improvement in the thermodynamic potential
and the minimization of the cost of simulations. We validated our methodology
by learning the GSL of NiAl and TiAl binary alloys and comparing it to the ground
truth. We found that the suggested policies outperform naively selected policies in
every respect.

The strength of our approach lies on sound theoretical foundations and on its
generality. From an application perspective, we plan to use it to actively select
informative simulations for the discovery of phase diagrams, band gaps, and
transition temperatures in binary alloys and beyond. From a theoretical perspective,
we would like to (1) Diminish the reliance of the approach on a pool of structures
by directly computing the Pareto front, e.g., via genetic algorithms; (2) Extend the
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EI so that it can cope with noisy estimates of the thermodynamic potential, e.g., by
prematurely stopping the thermodynamic integration required for its evaluation; (3)
Allow for the ability to select between models of varying fidelity, e.g., select whether
to compute energies with empirical potential or with density functional theory; (4)
Design policies that are simultaneously optimal for learning different quantities; (5)
Parallelizing information acquisition policies; and many more.
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Recent Developments in Spectral Element
Simulations of Moving-Domain Problems

Paul Fischer, Martin Schmitt, and Ananias Tomboulides

Abstract Presented here are recent developments in spectral element methods for
simulations of incompressible and low-Mach-number flows in domains with moving
boundaries. Features include PDE-based mesh motion, implicit treatment of fluid—
structure interaction based on a Green’s function decomposition, and an arbitrary
Lagrangian-Eulerian formulation for low-Mach-number flows that includes an
evolution equation for the background thermodynamic pressure. Several examples
illustrate the basic principles introduced in the text.

1 Introduction

With advances in high-performance parallel computers, scalable iterative solvers,
and high-order discretizations, much progress has been made toward direct numeri-
cal simulation (DNS) and large eddy simulation (LES) of transitional and turbulent
flows in complex domains. Indeed, researchers now can consider spectral-element-
based DNS for flow past wing sections at chord-Reynolds number Re, = 400, 000
[1]. DNS of the flow in internal combustion (IC) engines is close at hand, with
significant advances recently presented in [2—4].

Since its introduction by Patera [5], several developments have made the spectral
element method (SEM) a powerful tool for simulation of turbulent flows in complex
geometries. Key advances include high-order operator splitting strategies that lead to
decoupled linear symmetric positive definite subproblems at each timestep [6—10];
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fast multilevel preconditioners [11-13] coupled with scalable parallel coarse grid
solvers [14—16]; stable formulations for the convective operator [17—19]; and high-
performance implementations [20]. Here, we present recent developments in the
SEM for simulations of incompressible and low-Mach number flows in domains
with moving boundaries. Our interests are in turbulent flows having prescribed
boundary motion, such as piston and valve motion in IC engines, and in fluid-
structure interactions where the motion of the domain boundary is part of the
solution that derives from dynamical constraints coupled with the Navier-Stokes
equations.

The standard approach to efficient simulation of turbulent flow is to treat the
nonlinear terms explicitly in time, which leaves a linear symmetric unsteady-
Stokes operator to be solved, implicitly, at every timestep. (As discussed below, the
Stokes problem is typically solved by using an additional time-splitting in order to
decouple the pressure and velocity solves.) The justification for this semi-implicit
approach to temporal discretization derives from the following. First, the viscous
and incompressibility constraints are associated with fast time scales (infinite, in
the case of incompressibility, as it derives from letting the speed of sound go
to infinity), which warrant implicit treatment. Second, these terms are linear and
symmetric, which make them amenable to robust iterative solution strategies such
as preconditioned conjugate gradients. Third, explicit treatment of the convection
operator avoids solution of a nonlinear nonsymmetric system and requires a mild
timestep restriction of At = O(|U|Ax) to ensure stability, where U and Ax
are respectively characteristic sizes of the velocity and grid-spacing. Moreover,
this timestep restriction is typically comparable to that required from an accuracy
standpoint because the principal dynamics of turbulent flow are governed by first-
order derivatives in space and time. The stability requirement At = O(Ax) is thus
generally not overly constraining.

Moving domains introduce new sources of nonlinearity and stiffness. In closed
systems such as internal combustion engines, one must address the changes in
thermodynamic pressure and, in the presence of combustion, changes in geom-
etry on short timescales associated with the chemistry. Fluid-structure interac-
tion (FSI) problems, where the solid part of the domain constitutes an addi-
tional unknown, introduce additional sources of stiffness associated with disparate
timescales between the fluid and solid response. Here, we describe recent devel-
opments that address several of these moving-domain issues while retaining the
computational efficiency demanded for turbulent flow simulations. The work
describes novel developments in time-accurate low-Mach combustion for closed
domains and in stable decoupled FSI solution strategies that are particularly
appropriate for the response of rigid bodies subjected to forces generated by
incompressible flows.

The article is organized as follows. Section 2 provides a review of the arbitrary
Lagrangian-Eulerian (ALE) formulation based on the Py — IPy_, spectral element
method for the incompressible Navier-Stokes equations, as developed by Ho and
collaborators [21-23]. Section 3 describes an ALE formulation for low-Mach-
number flows that allow compression and expansion of the domain volume.
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Specifics of the SEM are provided in Sect. 4, and several schemes for efficient mesh-
velocity updates are described in Sect.5. Section 6 presents a decoupled-implicit
formulation for fluid-structure systems with a few degrees of freedom. We give
examples in Sect. 7 and a short conclusion in Sect. 8.

2 Py — Py—; Navier-Stokes Formulation

We consider unsteady incompressible flow in a given computational domain £2(¢)
governed by the Navier-Stokes equations,

Ju

at:—Vp—i-RleV'(V—}—VT)u—u'Vu, V.u=0, (M

subject to prescribed velocity conditions on the domain boundary, d2(z). Here,
u(x,f) = (uy, upus) represents the fluid velocity components as a function of
space, X = (x1, X2, x3), and time, #; p is the pressure field; and Re = LyUy/ vy
is the Reynolds number based on a characteristic length scale, Ly, velocity scale,
Uy, and kinematic viscosity of the fluid, vy. We are interested in moving-geometry
simulations where the motion of the domain boundary, d£2(z), may be either
prescribed or unknown, as is the case for fluid—structure interaction problems.
Our moving-domain formulation is based on the ALE formulation for the spectral
element method developed by Ho and collaborators [21-23]. We review those
developments here to set the stage for subsequent sections.

To highlight the key aspects of the ALE formulation, we introduce the weighted
residual formulation of (1): Find (u, p) € X) (£2(1)) x YV (82(?)) such that

d(v,u) =(V-v,p)— ! (Vv,s) — (v,u-Vu) +c(v,w,u), (V-u,q) =0, (2)
dt Re

for all test functions (v,q) € X} (£2(1)) x YN(£2(1)). Here, we use the compatible
velocity-pressure spaces introduced by Maday and Patera [24]: XN (£2(7)) C
H'(£2(%)) is the set of continuous Nth-order spectral element (SE) basis functions
described in Sect.4; X} is the subset of XV satisfying the Dirichlet conditions on
982(1); X)) is the subset of XV satisfying homogeneous Dirichlet conditions on
92(5); YV is the space of discontinuous SE basis functions of degree N-2; and H 1
is the usual Sobolev space of functions that are square integrable on £2(r), whose
derivatives are also square integrable. Furthermore, in (2), we have introduced the
£ inner product, (f, g) := |, ) f- gdV and the stress tensor s having components
s = (g:; + g)"(i ). A new term in (2) is the trilinear form involving the mesh
velocity, w,
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303

BWjui
c(v,w,u) := E E v; dav, 3)
( ) /9(0 dx;

i=1 j=1

which derives from the Reynolds transport theorem when the time derivative is
moved outside the bilinear form, (v, u;).

The advantage of (2) is that it greatly simplifies time differencing and avoids grid-
to-grid interpolation as the domain evolves in time. With the time derivative outside
the integral, each bilinear or trilinear form involves functions at a specific time, ",
integrated over £2(#"7). Geometric deformation within elements is specified by a
mesh velocity, w := x,, that is essentially arbitrary provided that w is smooth and
satisfies the kinematic condition

w N[0 = u-hje, 4)

where 1 is the unit normal at the domain surface, 082 ().

Our temporal discretization is based on a semi-implicit formulation in which the
time derivative at " is approximated with a kth-order backward difference formula
(BDFk). Terms on the right-hand side of (2) are evaluated either implicitly at #* or
via kth-order extrapolation (EXTk). Specifically, we write

Yt BT W) = (Vv Y= L (VYL 8, + Y0 o NI 4+ 0(AF) (5)

(¢".V-u"), =0. (6)

The subscript on the inner products (., .),—; indicates integration over §2(#" 7). The
coefficients f; and ; are standard BDFk/EXTk coefficients (e.g., as in Table 1), and
the approximations are accurate to O(A#), which is the global truncation error for
this timestepping scheme. The term N" accounts for all nonlinear contributions at
time level 7/, including the mesh motion term (3). For any time level #" we define

~

N™ = C(Vm, wm’ um)m _ (Vm’ u” - Vum)m (7)
3 3

aw;"ul'.” u™
= ZZ / v \ —u', | dv.
20) oxf! Xy

i=1 j=1

Table 1 BDFA/EXTk

k o |« o
coefficients for uniform Ar bo_ B b B - 2 }
1|1 -1 |10 |0 1 |0 0
203 =3 |) 0 2 |-10
11 18[9 2
306 |6 16 |—¢ 13 |31
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Moving to the left all terms in (5)—(6) that involve unknowns at #* and neglecting
the O(A*) terms, we obtain the update step for (2): Find (0", p") € X) (2)x YV (2)
such that, for all (v", q") € X} (£2") x YN (2"),

Bo
A

1
. (v",u"), + Re (W'.s"), = (V-v.p")y =7".  (¢".V-u"), = 0. (8)

Here, the right-hand side is

k
= ; [q,. N (vnff,unff),,_,.} | ©)

We note that the test functions v and g are functions of time as a result of the
motion of £2(¢). In practice, however, all integrals are evaluated in a fixed reference
frame and they are stationary basis functions in this frame, integrated against the
time-evolving functions with the appropriate Jacobian. Specifically, for the spectral
element method, $2(r) = | J, £2°(f), where each element is represented by a map
x°(r,t), where r € Q2 = [~1,1]¢ and d is the number of space dimensions.
Such a decomposition is illustrated in Fig. 1 for d = 2. The test functions and
the underlying bases for the unknowns are taken as tensor product Lagrange
interpolating polynomials in §2. Thus, an inner product I := (v,u) = fQ vudV
in the two-dimensional case takes the form

E
| :/ vudV = / vudV
20) ; (1)

£ 1 pl
= Z / / vi(r,s)u(r,s,t) _Z°(r,s,t)drds, (10)
e=1 V141
where the Jacobian #°(r,s,t) = )?j ‘ is the determinant of the d x d matrix of
J

the metric terms associated with the transformation x¢(r, f) that maps 2 to £2¢(1).

X = (z,y)

= (T1,Y2) T
r = (r,s)

= (Tlar2)

Fig. 1 Two-dimensional illustration of a spectral element domain decomposition
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(Here, superscript e refers to element number and should not be confused with the
temporal index m or n in (5)—(9).) Because the test functions are stationary in 2
their time derivative following the material points is zero,

dUi 31),‘
= -Vv;, = 0, 11
dt at twe v (i
which is a critical component in the derivation of (2)—(3) because it allows one to
31),‘

substitute —w - Vu; for %7 [21]. Spectral element bases are discussed further in
Sect. 4 and in [25].

The timestepping strategy (8) has the advantage that all terms associated with
the fast time scales (i.e., the pressure and second-order viscous diffusion terms)
are linear, which makes an implicit treatment straightforward. Explicit treatment
of the nonlinear terms results in a stability constraint on the step size that scales
as At = O(Ax/U), corresponding to the standard Courant condition. (The stability
regions for BDFK/EXTk are shown in Fig. 2.) The ALE time advancement from step
"~ to " is outlined in Algorithm 1.

In Step 4, one can solve the full Stokes problem using an Uzawa algorithm
(e.g, [24, 26]). For large timesteps and highly viscous flows, Uzawa iteration is
a reasonable choice. For high Reynolds-number flows, however, an approximate
solution strategy via high-order algebraic splitting of the Stokes operator is more
effective [7, 9-11, 27]. This splitting can be viewed as a single step in an iterative

Fig. 2 Stability regions for BDFk/EXTk Stability Regions
BDFK/EXTk ‘ ‘ ‘ ‘

0.5

2 15 -1 -05 0
Re( AAt)

Algorithm 1

1. Compute contributions to the right-hand side of (8) from the geometry at ", and combine
with values from preceding timesteps 7"~/
. Update the mesh position x" € £2(#") using BDFK/EXTk applied to x, = w.

. Solve the unsteady Stokes system (8) for (u”, p").
. Update interior values of w" from prescribed boundary values (4).

W\ W

. Generate geometric terms (per Sect. 4) for £2" required to evaluate the operators on the left of (8).
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process. With kth-order extrapolation of the pressure prior to splitting, however, one
can realize kth-order accuracy in time without the need for iteration. We refer to
[11] for further details and to Sect.7.1 for temporal convergence results for both
stationary and moving domain examples.

Save for the inertial terms associated with advection, (8) implicitly captures all
the dynamics of the system including, most importantly, the unsteady components
of the fluid inertia. The key point is that (8) is /inear and thus admits superposition
when satisfying dynamical constraints, such as addressed in Sect. 6, with no need
for nonlinear iteration.

3 Py — Py Low-Mach-Number Formulation

Many engineering systems feature flows where compressibility is not negligible.
In internal combustion engines, for example, thermal dilation and especially
compression from the piston motion result in significant density variations. In this
section we address recent developments extending the SE-based low-Mach-number
formulation of [28, 29] to support moving domains and in particular closed systems
of variable volume.

For the numerical simulation of low-speed compressible reacting flows, the
existence of acoustic pressure waves severely restricts explicit-integration timestep
sizes because of the large discrepancy between the flow velocity and the speed of
sound. When acoustic waves are not of interest, regular perturbation techniques can
be used to decouple the waves from the governing equations [30-32]. This analysis
leads to a decomposition of the pressure as

p(-xv t) ZPO(I) +€pl(-xv t)v (12)

where the hydrodynamic pressure (p;) is decoupled from the thermodynamic

pressure (pg), and € is defined as yMa?, where y is the ratio of specific heat

capacities and Ma is the Mach number. The resulting low-Mach-number governing

equations for N,-component reactive gaseous mixtures are the following.
Continuity

B
P LV (pu)=0 (13)
ot
Momentum
Ju
p(at +u'Vu):—Vp1+V-(,us) (14)

s=Vu+(Vu)T—§(V-u)I (15)
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Energy
N,
oT ¢ y — 1 dpy
VT | =V-(AVT) — ) hio; 16
pcp(3t+u ) (AVT) ;w+ , (16)
Ng
o= cYi (17)
i=1
Species
aY; .
P o +u-VY )| ==V -(pYiV)+a; i=1,...,Ng (18)
Ideal gas law
po = pT/W (19)

In (13)-(19), h;, @;, Y;, and V;, W;, ¢, ; are the enthalpy, chemical production term,
mass fraction, diffusion velocity, molecular weight, and heat capacity of species i,
respectively; A is the thermal conductivity; p and py are the so-called hydrodynamic

~1
. . N, .

and thermodynamic pressures, respectively; W = (Ziz"”l Y;/ W,-) is the mean

molecular weight; ¢, is the mixture heat capacity; and / is the identity matrix. The

species diffusion velocities V; are given by Fick’s law

V= —(Di/X;) VX, (20)

D; and X; = Y;W;/W being the ith species mixture-averaged diffusivity and mole
fraction, respectively. All quantities appearing in the equations above are already
nondimensionalized by using reference values for Lg, Uy, po, Wo, c,o and Tp; in
particular p; is nondimensionalized by using ,ooU% and po by using poZTo/Wo,
where Z is the universal gas constant. The reaction rate constants for the calculation
of the chemical source terms ®; in Egs.(16) and (18) are assumed to follow an
extended Arrhenius expression.

In the low-Mach-number formulation, Eq. (13) is replaced by Eq. (21), which is
obtained by combining the continuity (13), energy (16), species (18), and state (19)
equations. When the domain volume changes in time, the temporal variation
of the thermodynamic pressure, py, is nonzero. The governing system for this
background pressure is derived below, starting with the low-Mach relationship for
the divergence,
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1Dp _ 1DT S WDY, 1 dp

V-ou= =
p Dt T Dt ,-=1W"D’ po dt
1 y—1 1 dpo
= _1 . 21
QT+(CPW 14 )PO dt @b

Here, Oy is the thermal divergence, which couples the flow field with the tempera-
ture and species,

N, N,
1w 1 -
= =V pYiVi + w; V-AVT) = > haw;|. (22
Or= 2y, GV pNita) + (V- (AVT) ; o | @2

i=1

In (21), density is determined only by the thermodynamic state 7, Y;, and py and
not by the velocity, since acoustic waves are neglected. By contrast, incompressible
formulations do not consider the effect of density variations because V - u = 0.

The background thermodynamic pressure, po, is obtained by integrating over the
domain as follows:

1d 1 y—1\!
/ podv:(l— 4 ) (/ QTdv—/ u-nds). (23)
o po dt Wy Q FY?)

Because pg is a function of time only, the integral on the left corresponds to
multiplying the integrand by the domain volume.

Numerical Methodology Spatial discretization of (13)-(21) is based on the
weighted residual formulation of the preceding section, save that pressure in this
case is continuous and of the same order as the velocity. We consequently refer to
this scheme as the Py — Py method. The resultant system of ordinary differential
equations (ODE's) is integrated in time with a high-order splitting scheme for low-
Mach-number reactive flows [28]. The low-Mach-number formulation allows the
thermochemistry subsystem to be decoupled from the hydrodynamic subsystem,
which has the advantage that an appropriate stiff ODE solver can be used to integrate
the fully coupled discretized energy and species equations, thus avoiding additional
splitting errors.

For the thermochemistry subsystem, the spatially discretized energy, species,
and thermodynamic pressure equations, (16)—(18) and (23), are integrated in time
with a variable-step kth-order (k = 1, ..., 5) integrator, CVODE [33]. The density
is removed from the equations by using the equation of state. The equations are
solved implicitly with the exception of the convecting velocity fields, which are
approximated by using high-order explicit extrapolation. The links between thermo-
and hydrodynamic subsystems are the density and the divergence constraint (21),
which account for the influence of density variations on the velocity field.
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The solution of the hydrodynamic subsystem is based on a projection-type
velocity correction scheme introduced by Orszag et al. [34]. As a first step, the
velocities are updated with the nonlinear terms and a pressure Poisson equation is
solved by using boundary conditions based on a third-order extrapolation of viscous
contribution of the velocity. Once the hydrodynamic pressure, p;, is known, the
velocity is corrected in a second implicit viscous correction step based on standard
Helmbholtz equations (36). The low-Mach-number formulation yields kth-order
accuracy in time (typ., k = 3) for all hydrodynamic variables in combination with
minimal splitting errors as shown in [29] and [34]. As is the case for the Py — Py_,
formulation (8), this projection scheme amounts to solving, approximately, a linear
Stokes problem at each timestep, with boundary conditions being applied at time #".

Arbitrary Lagrangian-Eulerian Formulation Extension of the Py — Py for-
mulation to the ALE framework follows essentially the same steps as for the
incompressible Py — IPy—, method of Sect.2. A detailed derivation of the ALE
equations can be found in [35]. Sections 7.2 and 7.3 discuss validation of the code
modifications for constant and variable thermodynamic pressures.

In addition to solving the ALE momentum equations (13)—(15) and the pressure
Poisson equation, the ALE/low-Mach formulation requires the energy and species
equations to be integrated together with the single ODE for the thermodynamic
pressure (23). Similar to the momentum equation, the ALE form of temperature
(energy) and species equations is derived by introducing the mesh velocity, w, in
the convective operator. The resulting weighted residual statement reads as follows:
FindT,Y; € Xév such that

d
@D -V —u-VT) =

N,
S y—1 dpo
— (VY AVT) — w,ghiwi -, (w, dt) (24)

d
g W Y) = (@ V- (wH) —u- VY) =
— (VY. pD;VY) + (Y. &) Yy €X{, (25)

where the Vs are interpreted to be a different set of test functions for each of the
thermal/species equations. Here, the surface integrals have been omitted under the
assumption that only homogeneous boundary conditions are considered.

In the absence of chemical reactions (i.e., of numerical stiffness) and when the
thermodynamic pressure is constant, the ALE energy and species equations are
integrated by using the same semi-implicit formulation as with the momentum. In
this case, the semi-discrete form of the equations becomes
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P, + (V9 AV, =

k
Zﬁf v, ") —i—Za] N (26)

Jj=1

Bo

Ar (v.Y"), + (V. oD VY!) =

k
IBj n—j
- e +Z% g @7)
j=1
where
=i . . n—j
N7 =Y. [V-wl —u-VII"Y)
and
NI = wY —u-VY |
Ny ' = (w, [V-wY;,—u- VY]] )n—/
In the presence of chemical reactions and thermodynamic pressure variation, the

ALE energy and species equations are integrated implicitly by using CVODE as
follows.

(w, dT) — (. [ — ] - VT,

dt
Ne vl dp
n _ n - 0
— (VY. AVT"), ;(w,h,wi)n—}— y (w, 0 ) (28)
dy; L .
— (VY. AVY!) + (V. o), (29)

and

k k
Fim Y=Y
Jj=1
The ALE formulation is thus implemented in the energy and species equations by
replacing the fluid velocity u in the convective term with (u — w) and by updating
the geometry £2(¢). We note that because CVODE uses adaptive timestepping, the
mass matrix must be updated and inverted at intermediate time points in the interval
["~1,"]. Fortunately, as shown in the next section, the high-order quadrature of
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Algorithm 2

1. Compute T, Y;, and pg at t* from (28)—(29) and (23) using CVODE with explicit updates of
X € 2(1).

2. Calculate Q7 from (22).

3. Update the mesh velocity and hydrodynamic subsystem (13)—(15) using Algorithm 1.

the spectral element method yields a diagonal mass matrix that allows this system
to be advanced at low cost. We summarize the low-Mach ALE formulation in
Algorithm 2.

4 Spectral Element Method

Here, we describe the spectral element bases, operator evaluation, and implementa-
tion of inhomogeneous boundary conditions that are central to our moving-domain
simulations. A critical aspect of the SEM is that neither the global nor the local
stiffness matrices are ever formed. Elliptic problems are solved iteratively and thus
require only the action of matrix-vector multiplication. Preconditioning is based on
either diagonal scaling or hybrid multigrid-Schwarz methods with local smoothing
effected through the use of separable operators [11-13, 36]. Exclusive reliance on
matrix-free forms is particularly attractive in an ALE context because the overhead
to update the operators as the mesh evolves is effectively nil.
We illustrate the basic components by considering the scalar elliptic problem,

—V-uVu + yu=f, u=gond2p, Vu-n = 00nd2\df2p, (30)

with Dirichlet conditions imposed on 9§2p and Neumann conditions on the remain-
der of the boundary, 0§2\0§2p. The coefficients and data satisfy 4 > 0, y > 0,
f € ZL%(R), and g € C°(082p). This boundary value problem arises in many
contexts in our Navier-Stokes solution process. With y = B/ At and v a constant, it
is representative of the implicit subproblem for the velocity components in (5). With
y = 0 we have a variable-coefficient Poisson problem that arises in the pressure
substep for the low-Mach formulation and in the lifting operators for the mesh
velocity that will be introduced at the end of this section.

The discrete variational formulation of (30) is as follows: Find u(x) in X,ZJV such
that

(Vu, uVu) + (v, yu) = (v.f) Yuv € XY, (31)

where, as in the Navier-Stokes case, X} (X)) denotes the space of functions in X"
that satisfy u = g (u = 0) on d£2p. We symmetrize (31) by moving the boundary
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data to the right-hand side. If u;, is any known function in X%, the reformulated
system is as follows: Find uo(x) in X} such that

Vv, uVug) + (v, yuo) = (v.f) = (Vv, uVup) — (v, yup)
You e X)), (32)

with u = ug + uy.

We formally introduce a global representation of u(x), which is never used in
practice but which affords compact representation of the global system matrices.
Let any u € X" be represented in terms of a Lagrange (nodal) interpolating basis,

u(x) = Y up;(x), (33)

j=1

with basis functions ¢;(x) that are continuous on £2. The number of coefficients,
n, corresponds to all basis functions in X". Ordering the coefficients with boundary
nodes numbered last yields n interior nodes such that Xév = span{¢;}]. Let I, be
the n x n identity matrix and R = [I, O] be an n X n restriction matrix whose last
(77 — n) columns are empty. For any function u(x) € X" we will denote the set of 7z
basis coefficients by u and the set of n interior coefficients by u. Note that u = Ru
always holds, whereas i, = R” u, holds only for functions uy € X
We define the stiffness A and mass B matrices having entries

Aj = (Vi uVe), By = (¢ ¢y), i jefl,.... i} 34)

The systems governing the interior coefficients of ug are the n x n restricted stiffness
and mass matrices, A = RART and B = RBR?, respectively. A is invertible if n <n.
We refer to A as the Neumann operator because it is the stiffness matrix that
would result if there were no Dirichlet boundary conditions. It has a null space
of dimension one, corresponding to the constant function. !

With the preceding definitions, the discrete equivalent of (32) is

v A ug + )/vTBu0 =v'R [Bf — ;\ﬁb — yEﬁb]. (35)

Here, we have exploited the fact that 1y and v are in XV and for illustration we have
made the simplifying assumptions that y is constant and that f € X". Neither of
these assumptions is binding. Full variability, including jumps in u, y, and f across
element boundaries, can be handled in the SEM.

'We remark that A governs the pressure in certain Navier-Stokes formulations when the system is
closed. A pressure with zero mean is readily computed iteratively by projecting the constant mode
out of the right-hand side and out of the pressure with each iteration.
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Because (35) holds for all v € R”, the linear system for the unknown interior
basis coefficients is

HuozR[Bf—I:Iﬁb], (36)

withH := A + yBand H := RHR" . The full solution to (30) then is given by (33)
plus

it =R"uy + i, (37)
For the case f = 0, we recognize in (36)—(37) the energy-minimizing projection,
i = i, — R" (RART) ™' RH i1, (38)

which extends the trace of u,, into the interior of £2 in a smooth way provided that
y is also smooth.

Spectral Element Bases In the SEM, the global bases ¢; are never formed. Rather,
all operations are evaluated locally within each of E nonoverlapping hexahedral
(curvilinear brick) elements whose union forms the domain 2 = Ule £2°.
Functions in XV are represented as tensor-product polynomials in the reference
element, 2 = [—1,1]¢, whose image is mapped isoparametrically to each of the
elements, as illustrated for the case d = 2 in Fig. 1. As an example, a scalar field u(r)
on £2¢ in three dimensions would be represented in terms of local basis coefficients
Uy, as

N N N
W) =Y 3N hilr) hy(s) hat) uy. (39)
k=0 j=0 i=0

Here, r = [r,s,t] = [r1,r2,13] € §2 are the computational coordinates,” and &;(£)
are Nth-order Lagrange polynomials having nodes at the Gauss-Lobatto-Legendre
(GLL) quadrature points, § € [—1,1]. This choice of nodes provides a stable
basis and allows the use of pointwise quadrature, resulting in significant savings in
operator evaluation. Typical discretizations involve E = 10°-107 elements of order
N = 8 — 16 (corresponding to 512-4,096 points per element). Vectorization and
cache efficiency derive from the local lexicographical ordering within each element
and from the fact that the action of discrete operators, which nominally have O(EN®)
nonzeros, can be evaluated in only O(EN*) work and O(EN?) storage through the
use of tensor-product-sum factorization [25, 37].

2In this section, we occasionally use “¢” to represent the third coordinate in the reference domain
§2. It should not be confused with time because there is no temporal variation in the current context.
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The geometry, x°(r), takes exactly the same form as (39), and derivatives are
evaluated by using the chain rule. For example, the pth component of the gradient
of u at the GLL node & ;; := (&;, &, &) is computed as

du
0x,

8r1

873
E D”/I/t,,/k + I
£
ijk

ik Jj=0 p

Z arz
Du’ Uy
jk a

Egk i'=0 *p

E Dkk/uyk’

Sk k=

dhj

where D is the one-dimensional derivative matrix on [—1,1]. f),y =, ;

. We

note that if the metric terms g;" are precomputed, then the work to evaluate all
4
is (6N + 15)EN? ~ (6N + 15)#, and the number of

is similarly O(Nn).

components of the gradlent, ax,

dry
memory accesses is O(n1). The work to compute the metrics , (,
. A .0xg .
Using D, one evaluates the 3 x 3 matrix ajq , then inverts this matrix pointwise in
P

ary

O(N?) operations to obtain (F¢ bk = oy
P

. If u® is the lexicographically ordered
ijk

!
set of basis coefficients on element £2¢, its gradient can be compactly expressed as

w;=ZF D, p=1,2,or3, (40)

pq

where D| = I®I®I§,D2 :I®ﬁ®l,D3 :ﬁ®1®1,and,foreachp,qande,
F}, is a diagonal matrix.

The high order of the SEM coupled with the use of GLL-based Lagrangian
interpolants allows the integrals in (34) to be accurately approximated by using
pointwise quadrature. In particular, the mass matrix becomes diagonal. For a single
element one has

BS, = / & b dx = / / / [ 1P hy()e(0)] [ i (Phy ()i ()] 7€ drds it

~ Z pir pyr pier [ iV (& Y (Exr) | [ i (B Yhyr (§p )i ()| 260 i

i//j// k//
= Pipjpk/i;k 5ii/5]j/8kk/s 41
where #¢ = ‘ 3):” is the pointwise Jacobian associated with the mapping x°(r),
q

p; is the quadrature weight corresponding to the GLL point £, and §;7 is the
Kronecker delta. For compactness, we have also introduced the lexicographical
ordering 7:=i + (N + 1)(j — 1) + (N + 1)?>(k — 1). The same map takes the
trial function (7', k") to i’. The tensor-product form of the local mass matrix is
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Bt =J¢ (f? Q®B® B), where B =diag(py) is the 1D mass matrix containing the GLL
quadrature weights and J¢ is the diagonal matrix of Jacobian values at the quadrature
points.

Combining the mass matrix with the gradient operator yields the local stiffness
matrix as typically applied in the SEM, namely,

303 3
— T —
K=Y WG Dy Gy = Y, @
p=1 gq=1 =1
We note that G¢, = G¢  is a symmetric tensor field that amounts to six diagonal

Pq qap
matrice of size (N + 1)? for each element £2¢. Likewise, the variable diffusivity s is
understood to be a diagonal matrix evaluated at each gridpoint, S;k We emphasize
that for the general curvilinear element case A¢ is completely full, with (N + 1)°
nonzeros, which makes it prohibitive to form for N > 3. However, the factored
form (42) is sparse, with only 6(N + 1)* nonzeros for all the geometric factors G,
plus O(N?) for derivative matrices (and an additional (N + 1)* if 4 is variable). The
total storage for the general factored stiffness matrix is ~ 7n;, where nj=E(N +
1)3 is the total number of gridpoints in the domain. Moreover, the total work per
matrix-vector product is only ~ 12Nn;, and this work is effectively cast as highly
vectorizable matrix-matrix products [20, 25, 38].

To complete the problem statement, we need to assemble the local stiffness and
mass matrices, B and A°, and apply the boundary conditions, both of which imply
restrictions on the nodal values uf; and vj;. For any u(x) € X" we can associate
a single nodal value u, for each unique x, € £2. where g € {1,...,n} is a global
index. Let g = g7 be an integer that maps any X{; t0 X3 let/ = i+ (N +1)(j—1) +
(N +1)2(k—1) + (N + 1)3(e — 1) represent a lexicographical ordering of the local
nodal values; and let m = E(N + 1) be the total number of local nodes. We define
QT as the 2 x m Boolean gather-scatter matrix whose /th column is ég(l)’ where g(/)
is the local-to-global pointer and ¢ . 18 the gth column of the 7 x 7 identity matrix.
For any u € X" we have the global-to-local map u;, = Qu, where u, = {ue}f=l is
the collection of local basis coefficients. With these definitions, the discrete bilinear
form for the Laplacian becomes

E
(Vv, uVu) = Z W) AU = v{AL u; = (0v)TAL Qu =v"Q"A; Qu, = vTAu.
e=1

Here A; = block-diag{A°} is termed the unassembled stiffness matrix, and A = QT
AL Q is the assembled stiffness matrix. To obtain the mass matrix, we consider the
inner product,

E
(v,u) = Z(v“’)TBeu“’ = v{BLuL = (Qv)"B.Qu = v'Q"B; Qu, = v'Bu.
e=1
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Here, B, = block-diag{B‘} and B = QTB;Q are, respectively, the diagonal
unassembled and assembled mass matrices comprising local mass matrices, B°.

We close this section on basis functions by defining elements of the pressure
space. For the Py — Py (low-Mach) formulation described in Sect. 3, we take YV =
XN That is, the pressure is continuous and represented by basis functions having the
form (39). For the Py — Py_, formulation of Maday and Patera [24], the elements
of YV have the tensor-product form of (39) except that the index ranges from 0 to N-
2 and the nodal points are chosen to be the Gauss-Legendre quadrature points rather
than the GLL points. Furthermore, interelement continuity is not enforced on either
the pressure, p, or the corresponding test function, g. Element-to-element interaction
for the pressure derives from the fact that the velocity u and test functions v are in
XN ¢ H'. We refer to [11, 24, 25] for additional detail concerning the SEM bases
and implementation of the Py — Py_, formulation.

5 Mesh Motion

Mesh displacement is computed by integrating the ODE w = X in time, where
the mesh velocity w is subject to the kinematic constraint (4). The main idea is to
smoothly blend the boundary data into the domain interior. The original SEM-ALE
formulation of Ho [21] used an elasticity solver in order to lift the mesh-velocity
boundary data to the domain interior. This approach has proven robust for many
complex motions, including free-surface applications. It is expensive, however, with
the mesh solve costing as much as or more than the velocity/pressure solve.

We have found in several instances that simpler strategies offer significant cost
savings and can generate adequate blending functions. For example, for a tensor-
product domain with a free surface located at height z = H(x, y) and no motion on
the floor at z = 0, one can define the vertical mesh velocity satisfying (4),

wo(x,y,2) = H(; N u(e.y %H) Y (43)
where u is the fluid velocity, fi is the unit normal at the surface, and z is the
unit vector in the z direction. This approach has been used in free-surface Orr-
Sommerfeld examples [39].

For more complex domains, we typically solve Laplace’s equation (i.e., (30) with
y = f = 0) in order to blend the surface velocities to the interior, relying on
the maximum principle to give a bounded interpolant. Fluid dynamics applications
often require high-resolution meshes near walls in order to resolve boundary-layer
turbulence. If unconstrained, mesh deformation can compromise the quality of these
critical boundary-layer elements. The deformation can be mitigated, however, by
increasing the diffusivity near the walls so that the mesh velocity tends to match
that of the nearby object. The bulk of the mesh deformation is effectively pushed
into the far field, where elements are larger and thus better able to absorb significant
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M=l

Fig. 3 Two-cylinder mesh deformation resulting from variable-diffusivity solver for mesh velocity

deformation. We usually set u(x) = 1 + ae™ witha = 9and § := d/ A the
distance to the wall normalized by a chosen length scale, A. In the absence of any
other scale information, we set A equal to the average thickness of the first layer of
spectral elements in contact with the given object. To compute d, we use a Euclidian
graph-based approximation to the true distance function. A naive computation of the
distance function begins by initializing d to a large number at each gridpoint, setting
d = 0 on boundary nodes, and then iterating, with each point i assigning d; to be
min(d;, d; + dj;) for all points j connected to i, where dj; is the Euclidian distance
between i and j. The iteration proceeds until no distances are updated. The idea
of using variable diffusivity has been explored by other authors in finite-element
contexts where the coefficient is based on local element volumes (e.g., [40, 41]) and
can also be applied to the elasticity equations.

Figure 3 shows a close-up of an ALE spectral element mesh for a pair of unit-
diameter cylinders moving toward each other until the gap is .03. Here, A = 0.1;
and a new diffusivity function, ppew, is computed every 100 timesteps based on
an updated distance function. In order to make the function smooth in time, the
diffusivity is blended with preceding values by using a weighted update, u" =
0.95u™" + .05uunew. (With a more efficient distance function, one could simply
update the diffusivity at every step instead of using a weighted update.) Jacobi-
preconditioned conjugate gradient (CG) iteration is used to solve for the mesh
velocity. When coupled with projection in time [42], only a few iterations per step
are required in order to reduce the CG residual to 107>, Figure 3 shows clearly
that this procedure preserves element shapes near the cylinders except in the gap
region where the near-wall elements must yield to the cylinder motion. By tuning
the parameters one can ensure that compression in the gap is evenly distributed so
that the centermost elements are not squeezed to zero thickness before the near-wall
elements yield. We note that because the diffusivity is based on the geometry, there
is little hysteresis in the mesh deformation, which is not necessarily true if the mesh
diffusivity is based on element sizes.

We remark that if the geometric motion is prescribed, one can solve for the mesh
position at a few time points, optimize the mesh at these points (while retaining the
base topology), and then use a spline to generate the mesh velocity at all instances
in time. Such a strategy would yield optimal meshes that vary smoothly in time
and that incur low overhead for mesh motion. The base solutions can be generated
in a separate off-line calculation, for example, with the PDE-based approach just
described.
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6 Fluid-Structure Interaction

Here, we consider systems in which the boundary motion is determined dynamically
through interactions with the external flow field, rather than prescribed. A critical
feature of these problems is that the resulting system can be extremely stiff. Indeed,
because of incompressibility, the pressure responds instantaneously to acceleration
of boundaries, with the net effect that the system has added apparent mass arising
from the Navier-Stokes equations.

The stiffness associated with fluid-structure interaction (FSI) problems is well
known and has been the topic of much recent activity. Several strategies have been
pursued to develop robust and fast methods. A particularly robust approach is to
use a monolithic scheme with nonlinear iteration to solve for all fluid and solid
variables at each step. A comprehensive overview of this strategy is provided by
Hron and Turek [43]. Another strategy is to couple independent fluid and structural
codes, which offers the potential for using the state of the art from each of the
disciplines (e.g., using a structural code with support for contact problems, nonlinear
material response, and anisotropic materials). Decoupled methods generally either
are explicit or rely on subiterations at each step to improve stability. Gerbeau
et al. [44] analyze the stability of several coupling strategies, including subiteration
approaches, and identify added mass as one of the principal sources of instability. In
a subsequent paper [45], Gerbeau and coworkers identify that the added-mass effect
constitutes a linear phenomenon and suggest a coupled, but linear, FSI solution
strategy to keep the work low while retaining good stability properties. Farhat
et al. [46] demonstrate that a fully explicit subiteration-free strategy using staggered
fluid/structure updates can be robust even in the presence of strong added-mass
effects for examples having catastrophic (i.e., rapid) structural response.

Recently, a set of schemes with implicit treatment of the added-mass effect
have been developed by Banks and coworkers that allow for a decoupled approach
without subiteration [47—49]. The authors consider incompressible flows interacting
with elastic solids [48] and structural shells [49], as well as FSI for light rigid
bodies in compressible flow [47]. The key idea of these papers is to identify the
added-mass tensor from a characteristic analysis of the fluid-structure interaction.
For the incompressible flow cases, they further introduce a new set of mixed (Robin)
boundary conditions for the velocity and pressure, as has been considered by other
authors (see, e.g., [50] for an extensive review).

We consider an extension of these ideas to the case of light rigid bodies for
incompressible flow. The scheme is fully implicit and exploits the linearity of the
unsteady Stokes problem (8). The approach of [47] for rigid-body responses is
based on a characteristics analysis associated with compressible flow. The authors
identify the interface stress with the difference in velocity between the fluid and
the structure. Consideration of such a difference is sensible in the compressible
case because it is a measure of the temporal response of the fluid to the motion
of the structure. In the case of a rigid solid and an incompressible fluid, however,
there is no compliance, and the response is instantaneous. Nonetheless, the added-
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mass effect is a linear phenomena associated with the acceleration of the object
that ultimately manifests as a linear function of the unknown velocity at time #".
Here, we introduce a Green’s function approach to identifying the added mass in
the incompressible case and incorporating its effect into the implicit Stokes update
step (8) through superposition.?

We illustrate the procedure with the example of flow past a cylinder of mass m
that is allowed to oscillate in the y direction, subject to a restoring force F, = —« 7,
where the positive spring coefficient x may be a function of the displacement 7. In
addition to providing a relatively simple model, this problem is of interest in its own
right and continues to be a topic of analysis [51, 52]. From Newton’s third law, the
cylinder motion is governed by

mij = Fpet = Fy + Fe. (44)

The challenge of (44) is that the fluid forces Fy are strongly dependent on the
acceleration of the object, 7, particularly as the mass, m, tends toward zero. In this
limit we must have Fy = —F| or suffer unbounded acceleration. For this reason,
we seek an implicit coupling between (44) and the ALE formulation (8).

We begin with a BDFK/EXTk temporal discretization of (44),

k
m < n—j n mn
Atz B =F} + F, (45)
j=0
where kth-order extrapolation is used to compute the restoring force,
k
Fr=>"aFi7 = F + 0(Af) (46)
j=1

Note that 7"y, the product of the unknown cylinder velocity at * with the unit
normal in the y direction, corresponds to the boundary condition on the cylinder
surface for u” in (8).

We next break F’ ;‘ into two contributions: F’ ;‘ = Fy+aF,, where Fj is the standard
fluid lift force that would result from advancing (8) with a given cylinder velocity,
ns, whose value is at our discretion and whose choice is discussed shortly. We denote
the solution of this system as (uy, p;).

The second part of the force, F,, is the lift that results from the Green’s function
pair (u,, p,) satisfying the following: Find (u,, p,) € X{V x YN such that
Bo
A

1
, (v,ug), + Re (VV,8)n = (V-v.p)n =0 (¢.V-up), =0 (47)

3We remark that Patera’s original SEM paper [5] used a similar Green’s function approach to
enforce the divergence-free constraint at domain boundaries.
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for all (v, q) € X x YV, where X} is the subset of X" that vanishes on 952p
save for the cylinder surface, where u, = (0, 1, 0). From the velocity pressure pair
(ug, p,) we compute the lift F;. Note that we do not actually solve the unsteady
Stokes problem (47), but rather its time-split surrogate consistent with that used to
advance (8).

For either of the formulations described in the preceding sections the implicit
substep used to update (u”, p") is linear, and superposition may be used to satisfy
any number of constraints. The key idea is thus to set

' =u +au,, p' =p.+oap,, F'=F,+ aF, 7" =n+a, (48)

where « is chosen to satisfy (45) exactly. Because both sides of (45) are linear in «,
one has directly

Fy 4+ Fr— o (Bois + X i)
AtlBO - I

We make several remarks concerning this procedure. First, the case m = 0
presents no difficulty because F| is never zero. In fact, F, is negative (the restoring
force is opposite the applied velocity perturbation), so (49) can never suffer from
a vanishing denominator. Second, (uy,p;, Fy) results from the standard Navier-
Stokes update. Most of the expense is in iterative solution of the pressure, which
can be minimized if the apparent acceleration of the cylinder is zero, that is, if
ns 1= —(Zj].;l Bin"~)/Bo. The variation in 7" is made up by the contribution from
the Green’s function, whose cost is independent of . For computation of both the
s and g variables, significant cost savings are realized by using initial guesses that
are projections onto the space of prior solutions [42]. We remark further that F,
represents the influence of the added mass. From the denominator of (49) we see
that the effective added mass is

mg = —AtF,/ Bo.

The only time dependence for (u,, p,) arises from the fact that the domain is time
varying. Otherwise, one could compute (u,, p,) once in a preprocessing step and
reuse it for all time provided that Sy and At are invariant. We use such an approach
for rotating cylinder cases where the geometry is indeed invariant.

We note that explicit computation of F 7, which readily admits incorporation
of fully nonlinear responses (e.g., [52]), is a potential source of instability. Under
standard conditions, however, the Courant restriction on the fluid velocity update
will suffice to ensure that explicit treatment of the mass-spring system will be stable.
Consider the case where the spring is sufficiently stiff such that stability is a concern.
The dominant eigenvalue in this case is A, := :ti\//c/mv, where m, = m + m,
is the nonzero virtual mass that includes the added mass. Figure 2 shows that the
BDFL/EXTk stability region for k = 3 includes a portion of the imaginary axis and
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that this system will be stable when |A, Az| < 0.6. For the same timestepper, explicit
treatment of advection imposes a stability constraint of the form AtAcrr < 0.6,
where, for the SEM,

Ui

A ~ 1.5max ,
CFL A,

i

(50)

with u; and Ax; representing characteristic velocities and grid spacing at gridpoint
x;. (See Fig.3.5.2 in [25].) If the cylinder is oscillating in the stiff-spring limit with
amplitude 7, then the velocity scale is |u;| ~ 1o \/ K /m,, and we have

< ) \/’" (51)
max(l 1.5 °)

The Courant condition will hold under the assumption that the displacement is larger
than the characteristic grid spacing (i.e., 7o/ Ax; > 1). However, if the spring is so
stiff that translational motion is suppressed (179 < Ax;), then the Courant condition
due to spring motion will not come into play, and the stiffness associated with a
large spring constant could restrict At.

Extension of the Green’s function approach to more structural degrees of freedom
is straightforward. For each DoF, one generates a solution pair (ug,ps), g =1,...,
Npor, each of which leads to a nontrivial force or torque on each and every object.
One obtains an Np,r X Np,r matrix corresponding to (49) whose solution results
in an implicit solution to all the dynamical constraints. For a few DoFs, solution
of this system is not a challenge. However, the cost of solving Np,r systems
for the independent Green’s functions can become prohibitive if Np,r becomes
too large. Another extension is to use the Green’s function approach to remove
the stiffest contributions to an otherwise explicitly coupled strategy. In particular,
for compressible solids the mean compression mode (i.e., the volumetric change)
induces long-range accelerations in the fluid. It is straightforward to compute the
associated added mass by solving for the Greens function associated with the mean
compression mode and to add a multiple of this solution to obtain the requisite
force balance, as done in (48)—(49). We are currently investigating this idea, to
be discussed in a future article, in the context of coupling Nek5000 with a large
nonlinear structures code.

7 Results

Here, we consider several examples that illustrate the techniques introduced in the
preceding sections. These methods have been implemented Nek5000, which is an
open source spectral element code for fluid, thermal, and combustion simulations
that scales to over a million processors [53].
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7.1 Temporal-Spatial Accuracy

We illustrate the spatial and temporal convergence of the baseline Py — Py and
Py — Py—; discretizations using the BDFA/EXTk schemes outlined in the text.

We consider the family of exact eigenfunctions for the incompressible Stokes
and Navier-Stokes equations derived by Walsh [54], which are generalizations of
Taylor-Green vortices in the periodic domain £2 = [0, 27]?. For all integer pairs
(m, n) satisfying A = —(m? + n?), families of eigenfunctions can be formed by
defining streamfunctions that are linear combinations of the functions

cos(mx) cos(ny), sin(mx) cos(ny), cos(mx) sin(ny), sin(mx) sin(ny).
With the eigenfunction u’ := (—Vy, ¥x) as an initial condition, a solution to the
Navier-Stokes equations is u = ¢"*'u’(x). Figure 4 shows the vorticity for a case
proposed by Walsh, with ¥ = (1/4) cos(3x) sin(4y)—(1/5) cos(5y)—(1/5) sin(5x).
The analytical solution is stable only for modest Reynolds numbers. Interesting
long-time solutions can be realized, however, by adding a relatively high-speed
mean flow u, in which case the exact solution is

i(x, 1) = u + ¢"Mu’[x —ar, (52)

where the brackets imply that the argument is modulo 27 in x and y. By varying u,
one can advect the solution a significant number of characteristic lengths before the
eigensolution decays.

We typically run this case with periodic boundary conditions, but that is not
as strong of a test as having Dirichlet conditions, which are a well known source
of difficulty in time advancement of the incompressible Navier-Stokes equations
[27, 34]. In the present case, since we have an exact solution as a function of space
and time we can run the Dirichlet case with the solution prescribed on all four sides
of the domain. Starting with the initial condition of Fig. 4 (left), we take v = .01

Fig. 4 Eddy solution results at Re = 100: (left) vorticity at + = 0 for the initial condition (52),
(center) maximum pointwise error at time ¢ = 27 as a function At for Py — Py with N = 6-10
and (right) for Py — Py_, with N = 8-10. The dashed curve is 500A73
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and u = (1,.3) and evolve the solution to a final time 7 = 2. In that time, the
peak amplitude of the perturbation velocity, u — u, decays from 2.0 to 0.46. The
mesh consists of a 16x16 array of square spectral elements.

The right two panels in Fig.4 show the maximum pointwise error in the
x-component of the velocity for Py — Py (center) and Py — Py—, (right) as
a function of At for several values of N. The general trend is that the error
is dominated by spatial error for sufficiently small values of Ar and becomes
dominated by temporal error as At is increased until the CFL condition is violated,
at which point the solution is unstable. Both discretizations demonstrate O(A#})
accuracy for the velocity and both show exponential convergence in space. For
small At, increasing the polynomial order by just 1 yields more than an order-
of-magnitude reduction in error until the curve hits the temporal-error threshold.
Notice that the relatively poor performance of IPy — Py—, may be explained by
lack of resolution for the pressure. Based on this argument, one would expect the
N = 10 error for Py — IPy—; to be about the same as N = 8 for Py — Py. Indeed,
the N = 10 Py — Py result is bracketed by N = 8 and 9 for Py — Py. We note
that for this case the resolution of the pressure is a gating issue because its maximum
wavenumber is essentially twice that of the velocity, as must be the case given that
the pressure is the only term that can cancel the quadratic product involving the
velocity eigenfunctions.

We next use the Walsh example to test our ALE formulations. Once again we
have inhomogeneous Dirichlet conditions on all of 052 corresponding to @ (52).
We prescribe the mesh velocity, and for these tests we also lift the kinematic
constraint (4) since there is no need for the boundary to be a material surface.
We take an initial configuration (x°,y°) € £2° = [0,7])* and evolve this with the
prescribed mesh velocity

x = wcos(wt) sin(my°/7), (53)
w cos(wt/2) sin(zx’/7)(2y — 1), (54)

y

with @ = 5. Configurations of the domain at two time points are shown in Fig. 5,
from which one can see that this is not a volume-preserving transformation. Of
course it does not need to be because the known boundary data corresponds to a
divergence-free field at each point in space and time. The rightmost panel in Fig. 5
shows that third-order accuracy is once again attained, albeit with a larger error than
for the nonmoving case of Fig. 4. Somewhat surprisingly, the mesh motion leads to
a greater increase in temporal error than the increase in spatial error that one might
expect from the deformation of the elements. This increased temporal error results
from the rapid mesh motion combined with the relatively high spatial wavenumber
of the solution, which gives rise to rapid fluctuations in u,.
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103

Fig. 5 Eddy solution results at Re = 100 for moving domain case: (left and center) vorticity and
domain configurations at two timepoints, (right) maximum pointwise error vs. Az at time ¢t = 7 for
Py — Py and Py — Py_, with N = 10. The dashed curve is 50000A7>

outflow

Fig. 6 Distribution of velocity magnitude for the IPy — IP, approach on a vertical slice at t = 50

7.2 Constant Pressure Example

The discretization of the convective term including the mesh velocity used in the
newly implemented ALE method in the Py — Py formulation is identical to the one
used in the Py — IPy—, approach by Ho and Patera, which was extensively validated
in [21] and [23]. The accuracy of this scheme was also assessed in [55] using an
analytic solution in an expanding mesh setup.

For the 3D case, verification of the Py — Py implementation begins with tube
setup of Fig. 6. The moving mesh in this case generates a peristaltic pumping that
strongly influences the temporal and spatial evolution of the velocity field. The pipe
has a base radius R = 1/2 and length L = 16. The prescribed mesh velocity is

wy = —W ; cos(kz —wt), w, = —W;; cos(kz—wt), w, = 0, (55)

where W := A/w is the velocity amplitude and A := 0.1 tanh(0.2z) tanh(0.2¢) is
the amplitude of the displacement. The prescribed wavenumber is k = /3, and the
frequency is @ = 1. The Reynolds-number is always below 200 so that the flow
remains laminar. At the inflow a steady parabolic velocity profile with a maximum
axial velocity u, = 1 at the cylinder center is imposed while at the outflow zero-
Neumann boundary conditions are used. At the pipe walls the velocity is set equal
to the mesh velocity in order to prevent a flow across the walls. The numerical setup
including the mesh is given in the example peris of the Nek5000 package.
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Fig. 7 Instantaneous and 2 : ‘ ‘
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Figure 6 shows the velocity magnitude |u| distribution on an axial slice through
the pipe. The highest flow velocities can be observed in regions with larger pipe
diameters. The velocity magnitude of the Py — Py ALE formulation compared
with the Py —IPy—; results at t+ = 50 in Fig.7. The dashed line and the circle
markers represent the averaged axial velocity magnitude versus the channel length,
while the solid line and the square markers indicate the velocity magnitude along
the centerline (marked by the dashed line in Fig. 6). The mean and the instantaneous
velocity magnitudes show excellent agreement between the two formulations.

The implementation of the ALE approach in the temperature equation is verified
by simulating in the same setup using non-isothermal conditions at the inflow. Initial
and boundary conditions for the velocity field and mesh movement are identical to
the preceding flow case. The temperature at the walls is fixed to T/Tref =1, where
Tref = 300 K. At the inflow a parabolic temperature profile is imposed with a
maximum temperature of T/Tref = 1.125 in the pipe center, while zero-Neumann
boundary conditions are used at the outflow boundary. A homogeneous N,/O,
mixture (Yo, = 0.21, Yy, = 0.79) flows into the channel at a constant pressure of 1
atm. The temperature difference between pipe wall and inflow is chosen low enough
to limit its influence on the flow field, because in the Py — Py—, formulation the
incompressible Navier-Stokes equations are solved, whereas the IPy — Py approach
is based on the low-Mach-number formulation.

The computed temperature fields are shown at + = 8 in Fig.8 (left). The
decreasing temperatures in the flow direction are due to the cooler pipe walls. The
local temperature peaks in the thicker pipe segments are due to the larger distance
from the cylinder wall. The temperature distributions show excellent agreement
using the two formulations, as also seen in the instantaneous centerline profiles of
Fig. 8 (right).
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Fig. 8 Comparison of temperature for the IPy — Py_, and Py — IPy ALE formulations at t = 8:
(left) centerplane distribution at + = 8 and (right) instantaneous centerline temperatures

7.3 Varying Pressure Examples

The implementation of the variable thermodynamic pressure is validated by compar-
ison with a zero-dimensional CHEMKIN [56] simulation of isentropic compression.
A two-dimensional setup with a constant width of 75 mm and an initial height of 90
mm is compressed until a height of 15 mm is reached, resulting in a compression
ratio of 6. The piston speed is 200 rpm. Homogeneous conditions for temperature
(T = 819.45 K), pressure (p = 1 atm), and composition (YN2 = 0.7288, YO2 =
0.1937 and YCH4 = 0.0775) are used at BDC. Zero-velocity boundary conditions
are employed at the liner and the cylinder head, and the piston velocity is imposed
at the piston. Zero-flux conditions are imposed for the temperature and species
boundaries at all walls. For the homogeneous adiabatic CHEMKIN calculation the
same geometry and initial conditions are considered. In both cases, the chemical
reactions are calculated based on a reduced mechanism for CH4 combustion with
21 species and 87 reactions.

In Fig.9, the computed temperature and pressure time-histories are compared
with the 0-D CHEMKIN calculation. At time =0 the piston is at BDC and at
t =4 at TDC. The continuously increasing temperature during compression results
in autoignition at a nondimensional time # = 3. At TDC the temperature and pressure
are 2731 K and 20 atm, respectively. The plots show nearly identical evolutions of
the temperature and pressure profiles. The minimal offset in the autoignition timing
lies within the uncertainty of numerical settings such as the chosen timesteps or
imposed tolerances.

We next consider an example of fully turbulent compression from the direct
numerical simulations (DNS) presented in [2, 4]. The initial condition at bottom
dead center (BDC) (180° CA) were derived by a precursor DNS of the intake
stroke simulating the mixing of a unburnt A = 2 H2/air mixture at 500 K in the
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Fig. 9 Comparison of the temperature (left) and pressure (right) evolution during compression
between CHEMKIN and Nek5000

Fig. 10 Centerplane temperature distributions during a compression stroke for an engine-like flow
configuration at 1807, 225, and 270°CA

intake channel with a burnt A = 2 H2/air mixture at 900 K in the cylinder. During
compression the wall temperature is fixed to 500 K, and the Reynolds number based
on cylinder diameter and maximum piston velocity is Re = 2, 927.The temperature
rise resulting from compression is evident in Fig. 10, which shows the temperature
distributions at 1807, 225°, and 270°CA. The relatively cool region at the bottom
of the cylinder results from the piston scouring cold fluid from the walls and the
relatively hot regions in the upper part of the cylinder at 180°CA are related to
hot EGR gases entrained into the core of the ring vortex generated during the
intake stroke. As demonstrated in [2, 4], the final temperature distribution is not
strongly dependent on the initial thermal distribution; one obtains essentially the
same distribution at 270°CA even when the initial distribution at 180°CA is uniform.
A detailed analysis of the flow and temperature field evolutions during compression
can be found in [3].
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7.4 Dynamic Response

We illustrate the implicit fluid—structure interaction formulation by considering the
case of flow past a cylinder of radius Ry and mass m = pcer% that is allowed
to oscillate in the y-direction subject to a spring constant k = (27f,)>. Here, the
density of the cylinder is p.; the characteristic length scale is the cylinder diameter
Dy = 2Ry; and the time scale is the convective time, T := Dy/U,, where Uj is
the inflow velocity. We assume the fluid density p = 1 and define the Reynolds
number Re = UyDy/vg. We consider Re = 100, f, = 0.167, and p. = 0 and 10.
Several authors have studied the p. = 10 case under these conditions and found the
displacement amplitude to be nmax in interval 0.49 to 0.503 [52, 57, 58].

The cylinder is centered at (x, y) = (0, 0), and the domain consists of 218 spectral
elements of order N = 14 with inflow conditions (¢, v) = (1,0) at x = —13.75,
homogeneous Neumann (outflow) conditions at x = 38.75, and periodic boundary
conditions at y = £25. The timestep is At = .005. A close-up of the mesh and
the vorticity at the peak vertical displacement is shown in Fig. 11a. Time traces of
the displacement for p. = 0 and 10 are shown in Fig. 11b. These cases were started
with an initial condition corresponding to a fully developed von Karman street at
Re = 100. The asymptotic amplitude and frequencies were found by a nonlinear
least-squares fit (over a longer time than shown in the figure) to be A = .0242 and
w = 1.075for p. = 0 and A = .505 and w = 1.040 for p. = 10. For these cases,
the added mass from (50) is m, ~ 1.234 times the displaced mass, which is slightly
greater than the unit value predicted by potential theory for flow past a cylinder.
This increase is explained by the fact that the unsteady Stokes subproblem, which
includes the At time constant, entrains additional mass due to viscous effects. With
a reduction in Af and viscosity, (47) with (50) predicts the potential flow result to
within five significant digits.
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Fig. 11 Sprung cylinder example: (a) vorticity and part of the domain showing the spectral
element boundaries at peak displacement; (b) amplitude and frequency as a function of cylinder
mass
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8 Conclusions

We have described recent advances in the SEM that target efficient simulation of
turbulent flows in moving domains. A new ALE-based low-Mach formulation has
been introduced that allows simulation of turbulence in closed domains such as
IC engine cylinders. Several examples attest to the fidelity of this approach when
compared with the baseline Py — Py—, formulation [21, 23, 24], with analytical
solutions in two dimensions, and with the zero-dimensional results of CHEMKIN
[56]. Strategies for efficient mesh motion have been described, including the
use of variable-coefficient Laplace solvers with projection in time to yield low-
cost extension of boundary data into the domain interiors with controlled mesh
quality. A decoupled, iteration-free, implicit solution strategy for fluid—structure
systems with a few degrees of freedom has also been presented that exploits the
underlying linearity of the governing processes to allow superpositions of solutions.
These developments set the stage for several forthcoming turbulence simulations of
relevance to the transportation and energy sectors and for future FSI simulations in
which the structural code is essentially a black-box routine.
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Eight Great Reasons to Do Mathematics

Chris Budd

Abstract In 2012 the UK Government identified eight great technologies which
would act as a focus for future scientific research and funding. Other governments
have produced similar lists. These vary from Big Data, through Agri-Science to
Energy and its Storage. Mathematics lies at the heart of all of these technologies
and acts to unify them all. In this paper I will review all of these technologies and
look at the math behind each of them. In particular I will look in some detail at the
mathematical issues involved in Big Data and energy. Overall I will aim to show that
whilst it is very important that abstract mathematics is supported for its own right,
the eight great technologies really do offer excellent opportunities for exciting new
mathematical research and applications.

1 Introduction

Lets face it, at the moment we still do have a problem with the image of
mathematics, which is perceived, widely, to be useless and irrelevant to the modern
world. Of course this is very far from the truth, as every (applied) mathematician
knows. Indeed mathematics lies at the heart of nearly all of modern technology, as
well as much of art and popular culture.

There are spectacular examples of the role played by mathematics and by
mathematicians in the developments in technology over the last 150 years. Perhaps
the best of these is the discovery of electromagnetic waves by purely mathematical
reasoning by Maxwell. It is very hard to think of any modern technology, whether
it is a TV, a mobile phone, a SatNav device, a computer or a microwave cooker,
which doesn’t completely rely on Maxwells fundamental discoveries. There are
numerous other examples. Everyone now uses Google to search the Internet, and the
algorithm behind this, developed by Brin and Page, relies on finding eigenvectors of
(very large) matrices. The Internet itself only works because of a deep understanding
of the mathematical behavior of networks and the heavy use of probability theory
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in ensuring that information is transmitted reliably over it. Modern medicine has
been revolutionized by the use of medical imaging technology, which relies on the
mathematical theory of inverse problems, and also on the graphical presentation of
medical statistics (to policy makers), which was pioneered by Florence Nightingale.
Mathematics is hugely important in the computer graphics and games industry.
We all rely on mathematics to keep our financial (and other transactions) secure,
and our view of the change in the climate over the next 100 years is, of course, a
view informed by careful mathematical models.

So where are we heading next? Mathematics, by its very nature, is boundless
in its applications, and should, of course, be pursued as an abstract study for
its own sake, and in this way will drive future technology, rather than be driven
by it. (Maxwells work is a perfect example of this). However, in the UK, HM
Government has itself identified a list of Eight Great Technologies which it sees
as the future technologies in which the UK will be a world leader. These were
launched in 2012 (although some have been added since) in a speech by the former
minister for science The Rt. Hon David Willetts MP. This speech has led to an HM
Government Industrial Strategy report and a flurry of activity on many websites.
More information on the eight great technologies is given in the report [1]. See also
the government publication illustrated in Fig. 1.

Fig. 1 The original
government publication on
the Eight Great Technologies
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It was noticeable that in his speech, in the report, and in the activity it generated,
that the role of mathematics was only mentioned briefly, in the context of Big
Data, which we will look at presently. This is a symptom of the issues regarding
the perception of mathematics that I have highlight above. However, as I will
attempt to show in this article, mathematics lies at the heart off all of the eight
great technologies and links them all together. Indeed I would argue that they are
eight great mathematical technologies. Furthermore, I would expect that the process
of getting mathematicians engaged with them, and addressing the huge challenges
that they bring, will lead to many breakthroughs in pure mathematics. So, lets go
for it. They are truly eight great, but certainly not the only, reasons for doing maths.

2 The Eight Great Technologies

In the original speech in 2012 the Eight Great Technologies were identified as
being

. Big Data

. Satellites and space

. Robotics and autonomous systems
. Synthetic biology

. Regenerative medicine

. Agricultural science

. Advanced materials

. Energy and its storage.

0NN N bW

More recently, quantum based technology has been added to this list, and it is
likely to grow further, but I will confine myself to the original list for the purposes
of this article. Indeed I cannot in this article do justice to all of these original
technologies, so my intention is to say a little about the mathematics in all of
them, a bit more about the mathematics associated with Agri-Science and Advanced
Materials and, to give some detail about the mathematics behind Big Data and
Energy.

The UK list was identified by the Policy Exchange Think Tank and the Technology
Strategy Board in collaboration with research scientists and members of the research
funding bodies. A technology made it on the list if:

» It represented an important area of scientific advance

* There was already some existing capacity for it in the UK

» It was likely that new commercial technologies would arise from it
* There was some popular support for it

In an era of austerity and cuts (or at least no increase) in science funding in the UK,
the technologies offered the promise of an immediate £600M and then up to £1.5
Bn of new capital investment. This is on top of £4.6 Bn baseline science research
funding. So it was a substantial commitment of funds.
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It is interesting that at about the same time that the eight great technologies
were launched in the UK a similar list of ten ‘National Science Challenges’ was
launched in May 2013 in New Zealand, with a similar promise of targeted funding.
The New Zealand list is interesting both for its similarities, and its differences from,
the UK list. For example it is much more health and environment focused. It is as
follows [2]

. Ageing

. Birth and childhood health

. Diabetes and cancer

. Nutrition

. National Bio-diversity

. Agriculture/land and water quality
Marine resource sustainability

. Antarctica

. New technologies

. Natural disasters

SO AU W~
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Similar lists, which overlap considerably in content with those from the UK and
New Zealand have been compiled in other countries’ government publications as
well as in the popular media (such as the MIT Technology Review or the Scientific
American).

3 The First Great Technology: Big Data

One of the biggest challenges that we all face is the challenge of big data and we
will look at this first, and in some detail. This was rightly put at the top of HM
governments list (although it did not appear in the New Zealand list) and it is my
firm belief that Big Data impacts hugely on all of the eight great technologies. The
reason is simple. We live in the information age, and most of what we do is hugely
influenced by our access to massive amounts of data, whether this is through the
Internet, on our computers, or on our mobile phones. About 100 years ago when
we were transmitting information by Morse code, the transmission rate was 2 bytes
per second. This improved with the use of the teleprinter to 10 bytes per second,
and then with the modem to 1 kilobyte per second. In contrast, with modern data
we are looking at transmission rates of over / gigabyte per second. Similarly early
computers (such as the one I used to do my PhD!) had about 1 kilobyte of random
access memory (RAM) (with more data having to be stored, unreliably, on magnetic
or even paper tape). Whereas a modern lap top has several gigabytes of RAM and
up to 1 terabyte of memory. Access to such a large amount of data leads in turn to
large technological and ethical problems. Mathematics can help us with the former,
and we should all be aware of the latter. So, what does the ‘Challenge of Big Data’
mean? According to a recent UK report [1] it is:



Eight Great Reasons to Do Mathematics 249

The collection, handling, assurance, curation, analysis and use of:

» Large amounts of existing data using existing methods and technology
» Existing data using new methods and technology
* New data using new methods and technology

The challenge of dealing with such data is always to derive value from large signals,
where the useful data may be buried in an avalanche of noise.

3.1 Where Does Big Data Come From?

Perhaps the leading source of current Big Data comes from the Internet. According
to a recent estimate, about 10?! bytes (a zettabyte) of information are added to the
Internet every year, much of which is graphical in content. The ‘internet penetration’
in both the UK and Canada (see Fig. 2) is over 80%, and in all but a few countries
is over 20 %. This wealth of data leads in turn to the huge mathematical problems
of how we identify, search and organize this information. A major source of this
data comes from the ever growing content on Social Media websites. For example,
Facebook was launched in 2004. It now has 2 Billion registered users (about 1/4 of
the world’s population!) of what 1.5 Billion are active. Around 2.5 Billion pieces
of content (around 500 terabytes of information) are added every day to Facebook
sites, with most of this data stored as pictures. The search engine Google is estimated
to somewhere around 1-15 exabytes (10'° bytes) of data (which it searches by
using an algorithm based on finding eigenvectors of very large matrices.) Another
source of Big Data comes from mobile and smart phones. There are now more
mobile phones than people in the world, with the potential for 2.5 x 10'° possible
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simultaneous conversations. The forthcoming plans for a 5G network will operate
on millimetre wavelengths at frequencies as around 70GHz (and are already being
piloted in my home town of Bristol, UK). This will offer data rates at 1 gigabyte
per second offered simultaneously to tens of workers on the same office floor and
with several hundreds of thousands of simultaneous connections to be supported
for massive sensor deployments. Such sensors can provide constant monitoring of,
say, our state of health, with significant ethical implications. Indeed the future is
rapidly approaching (such as the Internet of things) in which our devices simply
communicate with each other (for example the cooker talks to the dishwasher and
also to the supermarket every time a meal is prepared) with little or no human
interference.

As well as the devices above, significant amounts of data, of significant interest to
the social sciences, comes from the way that we use them and the information that it
gives about our lifestyles. Again there are significant ethical issues here. Every time
that we make a purchase with Amazon, use our bank on-line, switch on an electrical
device, or simply use a mobile phone or write an email, we are creating data which
contains information which can in principle be analysed. For example our shopping
habits can be determined, or our location tracked and recorded. Mathematics can be
used at all stages of this, but we must never lose sight of the moral dimension in so
doing.

3.2 The Nature of Big Data

In one sense, Big Data has been the subject of mathematical investigation for at
least 100 years. Any mathematical model described by a partial differential equation
with an infinite number of degrees of freedom, naturally leads to a source of a
large amount of data. A classical example of this is meteorology, in which the
current meteorological models (typically based on extensions of the Navier-Stokes
equations) are solved on super computers with discretisations with 10° degrees of
freedom informed (in a typical 6 hour forecast window) by 10® observations of the
state of the atmosphere and oceans. Similar large data sets arise in climate models,
geophysics and astronomy. However, the data in these problems, whilst very large, is
also well structured and well understood (with known levels of uncertainty), as befits
its origins in the physical sciences for which we have good and well understood
mathematical models. The real challenges of understanding and dealing with Big
Data do not come from these data sets, however large they may be. In contrast
the real difficulties arise from data which has its origins (as described above), in
the biological sciences, the social sciences and in particular in people based activity.
Such data is Challenging in that it is: garbled, partial, unreliable, complex, soft, fast
arriving, and (of course) big. It is also Novel and very different from much of the
data arising from physical models in that it is: heterogeneous, qualitative, relational,
and partial.
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3.3 What Questions Do We Want to Ask of Big Data?

The novel aspects of Big Data lead in turn to challenges in how we deal with it,
indeed how we visualise it, make speculations from it, model it, understand it,
experiment on those systems which generate it, and ultimately how we might control
those systems. The mathematical and scientific challenges behind these questions
are as varied as they are important, and the very scale of big data makes automation
necessary and this, in turn, necessarily relies on mathematical algorithms.

As examples of such questions we can include the following:

* Ranking information from vast networks in web browsers such as Google

* Identifying consumer preferences, loyalty or even sentiment and making person-
alised recommendations

* Modelling uncertainties in health trends for individual patients

* Monitoring health in real time (especially in the environment that 5G will lead to)

» Using smart data gathered from energy usage to optimise the way that the energy
is then supplied to consumers.

3.4 The Mathematics of Big Data

It is fair, I think, to say, that many of the future advances in modern mathematics
(together with theoretical computer science) will either be stimulated by the
applications of Big Data or driven by the need to understand Big Data. Of
course many existing mathematical techniques (some of which until recently were
considered as ‘pure mathematics’) are now finding significant applications in our
understanding of Big Data. A key example of this is the mathematics of network
theory. This describes objects, described by nodes, and the connections between
them, described by edges. Network theory explains the connections between the
objects (often formulated through an adjacency matrix), allows us to search the
network for connections between the data (by finding structures in the adjacency
matrix), and can describe (via differential equations) the movement of information
around the network itself. As an example the nodes could be computers or website
on the computes, and the edges, connections between the computers or links
between the websites. The nodes can be people and the connections to their
friends on Facebook or Twitter, or they could be mobile hand sets and the link a
conversation or simply a close proximity which might lead to interference. This
issue is particularly important, as with 7 billion people in the world, there are a
potential of 2 x 10'” conversations over a mobile phone network, each of which
must not interfere with any other. Indeed, managing the mobile phone network
(which is of course also hugely used to download data) is a significant and growing
application of the theory of graph colouring which until recently was regarded



252 C. Budd

as firmly in the domain of pure mathematics. Other examples of networks which
lead to big data include: social networks: Friendship, sexual partners, Facebook
and other social media, organisational networks: Management, crime syndicates,
Eurovision, technological networks: World-wide-web, Internet, the power grid,
electronic circuits, information networks: DNA, Protein-Protein interactions, cita-
tions, word-of-mouth, myths and rumours, transport networks: Airlines, food
logistics, underground and overground rail systems, ecological networks: Food
chains, diseases and infection mechanisms. For many more examples see the review
article by Newman [3].

Network theory can be used to address more of the many questions related to Big
Data as described above. Specifically network theory based algorithms can be used
to segment data and find clusterings in data. Such information is vital in data mining
and pattern recognition, and is especially important to the retail industry, segmenting
graphs (which can include images) into meaningful communities, finding friendship
groupings, investigating the organisation of the brain, and even finding Eurovision
voting patterns. These voting patterns are illustrated in Fig. 3. A careful analysis of
the network illustrated by this figure shows that the rumours of voting blocks really
are true! [4]

Such analysis can also help with the very significant problem encountered in
many applications of linking databases with different levels of granularity in space
and time Equally important is the question of how connected the network is, and
what is the shortest length £ of a path through the network. This is essential for
efficient routing in the Internet, interpretation of logistic data, speed of word of
mouth communications and marketing. Network theory is also essential in searching
for influential nodes in huge networks (of huge importance to search engines),
and in finding the resilience of a network which can be used to break a terrorist
organisation, or to stop an epidemic.

Fig. 3 A network showing

who voted for who in the ©
Eurovision Song Contest.

Can you spot any patterns?
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Of course, network theory, whilst important, is just one of a variety of mathe-
matical techniques used to study Big Data. As much of Big Data takes the form
of images, mathematical algorithms which classify, interpret, analyse and compress
images are extremely important in all Big Data studies. Linear signal processing,
and related statistical methods have long been used to analyse and interpret images.
But there has recently been a significant growth in novel mathematical algorithms,
drawing on ideas in ‘pure mathematics’. Some of these algorithms, particularly
those for image segmentation or denoising, are based on the analysis of nonlinear
partial differential equations, leading to some powerful and unexpected applications
of such areas of analysis as the p-Laplacian [6]. Algebraic topology plays a very
useful role in classifying images, and in particular persistent homology [7] can be
used to find means of classifying objects in and image which do not depend upon
the orientation of the object and is a method for computing topological features
of an object at different spatial scales. Cohomology and tropical geometry, in
particular combinatorial skeleta allow for a different for of object classification.
Finally, techniques from category theory can be used to ‘parse’ an image to see how
the various components fit together, and also (in the context of machine learning)
to allow for machines to ‘perceive’ what the objects are in an image and to make
‘reasoned’ decisions about it.

A recent and exciting development in the mathematical analysis of Big Data,
due to Emmanuel Candes, Justin Romberg, Terence Tao and David Donoho [5]
is the area of compressed sensing. Traditional signal processing has used Fourier
or wavelet based methods to represent data, and compression is then achieved by
a suitable truncation of this representation. In contrast, compressed sensing aims
to exploit sparsity in the data and to achieve compression by direct sampling.
(One mechanism for doing this is to use more ‘blocky’ representations of figures
using piecewise constant representations, achievable through techniques using L,
or TVD optimisation of the figures.) Compressed sensing is finding very important
applications including in the representation of large data sets arising in medical
applications.

Big Data is of course also a significant driver for advances in computer science,
and the development of novel computing algorithms. These include encrypted
computation, (which relies heavily on results in number theory), quantum annealing
and quantum algorithmics. This is only a short list. Other areas of mathematics and
computer science which have found applications in the study of Big Data include:
segmentation clustering, optimal and dynamic sampling, uncertainty modelling and
generalised error bounds, trend tracking and novelty detection, context aware-
ness, integration of multi-scale models, real-time forecasting, data integrity and
provenance methods, visualization methods, data compression and visualisation,
dimension reduction, machine learning, logic and reasoning, and optimisation and
decision.

Essentially, watch this space! I am confident that we will see great advances in
pure, applied and computational maths arising from these challenges.
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3.5 The UK Response

The UK government has responded positively to the importance of funding mathe-
matically focused research into Big Data. To this end the Engineering and Physical
Sciences Research Council (EPSRC) (which is the rough equivalent of NSERC
or NSF) has committed around £40 Million to found the Alan Turing Institute
(ATTI). This is a collaboration between the founding partner universities of Oxford,
Cambridge, Edinburgh, Warwick and University College London (UCL) together
with non-academic partners including GCHQ (the UK equivalent of the NSA) with
Andrew Blake from Microsoft Research as the first director. The site of the ATI will
be the British Library close to St. Pancras station in North London. See the website
https://turing.ac.uk/ for more details. According to this website

The work of the Alan Turing Institute will enable knowledge and predictions to be extracted
from large-scale and diverse digital data. It will bring together the best people, organisations
and technologies in data science for the development of foundational theory, methodologies
and algorithms. These will inform scientific and technological discoveries, create new
business opportunities, accelerate solutions to global challenges, inform policy-making, and
improve the environment, health and infrastructure of the world in an Age of Algorithms.

I expect to see similar developments in many other countries in the near future.

4 Satellites and Space, Robotics and Autonomous Systems,
Synthetic Biology, Regenerative Medicine

The methods for working with Big Data have natural applications in the second
great technology: satellite and space technology. In fact one of the big early success
stories in the data revolution was the use of error correcting codes in the 1970’s to
transmit the images from distant planets back to the Earth without error. Such codes
are usually based on finite function fields, again an area previously thought of as
pure mathematics. With satellites playing possibly the major role in transmitting
more and more information, the need for evermore sophisticated mathematical
algorithms to keep this information accurate and secure, will continue to drive
mathematical developments in algebra and discrete systems. The mathematical
theory of systems of symplectic Hamiltonian ordinary differential equation, posed
on Lie Groups, is also finding a major application in helping to understand and
control the dynamics of satellite systems. As such calculations have to be done
over long time periods, the numerical methods to approximate the solution of such
systems have to be very carefully designed. There is currently a great interest in
geometric integration methods which combine numerical analysis with differential
geometry to make such calculations accurate and reliable [8]. Similar numerical
methods are also used to simulate the movement and control of the robotic systems
which form the third of the great technologies. Other applications of mathematics
to robotics include Bayesian machine learning algorithms (which also can make use
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of category theory), pattern recognition techniques (which link again to Big Data),
neural networks and computer vision. There is also a natural between Big Data and
the fourth great technology of genomics and synthetic biology. In particular, this
technology relies on understanding how genes and proteins interact and this can be
studied by using gene/protein networks, where the edges of the network describe
allele combinations that control specific phenotypes. The fifth great technology of
regenerative medicine involves those aspects of tissue engineering and molecular
biology which deals with the “process of replacing, engineering or regenerating
human cells, tissues or organs to restore or establish normal function” [10]. This
involves mathematical modelling, and especially the development of novel flexible
materials (see also the seventh great technology). Of course mathematics has many
other applications to medicine including medical statistics (with huge relevance to
Big Data), modelling, and curing, cancer and in the various inverse problems arising
in medical imaging.

5 The Sixth Great Technology: Agri-Science

Food and beverage processing is the world’s largest manufacturing industry and a
recent UN Forecast has stated that if the population continues to rise at its present
rate, then the world food output must increase by 70% by 2050. Achieving this
output is significant challenge to agriculture and to the science behind agriculture.
Mathematics plays an important part of this, with many existing, and potential,
applications in agri-science and food technology. The fundamental process of
growing (including irrigation), freezing, cold storing, cooking, making, eating and
even digesting food are all areas in which the application of areas of mathematics
such as thermodynamics, (non-Newtonian) fluid mechanics, and partial differential
equation theory, can make a very big difference to food safety and production. As
an example the partial differential equation

H, = kV*T + poQe™* (1)

where H is the enthalphy of a food product, x the distance into the food, T its
temperature, Q the strength of a microwave field and p( the dielectric permittivity
of the food, can be used to predict the temperature of a moist food stuff when
heated in a microwave oven. This in turn can be used to predict the safety of
the microwave cooking process. Mathematics can even be used to simulate the
production of such an iconic Canadian product as Maple Syrup, see [12], in which
partial differential equations are used to model the movement of sap in a Maple
Tree. Similarly, the logistics of feeding a growing world population, which requires
food to be packaged, transported and disposed of safely and efficiently, requires
the mathematics of optimization and operational research (and network theory and
indeed Big Data again). Another major challenge to agri-science is the future of the
bee population. This is in a state of significant decline, and if the bees were to vanish
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then much of modern agriculture would not be possible. Mathematics can help in the
challenge of saving the bees by providing a technology by which bee populations
in a hive can be monitored in a non invasive or harmful manner. This is achieved
by using tomographic X-Ray imaging, where the shadows cast by X-rays are used
to look inside the beehive. Diagnostic radioentomology is a technique, developed
primarily by Mark Greco, that takes entomological studies and combines them
with medical diagnostic methodologies [13]. This imaging technique is sufficiently
sensitive to resolve individual bees and to see how they are responding to changes
in their environment. This technology for resolving the bees is similar to that used
earlier in the CAT scanners used in medical imaging before MRI scanners replaced
them. However there are important differences. Most notably, the X-ray dosage for
bees has to be very low indeed to avoid injuring them, also bees have a splendid
habit of moving around whilst they are being scanned. This reduction in dosage, and
also an improvement in the image quality (at the expense of greater computational
complexity but with increased safety for the bees) can be achieved by using the
compressed sensing techniques described above. An image of the bees can be seen
in Fig. 4.

Fig. 4 An image taken from the gallery in [14], showing a tomographic reconstruction of a
beehive, in which the bees are seen as red dots and honey as yellow
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6 The Seventh Great Technology: Advanced Materials

We all rely on materials, some of which are natural like wood and stone, and
others are manufactured such as steel, glass and concrete. However, with modern
technology, we can now design and manufacture meta-materials with a wide variety
of prescribed mechanical, electrical, thermal and other properties. Such modern
advanced materials are often composites of different materials with very different
properties, which are combined in a complex manner. The resulting behavior of the
composite material often then emerges from the way that these different properties
interact, in a manner which is often very different from the sum of the different
parts. Some examples of such modern materials are the photonic crystals which
are used to transmit light with almost zero loss, the complex composites used in
aircraft wings, liquid crystals which are used in many displays, and perhaps most
intriguingly, the possibility of materials which, in a manner inspired by Harry
Potter, confer invisibility on the user [9]. The mathematics needed to design and
study such materials is particularly rich and challenging. At its heart is multi-scale
analysis and homogenization, although it also uses ideas from complexity theory,
advanced theory from the calculus of variations [11] and (again) network analysis.
This mathematics can be used to study materials as ancient as rock, or as modern as
carbon fibres. It is no coincidence that major growth in modern applied mathematics
is in exactly these areas, and I anticipate that we will see even more in the future
(Fig.5).

Fig. 5 Modelling the
complex patterns in liquid
crystals requires advanced
mathematical methods from
the calculus of variations
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7 The Eighth Great Technology: Energy and Its Storage

One of the more interesting jobs I have had was as the CEGB research fellow,
which was a joint position between the University of Oxford and the (old) Central
Electricity Generating Board (now privatized and split up into many different
companies). This job gave me an a good appreciation of the issues faced by the
power generating industry and the importance of mathematics at many levels of this
industry. The job of the electricity supply industry is to supply electricity reliably to
us, regardless of the demand. Or more simply put, to keep the lights on. This is not
always easy, as too much demand and an insufficient supply could potentially result
in a power cut. As an example, in the World Cup on the 4th July 1990, England was
playing in the semi-final against West Germany. This was an exciting and emotional
match which England finally lost on penalties. At the end of the match the power
demand surged by 2.8 GW (about 1 million electric kettles), or 11 % of the total
network demand. Due to good planning by the UK National Grid operators, the
lights stayed on in this case. But it was a relatively close run thing. In contrast, in
2003, following an isolated failure, there was a cascade of control system failures
of the NE US power grid. In this cascade, when one line was shut down to deal with
the failure, this lead to an overload of other nearby lines, which then also shut down.
More and more lines then shut down, leading to a large system failure in which the
lights did go out. The resulting US NE Coast Blackout is estimated to have cost 5
Billion Dollars and can be seen in Fig. 6.

The annual consumption of electricity in the UK is 300 TWh, and this electrical
power is supplied over a complex network starting, usually, with power being
generated at a power station. This is then transmitted over a high voltage network,
before being reduced in voltage and distributed to commercial, industrial and
residential consumers. To ensure that the lights always stay on, the planners need
to solve a large number of nonlinear differential-algebraic equations, described
on (another!) complex network (with 30 million nodes representing different
households, industries and other users of electricity), to work out how much

Fig. 6 The day the lights did
go out in NE America in
2003. The circle shows the
blackout region. Image taken
from [17]
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electricity can be generated, distributed and stored. However this is not easy as
electricity must be consumed as soon as it is purchased, it cannot be stored in
large quantities and the user has a very low tolerance to interruptions in the supply.
These challenges are going to increase significantly in the future with a greater
emphasis on low Carbon generation, a much more distributed supply network (with
a significant increase in lower power generation from renewable sources such as
solar and wind often at a domestic level), the increase in the use of electric vehicles,
an increase in local electricity storage, and the advent of the SMART Grid in which
users both have much greater control over their energy demands and also supply
much more information to the Grid company [16] (another example of a Big Data
problem). These are all challenges which mathematicians are well placed to address.

As an example, in an AC supply network, the steady state form of the power
flow equations typically take the form of a large number of quadratic equations
with complex coefficients (yes quadratic equations really are useful!) derived from
Kirchoffs laws, defined over a network in which the nodes are the power stations and
the users (eg. households) and the links are the electricity cables and transformers
connecting them together. Typically in such a network the AC voltage at a node j
is represented by a (complex) voltage V; with an associated phase §; and current J;.
The AC power at this node is then given by

P +iQ; = VI @)

Here P; and Q; are respectively the real and the reactive power. Typically these are
known at each node and represent the local demand or supply of power at the node.
(Both of these aspects could involve issues associated with energy storage). The
nodes at j and k are typically connected by bus bars with complex admittance

ij = ij + iBjk. 3)

In a power cable, losses are very low and we expect Gj; to be close to zero. The
current flow /; through the bus is then given by Ohm’s law so that

Lic= Yy (V; = Vi) - “)

Over all of the nodes we must satisfy the power demand given above. If §; is the
phase difference between the voltage at nodes j and k then we can apply Kirchoff’s
laws to give the following parametrised set of quadratic equations for the steady
state [15]

N
Y IVilIVel (Giesin (8) — By cos (8))) = O o)

k=1
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Fig. 7 A typical nose curve showing the voltage response to different levels of power demand
with (from left to right) increasing levels of available compensating power supplied to the grid

and

N

D IVillVil (G cos (8) + Biesin (8))) = P;. (6)
k=1

Here N is the number of nodes, which may be very large (of the order of many
millions). However, we expect to see a degree of sparsity in this system due to a limit
to the number of nodes connected to each other by bus conductors, which can help
with the analysis. Companies managing the grid have to solve such systems rapidly
to cope with changing patterns for supply and demand. As with all parametrised
quadratic equations we expect to see the number of solutions of the system changing
as the parameters vary. In particular, steady solutions can vanish at fold bifurcations
as the demanded load increase. An example of such a fold bifurcation, usually called
a nose curve, is given in Fig. 7. If a fold bifurcation happens in practice, and the
demand exceeds the maximum permitted value, then the voltage in the network
collapses to zero and we have a national power cut [15]. Power cuts due to a voltage
collapse have occurred in both Italy and Sweden. A lot of interesting mathematics
including advanced (hierarchical) linear algebra, nonlinear systems theory coupled
to networks, and algebraic geometry, needs to be developed in order to predict
these bifurcation points and to identify well in advance whether a power failure
is likely to occur and how this can be (efficiently) avoided by bringing more power
stations on-line. This is all made much more complicated by constraints arising from
different pricing policies for networks and the vagueries of demand due to individual
preferences [16].
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Equally important in the modern era of a rapidly evolving network, informed by
huge amounts of data, are problems associated with understanding the dynamics of
the grid. This is of special significance when considering the question of energy
storage, explicitly mentioned in the Eight Great Technologies. Electricity is often
stored in batteries and hence as DC. This needs to be converted to AC through an
inverter and then matched (in phase) to the overall network. Inverters have complex
dynamics (linked to a phase locked loop) and can introduce instabilities into the
overall grid, and hence the possibility of problems with the electricity supply. Other
dynamic terms need to be added to the network to account for the behaviour of the
turbines in power stations in response to load, the empirically observed behaviour
of electrical devices such as motors and cities, the rapidly changing output of
renewable energy generation, the smart grid and (in the near future) for large scale
electrical vehicle charging. Any dynamical system set up to model the system will
have to take into account for the many different time-scales that the grid operates
under, from the near instantaneous times of electricity transport, to the times needed
to operate switches, the daily cycle of human activity, through to seasonal trends
in electrical usage. To do such a study effectively will naturally lead to much
new mathematics including the analysis of (bifurcations in) multi-scale and/or non-
smooth stochastic dynamical systems on large networks, a subject close to my heart,
and currently in its infancy. See [18] for a review of the current state of the art in
this emerging area.

8 Conclusions

I hope that I have whetted your appetite. The eight great technologies certainly
present enormous opportunities for mathematicians in the next 50 years and beyond.
I encourage all mathematicians regardless of which country they live in, to rise to
the challenges presented by these eight great reasons to do mathematics.

But, the moral of this article, is that whilst lots of new mathematics is needed for
all the eight great technologies, to keep the lights on you must be especially good at
solving quadratic equations!
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Part VI
Finance and Systemic Risk



Calculation of Exposure Profiles
and Sensitivities of Options under the Heston
and the Heston Hull-White Models

Q. Feng and C.W. Oosterlee

Abstract Credit Valuation Adjustment (CVA) has become an important field as
its calculation is required in Basel III, issued in 2010, in the wake of the credit
crisis. Exposure, which is defined as the potential future loss on a financial contract
due to a default event, is one of the key elements for calculating CVA. This
paper provides a backward dynamics framework for assessing exposure profiles of
European, Bermudan and barrier options under the Heston and Heston Hull-White
asset dynamics. We discuss the potential of the Stochastic Grid Bundling Method
(SGBM), which is based on the techniques of simulation, regression and bundling
(Jain and Oosterlee, Applied Mathematics and Computation, 269:412-431, 2015).
By SGBM we can relatively easily compute the Potential Future Exposure (PFE)
and sensitivities over the whole time horizon. Assuming independence between the
default event and exposure profiles, we give here examples of calculating exposure,
CVA and sensitivities for Bermudan and barrier options.

1 Introduction

In the wake of the credit crisis, regulators put more strict capital requirements to
cover losses caused by default events. A recent capital charge was introduced in
Basel 111, i.e. the Credit Value Adjustment (CVA). CVA is the difference between
the risk-free contract value and the contract value that accounts the possibility of a
counterparty’s default [16]. It can be computed as the integral over the time horizon
as the expectation of the discounted losses on a default event, multiplied by the
probability of default at that moment and the percentage of loss given default [30].
The computational complexity of CVA arises from the uncertainties of the losses
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of a default event and the likelihood of the counterparty’s default in the future. An
unstable dependence structure between the counterparty’s default probability and
the corresponding losses in the future may exist, which makes the computation of
CVA complicated [5, 16].

Credit exposure is defined as potential future losses without any recovery.
Exposure evolves over time as the market moves with volatility, and typically cannot
be expressed in closed form. Before the appearance in Basel II [2], concepts as
expected exposure (EE) and potential future exposure (PFE) had emerged and were
commonly used as the representative metrics for credit exposure [16]. EE represents
the average expected loss in the future, while PFE can manifest the worst exposure
given a certain confidence level. These two quantities illustrate the loss from both
a pricing and risk management perspective [16], respectively. In order to get these
metrics of future losses, in practice, the exposure profile needs to be computed for a
large number of scenarios on a set of time steps. This is one of the involved parts in
computing CVA.

A general Monte Carlo (MC) framework is formulated by Pykhtin and Zhu
[30] for the computation of exposure profiles for over-the-counter (OTC) derivative
products. There are three basic components: (1) Monte Carlo path generation for a
series of simulation dates under some underlying dynamics; (2) valuation of mark-
to-market (MtM) values of the contract for each realization at each simulation date,
by some numerical method; (3) calculation of exposure for each simulation at each
simulation date.

Calculation of exposure profiles asks for efficient numerical methods, as the
computational demand grows rapidly w.r.t. the number of MC paths. Different
numerical methods have been combined with the MC forward paths to handle the
computational demand of exposure, such as the Finite Difference Monte Carlo
Method [12] or the Monte Carlo COS method' [31]. Computational complexity
increases for CVA of a whole portfolio, as there are then multiple financial
derivatives in the exposed portfolio. Inclusion of various market factors in the asset
dynamics, such as stochastic asset volatility and stochastic interest rates, further
increases the computational effort.

We will use the Stochastic Grid Bundling Method (SGBM) for the efficient and
flexible computation of exposure. The SGBM technique was proposed for pric-
ing multiple-asset Bermudan derivative contracts under Black-Scholes dynamics
in [20]. In the present work we extend SGBM to computing exposure values of
options under a stochastic volatility asset equity model with stochastic interest rates.
We show the impact of adding stochastic volatility and stochastic interest rates
on the metrics of future losses (i.e. CVA, EE, PFE). A stochastic volatility may
explain the implied volatility surface observed in the derivatives market (such as
the volatility smile) [18], and uncertainty in the interest rate may give a significant
contribution to the price, especially of long-term financial derivatives [25]. The

'The COS method is an option pricing method for European/Bermudan options based on the
Fourier-cosine series developed first by F.Fang and C.W. Oosterlee.
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hybrid model chosen to model these stochastic quantities is the Heston Hull-White
model [17]. We will also study the impact of stochastic interest rate and stochastic
volatility, respectively, under the Black-Scholes Hull-White model and the Heston
model.

SGBM is based on simulation, regression, and bundling [20], and the method is
very suitable for the computation of exposure profiles. The idea of using simulation
and regression for pricing options with early exercise has been used by Carriere [9],
Tsitsiklis and Van Roy [33], and Longstaff and Schwartz [27]. There are several
recent modifications and comparisons of pricing techniques with regression, such as
the work by Broadie and Cao [7], by Broadie et al. [8] and by Stentoft [32]. SGBM
distinguishes itself from other regression-based simulation methods in the following
ways. First of all, a bundling technique is employed to ensure an accurate local
calculation of the exposures on each path. Secondly, the conditional expectations
of basis functions used for regression in SGBM are analytic expressions when the
underlying framework is affine or can be approximated by an affine model. They are
used for the calculation of the continuation values. Thirdly, compared to the popular
Longstaff-Schwartz (LS) method that uses the ‘in-the-money’ paths, SGBM uses the
information of all paths and assigns exposure values to each path at each monitoring
date. These features ensure the accuracy of computing exposure values on each path,
which is in particular important for PFE. Furthermore, sensitivities of the EE can be
calculated accurately with little extra effort.

The flexibility of SGBM is demonstrated by placing the computation of exposure
profiles, for different option types under different asset dynamics, in a general
unifying framework based on backward recursion. The options considered include
European, Bermudan and barrier options. The reminder of the paper is structured
as follows: Sect.2 provides the mathematical framework for CVA and exposure,
discusses the affine diffusion models for the underlying, and the backward dynamics
for calculation of the exposure of options, and their exposure sensitivities. In Sect. 3,
we present the SGBM algorithm in detail. In Sect.4 the choice of basis functions
and the derivation of the discounted moments is presented, as well as a simple
bundling technique that ensures the accuracy of the local, bundle-wise, regression.
In Sect. 5, numerical results are presented to show the convergence and efficiency
of the method, and the impact of the stochastic interest rate and stochastic volatility
on the exposure metrics is studied in Sect. 5.4.

2 CVA and Exposure

CVA is the price of counterparty-credit risk. It is based on an expected value
(the expected exposure) which is computed under the risk-neutral measure. There
has been debate on the computation of PFE regarding whether to compute it
under the real-world or the risk-neutral measure. It is argued that PFE should be
computed based on simulations under the real-world measure, reflecting the future
developments in the market realistically, from a risk management perspective [22].
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In this paper we will focus on the computation of CVA, and we will compute EE
and PFE under the risk-neutral measure as well. However, the numerical techniques
in this paper can be also be used for computing PFE under the real-world measure,
which is a next stage of our work.

The default probability will also be measured under the risk-neutral measure in
this paper. The implied default probability of the counterparty typically is retrieved
from market prices of CDS (credit default swap) or corporate bonds issued by
this counterparty. Notice that the implied default probability under the risk-neutral
measure in general is different from that inferred from historical data under the real-
world measure, and of the two the former is typically higher than the latter [5].

2.1 Mathematical Formulation

Assuming a market without friction. Let (£2,.%,P) be a complete probability
space on a finite time horizon [0, 7] including all required quantities, where £2
is the sample space, .# is the sigma algebra of events at time 7, and PP is the
probability measure. We assume the existence of a risk-neutral probability measure
@, equivalent to IP, under which the current value of a financial asset is equal to its
expected discounted payoff in the future. The uncertainty of the market includes
a set of influencing factors, such as the (log-)stock price and its volatility, and
the short rate. These quantities can all be expressed by an n-dimensional Markov
process (Yo, Yi = [y, Ytz, ..., Y7'] in some space U C R". The natural
filtration (.#)ejo,r] on the probability space is the sigma algebra associated to Y,
and .%, includes all information about the market up to time 7. We further suppose
the existence of a risk-free asset, B(f) = exp ( fot rudu), where r, = r(Y,) is the
short rate at time ¢. The associated stochastic discounting factor in the period [¢, 5] is
defined as D(z, s) := exp (— frs rudu). The value of a default-free zero coupon bond
(ZCB) at time ¢ with maturity 7 is given by p(z, T) := E [D(t, T)|<%]

We will study the exposure for investors towards option writers. Particularly, we
will compute exposure profiles of OTC Bermudan, European and barrier options, for
which the contract values of the options at time ¢ are only determined by the variable
Y,, i.e. the option values can be regarded as functions V(,Y,) : [0,7] x U — R.
The exposure can also be measured in terms of the replacement costs for a derivative
contract, i.e. the amount to replace the contract at current market rates [16]. Without
transaction costs, the exposure of options in a default event is the loss defined by the
replacement costs without any recovery. We assume that the exposure to the writer
immediately becomes zero when the option is terminated, exercised or knocked out.
Hence, exposure can be expressed by:

0, if the option is terminated, knocked out or exercised,
E(tY, =

(D
V(t,Y,), ifthe option is alive.

In addition, the discounted exposure is defined by E*(¢,Y,) := D(0,7) - E(¢, Y;).
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The likelihood of default of the counterparty is another important quantity in the
calculation of the CVA. We will utilize the intensity (the so-called reduced form)
model, of which the construction has been widely studied. Some work on initial
intensity models was presented by Jarrow and Turnbull [21], Madan and Unal [28],
Duffie and Singleton [13]. Lando [23] presented the term structure of defaultable
bonds with the assumption of independence between the risk-free interest rate and
the default intensity. A detailed discussion of intensity modeling of default risk can
be found in the books by Bielecki and Rutkowski [3], Lando [23] and Brigo and
Mercurio [6].

We also discuss the intensity model briefly here. Let h, := h(Y,) be the
Z,-intensity of a jump process and t; > 0 be the first jump time of this process.
We construct a right continuous process H, = 1(t; < ), where 1(-) is the indicator
function. The natural filtration generated by 777 is given by J¢7 := o (H,)ejo,- The
enlarged filtration &, = 4% Vv .%; thus includes all information of default events and
market quantities up to time ¢. The survival probability under the risk-free measure
Q at time 7 can be expressed by an intensity function:

%} =exp (— / hde) N )
0

where intensity /4, defines the default probability on a small interval df when t; > t.
By definition, CVA materializes the expected loss in the future, which can be

expressed by:

T t
= / E[LGD-E*(;,Y,).h,.exp (— / hsds) ‘%} dt, 3)
0 0

where LGD is the loss given default (as a percentage), and the details of derivation
of the third equality can be found in [23, p.117].

There are three key elements in the calculation of CVA: the loss given default,
the discounted exposure and the survival/default probability of the counterparty. In
a real-life situation these three elements are typically not independent. Wrong-way
risk (WWR) incurs when the exposure is adversely correlated with the credit quality
of the counterparty, which may significantly increase CVA [16]. When assuming
independence, the calculation formula of CVA is given by:

PS(H) =Q (rd >t

g,) =EY []1 (ta > 1)

CVA := E@ [LGD E*(14.Yy,) %} = / ' EQ [LGD CE*(1,Y,) - d (—PS(1))
0

cva=1ap [ CEQ (B (1. Y))| %] d (<PS(). @

where LGD is assumed to be a fixed ratio based on market information, and
the marginal survival probability PS(z) can be obtained via the implied survival
probability curve on the CDS market [6].
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The well-known quantities of the exposure distribution, EE and PFE, are
important for risk management [16]. The mathematical formulas for the EE and
PFE quantities are given by:

EE(r) := E?[E(1, Y,)| %] . (5)
PFE*(f) := inf {x‘@ (Bt Y) < x| %) > a} , 6)
where « is the confidence level. For calculating PFE, the confidence level @ =

97.5% is commonly used to measure the ‘worst’ losses [16]. Both quantities are
deterministic functions in the period [0, 7.

2.2 Affine Diffusion Models

For the asset price processes under study here, we will benefit from the affine
diffusion (AD) class of Markov stochastic processes (Y;).e[,77, Which can be
expressed by the general form,

dY, = p(Y,)dr + U(Y,)dW,, (7N

where W, is an .%;-measurable column vector of independent Wiener processes
under measure Q in R”, the drift term p (Y;) : U — R”, and the volatility term
0(Y,) : U — R™" In the AD class it is assumed that the drift term, the covariance
(0(Y:)o(Y,)") and the interest rate are of the affine form, i.e.

w(Yy) = ag + a1Y;, for any (ag,a;) € R" x R™",

(0(Y)a(Y)"), = (co)j + (e)jYs, with (co,c1) € R x R (8)

r(Y,)

ro + rlTY,, for (ro,r1) € R x R".

With this type of model, it can be shown that the discounted characteristic function
(dChF) is of the following form:

T
®u,Y,,t,T) =E |:exp (—/ rudu + iuTYT) ‘%:|
t
=exp (A(w,7) + B'(u,7)Y,), )

with time lag t = T — t. The coefficients satisfy the ODE system [13, 17]
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d 1
A, 1) = —rg+ B (u,0)ag + B (u, 7)coB(u, 7), A(u,0) =0,
dt 2 (10)
d 1
J B(u,7) = —r + alTB(u, T) + 2BT(u, 7)c1B(u, ), B(u,0) = iu.
T

The dChF facilitates the calculation of the discounted moments in Sect. 4.1, which
is one of the key components within the SGBM algorithm.

Based on this general expression for affine models, we will discuss several hybrid
models.

2.2.1 Black-Scholes Hull-White Model and Heston Model

The famous Black-Scholes option pricing partial differential equation (PDE) [4] is
based on the assumptions that the asset price follows a geometric Brownian motion
with constant volatility and constant interest rate. We first relax the assumption of
constant interest rate by a stochastic instantaneous short-rate r;. In practice, interest
rates vary over time and by tenor 7, as observed in the zero coupon bond curves
in the market [6]. The instantaneous forward rate at time ¢ for a maturity 7 > ¢ is
defined by:

_Blogp(t, T)

f@,71):= T

(11)
The characterization of the term structure of interest rates is well-known from
Vasicek [34], Cox, Ingersoll, and Ross [11], and Hull and White [19]. In this paper,
we will also employ the Black-Scholes Hull-White hybrid (BSHW) model. Under
risk-neutral measure Q, the dynamics of the model Y, = [x;, r;]” are given by the
following SDEs [6]:

1
dx; = (r— 02) dt + cdW?,
2 (12)

dr, = A(O(t) — r)dt + ndW',

where x, = log(S;) represents the log-asset variable; the two correlated Wiener
processes (W}, W)) are defined by W} = W,(l) and W] = px,,w,(l) + \/1 - pf,,VT/,(z),

where W; Y and W;z) are two independent standard Wiener processes under measure
Q and |py,| < 1 1is the instantaneous correlation parameter between the asset price
and the short rate process; positive parameters o and n denote the volatility of equity
and interest rate, respectively; the drift term 0(¢) is a deterministic function chosen
to fit the term structure observed in the market, which must satisfy:

772

10
60 =fO.0+ , 2 fO.0+ ],

(1 — exp(=2A1)). (13)
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Another way of extending the Black-Scholes model is to define the variance as a
diffusion process, like in the stochastic volatility model developed by Heston [18].
With state variable Y; = [x;, v,]7, the Heston model is given by:

1
dx; = (r — v,) dt + /v dW7,
2 (14)

dvr = K(l_) - Ur)dt + y\/vtdWTU,

where r is a constant interest rate; the two correlated Wiener processes (W;, W;”) are
defined by W} = ‘717,(1) and W} = px,vw,(l) + \/1 - 02, W,(?’), where W,(l) and W,(?’)
are two independent standard Wiener processes under measure Q and |p,,| < 1
is the instantaneous correlation parameter between the asset price and the variance
process; the constant positive parameters «, v, y determine the reverting speed, the

reverting level and vol-of-vol parameters, respectively. The associated PDE can be
found in [18, p. 329].

2.2.2 Heston Hull-White Model and HIHW Model

Consider a state vector including all these stochastic quantities, i.e. Y; = [x;, vy, ]’
The corresponding model can be defined by adding a HW interest rate process to the
Heston stochastic volatility dynamics, as presented in [17]. The hybrid model of the
equity, stochastic Heston asset volatility and stochastic interest rate is represented
by the following SDEs:

2
dv, = k(U — v)dt + y JudW/, (15)
dry = A(0(t) — rp)dt + ndWy,

1
dx, == (r[ - U[) d[ + \/U[dW;C,

where the correlated Wiener processes (W), W, W/) are defined by W) = wih,
W W W wobsr T2 =P =P, 3573

Wy = px,th( )+ \/1 - p;%,th( )’ Wi = IOXJWt( - f}ifp% Wt( )+ \/ 1p_.p}.f. Wt( ),
in which W,(I) , W;z) and W,(?’) are three independent standard Wiener processes under
the risk-neutral measure Q, and p,, and p, , are correlation parameters that satisfy
,of’v + pir < 1; the parameters A, 0(¢), n are as in (12), and k, ¥ and y are as in (14);
the initial values satisfy ro > 0 and vy > O.

The Heston Hull-White (HHW) SDE system in (15) is not affine. Conditioned
on information at time ¢, the symmetric covariance matrix at time s > ¢ is given by:
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Us PxuVs A/VsTPx,r
o (Yo (Y) = | yv, 0 ) (16)

x ok n?

where the term /vy is not linear. Grzelak and Oosterlee in [17] approximated the
covariance matrix in (16) by

Vs PrwVs B[ /s vi] nowr
o (Yo (Y) ~6 (Y6 (Y) = x y2u, 0 , (17)
x % n?

where the term /v, is approximated by its conditional expectation [\/ vx‘v,], for
which an analytic formula is given by:

00 - k
R [\/v |UT] _ \/ZC(tl)e_j(le-Ut) Z 1 A(Tlv U[) r (1_|2—d + k) (18)
' k=0 k! 2 r (g + k) ’

with 71 := s — ¢, and

4xv

1 . = drve N
em) =, VA=) d= . Amu) =, ]

. 19
2(1 _ e—l{‘L’]) ( )
This affine approximation of the HHW model with covariance (17) is called the
H1HW model, and details can be found in [17]. In this paper, we further make an
approximation of the calculation in (18), as presented in Appendix 3.

2.3 Pricing European, Bermudan and Barrier Options

We will study the CVA, EE and PFE of several types of options to show the
flexibility of SGBM. We present the backward valuation dynamics framework
for European, Bermudan and barrier options in this section. Let the collection of
equally-spaced discrete monitoring dates be:

T={0=ty<t) <<ty =T, At = tyy1 — ty}.
The options will be valued at so-called monitoring dates to determine the exposure

profiles. The received payoff from immediate exercise of the option at time #,, is
given by
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= 17 f 11,
g(Sy) := max (w(S,, — K),0), with w oraca 20)
w = —1, foraput,

where K is the strike value and S, is the underlying asset variable at time #,,.

The continuation value of the option at time #, can be expressed by the
conditional expectation of the discounted option value at time #,,4+;. As we have
assumed the Markov property of the process Y,,, we replace the filtration .%,, in the
conditional expectation, i.e. the continuation values of the option will be written as
a function of the state variable Y,,, i.e.

C(tm, Ym) = EQ [D (tm7 tm+1) ‘ V(tm+la Ym+l)

Ym:| ; 2L

where Y, is the state variable at time f,,, and V(#,,+1, Y,u+1) is the option value at
time 7,4 1.

2.3.1 Bermudan Options

Bermudan options can be exercised at a series of time points before expiry date T
Denote the set of early-exercise dates by .Jg. We will take a small step size At when
simulating the market variables to enhance the accuracy of the CVA calculation, and
we assume that the Bermudan option can only be exercised at some of these dates,
ie. 9% C 7.

We also assume that the option holder makes the exercise strategy aiming for
the ‘optimal’ profit, and the option holder is not influenced by the credit quality of
the option writer when making the decision. We further denote the optimal stopping
time by tp, which is the optimal time to exercise the option under the assumptions.
It should maximize the expected payoff at time t = 0, i.e.

VP (19, o) = max E[D(0, 75) - g(Sz,)|Yo] - (22)
B€TE

The essential idea of pricing Bermudan options by simulation is to determine
the optimal exercise strategy for each path. At each exercise date, the option holder
compares the received payoff from immediate exercise with the expected payoff
from continuation of the option to determine the optimal exercise strategy. The
dynamics of pricing Bermudan options in backward induction derived by the Snell
envelope [14, 27] can be expressed by:

g(Sm) forty = T,
VB (1, Y,) = S max {c(tm, Yo). g(Sw)}, fort, € T, (23)
c(tm, Yim), fort, € I — %.
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2.3.2 European Options

Similar to pricing Bermudan options, the exposure profile of a European option can
be determined based on simulation. The European option value at time 7 equals the
received payoff VE" (1), Yy) = g(Sy); at time points £, < T, the value of the
European option is equal to the discounted conditional expected payoff, i.e.,

VP (1, Yo) := B [D(tm. 1a1) - 8(Saa) | Yon] - (24)

where g(Sy) is the received payoff at time #y = T. By the tower property of
expectations, it can be calculated in a backward iteration as:
Yl‘ﬂ}

Ym:| =c(ty, Ym). (25)

VEurO(tma Ym) =FK |:D(tma tm-l—l) -E [D(tm+la tM) * g(SM)|Ym+1]

=K |:D(tma tm-l—l) : VEurO(tm+la Ym+l)

2.3.3 Barrier Options

Barrier options become active/knocked out when the underlying asset reaches a
predetermined level, i.e. the barrier level. There are four main types of barrier
options: up-and-out, down-and-out, up-and-in, down-and-in options. Here we focus
on the down-and-out barrier options. A down-and-out barrier option is active
initially and gets knocked out (looses its value except for some rebate value) when
the underlying hits the barrier; otherwise if the option is not knocked out during its
lifetime, the holder will receive the payoff value at the expiry date 7. The backward
pricing dynamics of the down-and-out barrier options are thus given by [14],

8(Sm) - Ly, ~ry + 1y - Lys, <13 forty =T,

Vbarr(tm7 Ym) =
C([m, Ym) : ]l{Sm>L} +rp- ]l{Sme}s fort, <T,

(26)

where 1 (-) is the indicator function, L is the barrier level and r;, is the rebate value.

3 The Stochastic Grid Bundling Method (SGBM)

Monte Carlo simulation plays a primary role in computing CVA, i.e. generating
N independent scenarios for each monitoring date 7. We denote the realization
of the state vector Y,, on the i-th path at time 7, by ¥,,({), i = 1,...,N. After
finishing the calculation of the exposure profile on the generated stochastic grid, the
CVA, assuming independence of exposures and defaults, can be computed by the
following discrete formula:
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M—1 N m—1
CVA ~ LGD Z Z ( (— > r(yk(i))At) < E(tm, 9,n(i)))

k=0

-(PS (tw) — PS (tm+1))- 27)

Similarly, the value at time ¢,, of the EE and PFE functions can be approximated by:

1< )
BE() ~ > E(tm. §m(@)) (28)
i=1
PFE(1,,) ~ quantile(E(ty, (i), 97.5%), (29)

where the confidence level is set to ¢ = 97.5%.

At expiry date )y = T, the option values on each path can be computed
immediately by the received payoff values. The key problem is to calculate the
continuation values on each path in the backward algorithm at each monitoring time
tw <T,m=0,1,...,M — 1. SGBM combines regression and bundling techniques
to compute these expected values.

3.1 Calculation of the Continuation Values

Attimet, < T,the generated paths are clustered into some non-overlapping bundles
with as a criterion that the realizations ¥,,(i) on paths within the same bundle should
share similar values. The indices of the paths in the j-th bundle are in a set %,
j = 1,2,...,J, where J is the number of bundles. The realizations §y,,(i) of the
state vector Y,, within the j-th bundle form a bounded domain I{n C R", when
m=1,2,...,M —1, given by

vV = ﬁ [ max (50 (7)) . max (95,1,)(1'))] 7 (30)

| e ! €%,
where y y (z) represents the I-th dimension of the realization y(i), andj = 2, 3,...,J.
Whenj = 1 we define the realized domain Il = [ |:m1r11 (yin) (i)) , max (ym (i))i|.
=1 |LI€EA i€

These subdomains {¥, }J , are disjoint. At the same time, the correspondlng
realizations ¥,,41(i) of the state vector Y,,+; within the j-th bundle also form a
bounded domain in R”, i.e.

Uyr = 11 [min (3501 . max (&Siil(i))}, (3D

i€ B, i€ B,
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where )A)fyl,)Jrl(i) represents the [-th dimension of the realization ¥,,+;(i). These
domains typically overlap.

We assume that the option function V(#,+1,-) is an element of the L? space on
the finite domain U), | |, i.e. it is square-integrable over U, ; with some measure.
Suppose that we have the values of this option function w.r.t. the realizations
Ym+1(i) on all paths, denoted by 0,,41(i), i = 1,2,...,N. Given the set of points
{Fm100), D1 (D)}, i € Z,, a commonly used approximation of the option
function is a constructed function that is the ‘best fit” for the data set in least squares
sense. With a set of some basis functions {¢k}kH=1 in L,, the option function can be

approximated on Ufn 41 by alinear combination of the basis functions:

H
V(1 Y1) = Zi(twt1, Y1) = Z:B/r‘n(k)(pk(Ym-H)s (32)
=1

where H is the number of basis functions, and B/ (k) are the constant coefficients
at time #,, of the k-th basis function ¢ within the j-th bundle %, determined by
regression:

" 2
arg min Z (ﬁm+1(i) - Z ﬂ{n(k)¢k(5’m+l(i))) , (33)

)/ — : —
Bn(DER=1...H jc i =1

of which the solution is denoted by {ﬁjn(k)}le. Within the j-th bundle, the
approximation of the option function on U, 41 is thus given by:

H
V(1 Y1) = Zo(tmt1, Y1) 1= Zﬁ{n(k)d)k(YWl-‘rl)' (34)
=1

Hence the continuation function on the bounded domain ¥, can be approximated
by a linear combination of the conditional expected discounted basis functions
defined by:

Ym}

= > B (Y,. A, (35)

k=1

2(tw. Y) := E2 [D (tms tmt1) * Zo (b1, Youg1)

where the conditional expectation of the k-th discounted basis function is given by

Vi (Yo, Af) := E© [D (T tt1) * B (Y1)

Ym} . (36)
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We will approximate the ‘real’ continuation function c(t,,, -) given in equation (21)
by the function c(f,,-) defined in equation (35) on the bounded domain F,.
When analytic formulas of the functions {y }le defined in (36) are available, the
continuation value w.r.t. realization ¥, (i) on the i-th path within the j-th bundle can
be easily computed by:

H
Ctm I (D)) & 2(tm. (D) = . Bl (K) Y Fm D). A1), (37)

k=1

In addition, we will show that the error of approximation of the continuation
function at time ¢,, is bounded by the error of approximation of the option function
at time #,,4+1 in Sect. 3.4.

3.2 Backward Algorithm

From Sect. 3.1, it is clear that the continuation values on each path at time #,, can
be calculated in backward fashion as long as the option values at these paths at time
tn+1 are available. In this section, we will present the backward algorithm of the
SGBM for computing exposures of options, first for Bermudan options.
Initializing: At time 7y = 7, the option values {d(i)}_, on all paths can be
calculated from the received payoff.
Backward iteration: Attime ¢, <T,m=M—1,M—-2,...,1,
e Step I: apply a bundling technique to cluster all paths into non-overlapping
bundles, indexedby #,,j = 1,2,...,J.
e Step II: within the j-th bundle,j = 1,2, ..., J, utilize the regression technique to
calculate the continuation values at time 7,, by:

— Step (i): approximate coefficients {f/, (k)}_, within the j-th bundle by
formula (33);

— Step (ii): calculate continuation values on each path by formula (35) using the
approximated coefficients obtained in Step (i).

* Step III: determine option values {D,,(i)}", on all paths at time f, by for-
mula (23) using the approximated continuation values obtained in Step (ii).

e Step IV: determine exposure values at time 7, by formula (1) on each path: if
the option at a path is exercised at time t,, then the corresponding exposure
values from time #,, to time #), at this path are assigned value zero; otherwise the
exposure values are the computed continuation values on the path.

Finalizing: At time #, = 0, approximate directly the coefficients {8,,(k)}/_, and
calculate the continuation value at time #p, which is also the option value at time 7.
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The backward algorithm of calculating the exposure profile of a European option
or a barrier option is the same as the algorithm for a Bermudan option, except that
the pricing formula (23) in Step III needs to be replaced by formula (25) for pricing
European options or formula (26) for pricing barrier options, respectively.

3.3 Sensitivities of EE

The sensitivities Delta (Agg) and Gamma (I'gg) of EE w.r.t. the change of the
underlying asset price Sy can be computed in the same backward algorithm for the
computation of the exposure profile. At time t); = T, we simply assign value zero
to these derivatives of the EE function. At time ,, < T, the sensitivities can be
computed by:

9EE 1 L 9E 1
A m) = m) ~ ms Am ) - s
we(tn) 1= ¢ (i) N;axm (b §n(@) - o (38)

9’EE 1 L [3’E 9E 1
I3 m) ‘= m) ~ ms Am ) — ms Am j . s 39
o) = e ) 32 (G G5 ®) = 17 50D ) . 39

where x,, = log(S,,) represents the log-asset value at time #,. The derivation of
formulas (38) and (39) is presented here. At time ¢, the first derivative of the EE
function can be computed by

9EE 1 <\ 9E
m ~ nmo» Am ) ’ 4
s, ) N;E)So(t $n(@) (40)

by the chain rule,

JE 0x,

B
aSO(tmvym(l))_ ox 85,

S, ..
: 8S0 (lmst(l))» (41)

where x,, := log S,,, and

0%, 1 aS,, S
- = om. )
aSm Sm aSO SO ( )

The second equation in (42) can be derived as follows. The asset value S; follows a
Geometric Brownian motion process, i.e.

leg Sr == Mtdt + O-[dWr. (43)
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By integrating both sides, we obtain

t
S; = So - eXp (/ (Msds + Udes)) s (44)
0

hence the derivative of S; w.r.t. §p can be expressed by

BSt ! St
= s s s = . 4
35, exp (/0 (usds + o5dW. )) S (45)

So, the first derivative of the EE function can be expressed by
OEE 1 OE 1
L) ~ L, Ym(@) - . 46
s, () N;axM( In @) o (46)

From (46), the second derivative can be derived by

N

PEE Sy 1 OB 1
) = Z (3 T @) 5 () (_S%))

82
= Z( (tm, I (@) — <rm,ym(z>)) o (47)
; 0

For those paths on which the option is alive at time ¢,,, the first and the second
derivatives of the exposure function are given by

JE dc
a - (tmv YW!) L axm (tms Ym)s
9’E d%c @9

3)6,2,, (tm7 Ym) = axrzn (tma Ym)a
where the derivatives of the continuation function w.r.t. x,,, within the j-th bundle are
approximated by

(rm, m)~Zﬁ' (k) (Ym,Ar)
k=1 (49)

92
(rm, m)~Zﬂ’ ®) ‘”k(Ym,Ar)

with the same coefficient set { ﬁjn(k)}kHzl as in (35).
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For those paths on which the option has been exercised or knocked out at time
t, the derivatives of EE are given value zero, as the exposure values on these paths
are zero.

3.4 Convergence Results

The so-called direct estimator is obtained in the backward algorithm by regression
[20]. With convexity of the ‘max’ function, it can be proven by induction that the
direct estimator is often higher than the true value with some bias, and that the direct
estimator converges to the option value as the number of paths and the number of
monomial basis functions goes to infinity. See Theorem 2 and Theorem 4 in [20].

In addition, an estimator can be made based on the average cash flow of a second
set of paths, referred to as the path estimator. Using the coefficients obtained by
regression based on one set of paths, an approximation of the optimal early exercise
strategy of another set of paths can be made by comparing values of continuation
and values of immediate exercise. The path estimator is often a lower bound of the
option value, converging a.s. as the number of paths goes to infinity [20], since the
option value computed by the optimal early exercise strategy is the supremum of
the option value at time ¢+ = 0 by definition. Details of the proof can be found in
[20, 27].

For European and barrier options, one can take the discounted average of the MC
paths as our reference. For Bermudan options, the direct and path estimators provide
a conservative confidence interval for the true option value [20]:

[vpafh(O) .96 ,viieet 0y 4 1.96 g‘”r“‘} , (50)

VN, VN,

where §path and Sgier are the sample standard deviations for the path and direct
estimator respectively, and VP4 (0) and V4rc'(0) are the sample means of the
path and direct estimators respectively; these sample means and sample standard
deviations are based on N; independent trials.

The approximation of the option function converges as the number of paths, the
number of basis functions and the number of bundles go to infinity. Details of this
can be found in Appendix 4. From the discussion of convergence in Appendix 4, we
can also conclude that by using bundles, the option function can be approximated
well piece-wise functions, even with a low order p = 1. This advantage of
the SGBM approach will reduce the computational effort for increasing problem
dimensions. In addition, the error of approximation of the continuation function can
be uniformly bounded by the error in approximating the option function, as stated
in Proposition 1. It ensures the accuracy of the computed continuation values by
SGBM on each path, which is important for computing exposure profiles.
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Proposition 1 At time t,, the error of approximating the continuation function by
SGBM is uniformly bounded by the error of approximation of the option function
within each bundle, given by

C(tma Ym) - CZ(tma Ym) < ” V(tm+la ) - ZZ(tm-l—lv ')||L2

1

2
= (/ (V(tws1, Y1) = Zotmr 1, Y1) dM(Y,,,+1|Y,,,)) , (5D
Ym+l SIS

where [Ly, ,,|Y,) i the probability measure conditioned on'Y,, € ¥, under the
risk-neutral measure Q.

Proof By Jensen’s inequality it is proved in Appendix 5.

4 Choice of Basis Functions and Bundling

4.1 The Monomial Basis and the Discounted Moments

Essentially, the approximation of the option function expressed in (32) is its
projection onto a space consisting of basis functions on the bounded domain U/, L1
For the polynomial space, it is natural to take monomials as the basis, as all
monomials with order lower or equal to any degree p € N can form a closure.
With a state vector Y, = [Y}, Ytz, e, Ytl, ..., Y] € R", a monomial basis of order

p > 0 can be expressed by [] (le)q’, where (Z q,) = p, with g; > 0 for any /.
=1 I=1
The number of basis functions of a monomial basis of order less than or equal to p

isH = (’;Iﬁ)!. We denote the polynomial space of order p on the bounded domain

by:

I/
Um+l

H
P(U,11.p) = {f}f(y) = By, yeU, . BeR L, (52)

k=1

where B := [B(1),B(2),---,B(H)] € R | and {¢}i_, is the monomial basis.
Table 1 presents the monomial basis set for the hybrid models in this paper with
degree p = {1, 2,3}.

The monomial basis grows rapidly with the dimension of the state variable n
and the polynomial order p. In the algorithm of SGBM, bundling will enhance the
accuracy and thus a lower degree p can be employed to achieve a certain accuracy
level, as we will see in the numerical Sect. 5.
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Table 1 The monomial basis for the hybrid models

order p | Heston BSHW HHW —HIHW
1 {l,x,,v,} {l,x,,r,} {thvvr,”t}
2 {1, 5, v, 32, 50,02} | {Lxg, roe X200, 723 [ {1, X0, vp, 1, X2, X0,

Uf,xtrts V,Z, Urrt}
3 {1,X¢,v;,x,2,xrvn v? {lvxtvrts-x%s-xtrtsrtzs

7,
32 2 .3 3.2 2 3
X, X7, x0F, 0]} X} X[, X7 1}

The expected value of a discounted monomial basis is the discounted moment,
for which an analytic formula, the ¥-function, is needed in the calculation of the
continuation function. Over a time period [s, ], the k-th discounted moment of an n-

n
dimensional vector Y, corresponding to the monomial basis || (Y,Z)q’ with degree
=1

0< (Z ql) < p, is defined by:

=1

n

V(Y. t — 5) := EQ []‘[ (¥))* - D(s. 1)

=1

Ys] ; (33)

which can be derived by the associated dChF of the dynamics,

1 4 09
(Yt —s) = (Y5, t—s)| (54
(@07 E u' u=0
where i represents the imaginary unit, vector u = [uj,up,...,u;, ..., u,] € R”

and the function @(u; Yy, — s) is the dChF of the underlying dynamics given in
equation (9).

So, the discounted moments of AD processes of any order can be expressed in
closed form, i.e. we have all discounted moments corresponding to the monomial
basis presented in Table 1. For the HHW process, of course, we base them on the
HI1HW approximate model.

4.2 A Bundling Method

We introduce a technique for making bundles in SGBM such that there is an
equal number of paths within each bundle. It is called the equal-number bundling
technique. The same technique of clustering paths is found in [10, 26]. The
advantages of this bundling technique are that the number of paths within each
bundle will grow in portion to the number of paths, and that there will be a sufficient
number of paths for regression when the total number of paths is large.
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Fig. 1 Equal-number bundling. Each colored block represents a disjoint subdomain I, ;. (a) First
iteration, J;. (b) Second iteration, J,

We use the Heston model to present the bundling technique, where the 2D state
vector is denoted by Y, = [x;, v,]7. First, all paths are sorted w.r.t. their log-asset
values, and clustered into J; bundles with respect to their ranking, ensuring that
within each bundle, the number of paths is equal to 9{ ; subsequently, within each
bundle we perform a second sorting w.r.t. the variance values and cluster the paths
into J, bundles. After these two iterations, the total number of bundles will be J =
Ji-Js.

The two steps are visualized in Fig. 1, where scatter plots demonstrate the 2D
domain for the Heston model, at some time instant #,,. In plot (a), the paths are first
clustered into 8 bundles w.r.t. the values of the log-asset, while in plot (b), the paths
within each bundle are again clustered into 2 bundles w.r.t. the value of the variance.
The total number of bundles is thus 16.

In a similar way, paths simulated under the HHW model can be clustered by the
realized values of the log-asset (x;), variance (v,) and interest rate (r;) values, in this
order. We denote the number of bundles in these three dimension by J;, J> and J3,
and the total number of bundles J = J; - J» - J3.

There are other bundling approaches such as the recursive-bifurcation-method
and the k-means clustering method, used in [20]. For our specific multi-dimensional
problems, however, using the recursive-bifurcation-method will give rise to too few
paths within some bundles when the correlation parameter p is close to 1 or —1, no
matter how large the total number of paths is. This problem will not occur if we use
the equal-number bundling technique. In addition, it is easy to implement and fast
for computation compared to the k-means clustering method.

5 Numerical Tests

In this section, we will analyze the convergence and accuracy of SGBM for the
Heston and the HHW models, respectively w.r.t. the following quantities:
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* the value of the option at time ¢ = 0;
« the EE and PFE quantities over time [0, T];
* the sensitivities w.r.t. Sy of the EE function over time [0, 7.

The convergence of SGBM for the computation of Bermudan options can be
checked by comparing the direct and path estimators. The reference values for
European and barrier options can be computed by averaging discounted cash flows
for a very large number of paths.

In addition, the COS method can be connected to the MC method [31] for
reference values. Under the Heston model, the COS method in [14] can be used
to calculate option values and corresponding Greeks at time + = 0 for Bermudan
and barrier options. By the MC COS method exposure profiles, quantities and
sensitivities of the EE function can be computed at monitoring date #,. We use
quantities computed by the COS method as the reference values for EE, PFE and
sensitivity functions under the Heston model.”

The Quadratic Exponential (QE) scheme is employed for accurate simulation
of the Heston volatility model [1]. CVA is computed here via formula (4) with
LGD = 1. The survival probability function defined in (2) is assumed to the
independent of exposure with a constant intensity 4, = 0.03 in the period [0, 7.

5.1 The Heston Model

The parameters for the Heston model in (14) are chosen as

Test A: So = 100, = 0.04,K = 100,T = 1;k = 1.15, y = 0.39, v = 0.0348,
vo = 0.0348, py., = —0.64, where the Feller condition is not satisfied.

We choose a large number of MC paths, N = 2 - 10 and a relatively small time
step size At = 0.05. The paths will be clustered into J; = 2,J, = 2/,j =1,2,3,4
bundles. The monomial basis in SGBM is of order p = {1, 2, 3}. The number of
paths is chosen large as we wish to compare the convergence and accuracy using the
same set of simulated scenarios for different choices of the number of bundles J and
degree p. The number of paths can be greatly reduced in real-life CVA computations
because SGBM typically exhibits low variances compared to LSM.

We consider a Bermudan put option under the Heston model with parameter Test
A, with 10 equally-spaced exercise dates till 7 = 1.

Figure 2a shows that the direct and path estimators converge to the option value
when increasing the number of bundles (/) and the order of the monomial basis (p),
as expected. Monomial basis p = 3 enhances the convergence speed compared to

2In the MC COS method, we use 400 Fourier terms, and 400 grid points in volatility direction;
the COS parameter for the integration domain size is set to L = 12 for calculating the reference
values.
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Fig. 2 Convergence of the Bermudan option value and the EE w.r.t. J—the number of bundles and
p—the order of the basis functions, by comparing the direct and path estimators. Strike K = 100,
expiry date 7 = 1 and exercise times 10. The total number of paths N = 2 - 10°. (a) Bermudan
option. (b) Error in EE

p = 2 or p = 1. Figure 2b confirms this by showing the difference in the computed
EE of the direct and path estimators, where the difference is measured in the relative
L, norm.?

In Fig. 3, we present the accuracy of SGBM for the exposure quantities, EE, PFE
and sensitivities of EE, by comparing to reference values by the MC COS method
based on the same set of MC paths. Increasing the number of bundles J and/or the
order of the monomial basis p enhances the accuracy of the results, as expected.
In particular, a basis of order p = 2 achieves the same level of accuracy as order
p = 3 with twice more bundles. By increasing the number of bundles, we can thus
employ a monomial basis of lower order, which is an important insight.

Table 2 presents option values as well as CVA and sensitivities computed by
SGBM plus the corresponding reference values. We see that the direct estimators
have smaller variances compared to the path estimators.

In addition, Fig.4 demonstrates the convergence of SGBM based on basis
functions of lower order, p = 1, where we increase the number of bundles to 46,
The conclusion in Appendix 4, i.e. when the size of a bundle approaches zero, the
bias caused by approximating a continuous function by a simple linear function goes
to zero, is confirmed. This is one advantage of SGBM compared to LSM. We need
fewer basis functions by using bundles.

3The relative L, norm is defined by:

M 2
”EEdirect - EEpath||2 _ \/Zm:() (EEdirect(tm) - EEpath(tm))

(55)
” EEdirect ” 2 \/Zi:!:o (EEdirect (tm )) :
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Fig. 3 Convergence of the EE, PFE and sensitivities, w.r.t. J—the number of bundles and p—the
order of basis functions for a Bermudan put option; the reference is generated by the MC COS
method. Strike K = 100, expiry date 7 = 1 and exercise times 10. The total number of paths
N = 2-10°. (a) Error in EE. (b) Error in PFE. (c) Error in Agg. (d) Error in Igg

Table 2 Results of a Bermudan put option under the Heston model. Strike
K = 100, expiry date 7 = 1 and exercise times 10. The total number of paths
N = 2-10°, and the order p = 2 and the bundle number J = 28

Bermudan option under the Heston model

Quantities | Direct estimator (std.) | Path estimator (std.) | COS

V(0) 5.486(0.000) 5.488 (0.005) 5.486
Agg(0) —0.329(0.000) — —0.328
TEe(0) 0.022(0.000) — 0.025

CVA 0.093(0.000) 0.093 (0.000) 0.093 (0.000)

We also consider a put-down-out barrier option with strike K = 100. The option

is knocked out when the asset value reaches barrier level H = 0.9K before the
maturity T = 1. After being knocked out, an investor receives a rebate value, r, =
10; otherwise the investor receives the payoff at time 7 = 1. We present these
quantities computed by SGBM and the corresponding reference values in Table 3.
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Fig. 4 Convergence of the EE, PFE and sensitivity A w.r.t. J—the number of bundles for a
Bermudan put option when the number of paths within each bundle is 200, the order of the basis
functions p = 1, and the total number of paths is 200J; the reference is generated by the MC COS
method. (a) EE and PFE when p = 1. (b) Sensitivity A when p = 1

Table 3 Results of a down-and-out barrier put option under the Heston
model. Strike K = 100, expiry date T = 1, barrier level H = 0.9K,
r, = 10. The total number of paths N = 2 - 10°, and the order p = 2
and the bundle number J = 28

Barrier option under the Heston model
Values t =0 | SGBM (std.) Monte Carlo (std.) | COS

V(0) 4.013 (0.000) | 4.016 (0.003) 4.015

Agg(0) —0.2631 (0.000) | — —0.263

I'ee(0) 0.0232 (0.000) | — 0.0224

CVA 0.0493 (0.000) | 0.0493 (0.000) 0.0493 (0.000)

5.2 The HHW Model

SGBM for the Heston Hull-White model is based on forward simulation under
the true HHW dynamics while the backward computation employs the discounted
moments of the HIHW dynamics.There are basically two issues regarding the
SGBM computation of exposure under the HHW model. We will focus on the
impact of a long expiry date (say T = 10), and we will examine the accuracy of
the approximation of the HHW model by the affine HIHW model.

We use the following parameters for the HHW and HIHW models (14):

Test B: Sy = 100, vy = 0.05,r9 = 0.02;k = 0.3,y = 0.6, v = 0.05, 4 = 0.01,
n =0.01,0 =0.02, p,, = —0.3 and p,, = 0.6. T = 10.

Simulation is done with N = 10° MC paths and At = 0.1. The details of the
SGBM algorithm are as follows: the number of bundles varies as J; = 21/, J, = 2/,
J3 = 2,j =1,2,3 and the orders of the monomial basis are p = {1,2}.
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Table 4 Implied volatility
(%) obtained for a European

Implied volatility (%)

put option with expiry date K/So | SGBM (std.) Monte Carlo (std.) | Abs. error (%)
7 = 10 under the HHW 40% | 26.481 (0.003) | 26.479 (0.03) 0.0014
model, based on 5 80% |20.699 (0.003) [20.719 (0.02) 0.0202
simulations 100% | 19.200 (0.003) | 19.242 (0.01) 0.0413

120% | 18.369 (0.003) | 18.427 (0.01) 0.0585

180% | 18.220 (0.003) | 18.291 (0.02) 0.0706
a 185 100
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Fig. 5 Convergence w.r.t. J—the number of bundles and p—the order of the monomial basis by
comparing the path and the direct estimator under the HHW model. Strike K = 100, T = 10
and 50 exercise times. The total number of paths N = 10°. (a) Bermudan option values. (b) EE
difference

The accuracy of SGBM is first studied by computing a European put option
with T = 10. The implied volatility (in %) is used to demonstrate the accuracy
of the computed option values, as the implied volatility is typically sensitive to the
accuracy of option values [17]. The implied volatility is computed by means of the
BS formula for strike values K = {40, 80, 100, 120, 180}. The reference values are
computed by the average cash flows on the generated MC paths. The results are
presented in Table 4. The SGBM results have smaller variances compared to results
of a plain Monte Carlo simulation, and maintain a high accuracy when comparing
the absolute errors.

We then consider a Bermudan put option with 50 exercise dates equally
distributed in the period [0,7]. Figure 5 shows the SGBM convergence rate
by comparing the direct and path estimators. Results of this Bermudan put are
presented in Table 5. Table 6 presents results of SGBM for computing a down-and-
out barrier put option. It shows that SGBM works well also for a non-continuous
payoff function.
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Table 5 Results for a Bermudan put option under the HHW model. Strike
K = 100, T = 10 and 50 exercise times. The total number of paths is
N = 10°, and the order p = 2 and bundle number J = 2048

Bermudan option under the HHW model
T =10 | Values t = 0 | Direct estimator (std.) Path estimator (std.)

V(0)
Agg(0)
TgE(0)
CVA

16.056(0.002)
—0.268(0.000)
0.815(0.001)
2.968(0.003)

16.009 ( 0.018)

Table 6 Results for a down-and-out barrier put option under
the HHW model. Strike K = 100, T = 10, barrier level H =
0.9K, r, = 0. The total number of paths is N = 10, and the

order p = 2 and J = 2048 bundles

Barrier option under the HHW model

Values r = 0 | Direct estimator (std.) Monte Carlo (std.)

V(0) 0.0478(0.000)
Apg(0) 0.0017(0.000)
Te(0) —0.0001(0.000)
CVA 0.0123(0.000)

0.0477 (0.001)

Table 7 Calculation time in seconds for computing exposure profiles of a
Bermudan option and for that of a whole portfolio with expiry date 7 = 10 under
the HHW model; SGBM with polynomial order p = 2, number of paths N = 10°

and time step size Ar = 0.1

Calculation time Direct estimator

A single (Bermudan) option | 151.5 (sec.)
Portfolio 306.3 (sec.)
5.3 Speed

Path estimator for Bermudan
130.2 (sec.)
131.5 (sec.)

One benefit of the SGBM algorithm is that one can calculate different financial
derivatives on the same underlying in one backward iteration using the same set
of simulated paths, as the monomial basis and the discounted moments are the
same. Table 7 compares the calculation time of a single Bermudan option and of
a portfolio, that consists of a Bermudan option, a European option and two barrier
options with the same underlying stock. The algorithm is implemented in MATLAB,
and runs on an Intel(R) Core(TM) i7-2600 CPU @ 3.40GHz.

By using parallelization of the SGBM algorithm, the speed can be further

enhanced drastically, see a study in [26].
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Table 8 CVA(%) of European options with T

{80, 100, 120}

European option, CVA (%)

= 5 and strike values K =

K/Sy |BS Heston BSHW HHW
T=1 |80% 2.951(0.010) | 2.959(0.003) | 2.953 (0.005) | 2.949 (0.005)
100% | 2.956 (0.011) | 2.958 (0.003) | 2.952(0.002) | 2.952 (0.002)
120% | 2.955(0.002) | 2.959 (0.001) | 2.953(0.001) | 2.952 (0.001)
T=5 |80% |13.925(0.036) | 13.941 (0.021) |13.882 (0.016) |13.929 (0.027)
100% | 13.951 (0.039) | 13.960 (0.010) | 13.901 (0.003) | 13.940 (0.018)
120% | 13.919 (0.010) | 13.953 (0.007) | 13.901 (0.005) | 13.936 (0.010)
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5.4 Impact of Stochastic Volatility and Stochastic Interest Rates

We here check the impact of stochastic volatility and stochastic interest rates
on exposure profiles and CVA. Next to the already discussed Heston and HHW
models, we also consider the Black-Scholes (BS) and the Black-Scholes Hull-White
(BSHW) models in this section. The parameter set chosen is the same as in Test B.
For comparison, we use the parameters of the other models such that we can ensure
that the values of a European put option with a fixed expiry date 7 has the same
price under all models.*

We define a so-called CVA percentage as (100- SX)‘?) %. Table 8 presents the

percentage CVA for European put options with two maturity times, 7 = {1, 5}, for
the strike values K = {80, 100, 120}. It can be seen that the CVA percentage does
not change with strike; furthermore, European options with maturity 7 = 5 exhibit
a higher CVA percentage than those with maturity 7 = 1. Based on the chosen
parameters, we see only a small impact of stochastic volatility and stochastic interest
rate on the CVA percentage.

Table 9 presents the percentage CVA for Bermudan put options with maturity
times T = {1, 5} for strike values K = {80, 100, 120}. We see that the ‘in-the-
money’ options have the smallest CVA percentage. This is understandable as the
optimal exercise strategy, in this paper, does not take into account the risk of a
counterparty default. A put option is likely to be exercised before maturity when the
strike value is higher than the current stock value, and thus one can expect relatively
little exposure.

Figure 6 presents the EE and PFE function values w.r.t. time for a Bermudan put
option which is at-the-money.

“4For example, under the Black-Scholes model, we use the implied interest rate, i.e. rp =
— log(p;O.T)) , and compute the implied volatility by the analytic BS formula. Under the Heston
model, the parameters of the Heston process are the same as those in Test B, and the corresponding
interest rate is computed by the bisection algorithm. Under the BSHW model, the parameters of the
Hull White process are the same as those in Test B, and the corresponding volatility is determined.
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Table 9 CVA(%) of Bermudan

{80, 100, 120}

Bermudan option, CVA (%)

options with T

Q. Feng and C.W. Oosterlee

5 and strike values K

K/Sy |BS Heston
T=1 |80% 2.534 (0.007) |2.460 (0.002)
100% | 2.005 (0.003) | 1.939 (0.002)
120% | 0.906 (0.002) | 1.031 (0.001)
T=5 |80% |10.110(0.032) |9.876 (0.030)
100% | 7.784(0.011) |8.120 (0.012)
120% | 4.453(0.008) |4.416 (0.020)
a’7 T 35
—————e- T —DBS b
6 _.T._.\\ - - = Heston 30
5 25
4 20
<3| =
= =
3 15
2
1 5
0 - : : - 0
0 0.2 0.4 0.6 0.8 1
time
T 70
——BS d

= = =Heston | |

PFE

BSHW HHW
2.643 (0.003) | 2.504 (0.003)
2.165 (0.001) | 2.016 (0.001)
0.986 (0.001) | 1.068 (0.001)
12.612 (0.014) |10.890 (0.029)
10.965 (0.008) | 9.649 (0.019)
6.923 (0.005) | 6.259 (0.013)
— s
- = = Heston
0 0:2 04‘4 0:6 O.‘8 1
time

time

Fig. 6 Impact of stochastic volatility and interest rate on EE and PFE with different tenors and
different asset dynamics, at the money K = 100. (a) T=1, EE. (b) T=1, PFE . (¢) T=5, EE. (d)

T=5, PFE

» In Fig. 6b, it can be seen that the PFE values for the HHW model are relatively
close to those of the Heston model, and the PFE values for the BSHW model
are very similar to those of the BS model. With a short time to maturity (7 = 1),
under our model assumptions and parameters, the stochastic volatility has a more
significant contribution to the PFE values compared to the stochastic interest rate.
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Compared to Fig. 6a, we can see that the EE values for the Heston and the BS
models are very close. Adding stochastic volatility has more impact on the right-
side tails of the exposure profiles than on the EE values.

¢ In Fig. 6d, in the period r = [0, 1], we see similarities of PFE values between the
HHW and the Heston models, and between the BS and the BSHW models; in
the period t = [1, 5], the PFE values for the BSHW model tend to be higher than
those of the BS model, and the PFE values for the HHW model are also higher
than those of the Heston model. Clearly, interest rates have more impact on the
exposure profiles in the longer term (say 7 = 5).

* Figures 6a and c show that the stochastic interest rate increases the future EE
values of Bermudan options, while the stochastic volatility has the opposite
effect.

* The PFE curve for the BSHW model in Fig. 6d looks differently from the other
curves because of the positive correlation parameter (p,, = 0.6) and the long
expiry (T = 5). The PFE curve represents events with large option values and
for a put option, this means that the associated stock values are low. In the case of
a positive correlation parameter p, ,, the interest rate is low as well. The investor
likely holds on to the option. If we set the correlation value to zero in the BSHW
model and perform the same computation, the PFE curves under the BSHW
model becomes ‘spiky’ as well.

The stochastic interest rate plays a significant role in the case of a longer maturity
derivatives, and results in increasing PFE profiles; stochastic asset volatility appears
to have an effect on PFE values at the early stage of a contract. Under the parameters
chosen here, at an early stage of the contract (say ¢ < 1), the PFE profiles under the
HHW model are very similar to those under the Heston model, but at later contract
times the PFE profiles under the HHW model increase. It seems that the stochastic
volatility has more effect on the right-side tail compared to the expectation of
the exposure profile, while adding the stochastic interest rate increases the whole
exposure profile, especially in the case of a longer maturity.

6 Conclusion

In this paper we generalize the Stochastic Grid Bundling Method (SGBM) towards
the computation of exposure profiles and sensitivities for asset dynamics with
stochastic asset volatility and stochastic interest rate for European, Bermudan as
well as barrier options. The algorithmic structure as well as the essential method
components are very similar for CVA as for the computation of early-exercise
options, which makes SGBM a flexible CVA valuation framework.

We presented arguments for the choice of the basis functions for the local
regression, presented a bundling technique, and showed SGBM convergence of
the direct and path estimators with respect to an increasing number of bundles.
Numerical experiments demonstrate SGBM’s convergence and accuracy.
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Using higher-order polynomials as the basis functions is especially important
when accurate sensitivities values are needed; otherwise, a polynomial order p = 1
is sufficient for option prices and exposure quantities with a sufficiently large
number of bundles and paths. The computational efficiency is connected to the
number of bundles used in SGBM. A parallel algorithm will be important for a
drastic reduction of the computation times, see the studies in [26].

Acknowledgements We thank Lech A. Grzelak, Shashi Jain, Kees de Graaf and Drona Kandhai
for helpful discussions, as well as the CVA team at ING bank. Financial support by the Dutch
Technology Foundation STW (project 12214) is gratefully acknowledged.

Appendix 1: The Joint Discounted ChF of the Heston Model

The discounted ChF of an affine model can be derived by Ricatti ODEs, as presented
by Duffie et al.[13]. The expression for the joint dChF of the Heston model is
given by:

¢Hest0n(“ly u27 T|Yt) = exp (AH(I/“? u27 t) + BH(ula T)-xl‘ + CH(“I? u27 t)vl‘) ) (56)

where the coefficients of the ChF are obtained via the following ODEs:

4B (u1.7) = 0, (57)
dr

ddarH (1,12, 7) = Bu(v)(Bu(r) — 1)/2 (58)

+ (YosoBu (1) —k) Cu(0)+y*Ci(v) /2, (59)

di" (1,2, 7) = k5Cx(7) + r(Bu(r) — 1), (60)

where T = T —t and initial condition Br(ui, v = 0) = iuy, Cy(uy, ur, T = 0) = iuy
and Ay (u1, uz, © = 0) = 0. The solution is given by:

By (u1,7) = iuy, (61)
C = 2D 62
H(ulsu27t) _r+_ yz(l_ge_Dlt)s ( )
AH(M],MQ,T) = I]H+IH3 (63)
with
iUy — r—
g =, 2 ,Dl = \/(K — )/px’vl.bll)z + )/21/[1(1/[1 + l), (64)

wy —r4
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1 .
=, (kK — ypxviuy £ Dy), (65)
and
2 (1—ger
If’ =kv|r-t— log 8¢ , (66)
y? 1—g
B = r(iu, — . (67)

The form of the characteristic function in Heston’s original paper [18] is
problematic due to branch cuts. A more recent reference is [15]. We use the correct
form of the characteristic function in our numerical examples.

Appendix 2: The Joint Discounted ChF of the Black-Scholes
Hull-White Model

The expression for the joint dChF for the BSHW model is given by:
Ppsuw (u1, us, T|Y,) = exp (As(ui, us, ©) + Bs(ui, T)x, + Ds(uy, uz, t)r;), (68)
where the coefficients of the ChF are obtained via the following ODEs:

dBs

dr (ur,7) =0, (69)
dD _ -
drs (u1,u3,7) = =1 + Bs(u1, 1) — ADg(uy, u3, 1), (70)
dA

1 - - _
o s w) = Bs(ur0) (Bsn. 1) = 1) + A 6T — ) - Dsur, w3, 7)

1 ,- _ _
+ znzDs(ul, u3, T)+p.,0nBs(u1, T)Ds(uy, u3, 7), (71)

Wher_e t = T —t and initial condition Bs(ul, t=0)= iul,DS(ul, u3, T = 0) = ius,
and Ag(uy, u3, = 0) = 0. The solution is now given by:
Bs(u1, 7) = iuy, (72)

iu1—1

Ds(uy,u3,7) = N (1 —e™7) + iuze™", (73)

As(uy,us,v) =1 + K + 15 + I3, (74)
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with
s_ Lo
I = 20 iuy (iug — D, (75)
5= / O(T - 5) - Ds(ur. us. s)ds (76)
0
) A
[g = 232 (/\(ul + e =D (Auz —uy —i) +
1
" (8_2)” - l) (Auz —uy — i)2 — (u1 + l')zf), 77
s nbop., iy + “% -t —At
I = \ -, At +e " =1 +uuz(e™" —1) ). (78)

When 6(¢) = 6 is a constant,

5=6 ((ml -+ i(e_h — D)(iuy — 1) —iuz (7" — 1)) ) (79)

Again the discounted moments are obtained by symbolic computations in
MATLAB.

Appendix 3: The Joint Discounted ChF of the HIHW Model

The expression for the joint dChF of the HIHW model is given by:

Pyiaw (w1, uz, u3, T|Y;) = exp (Aw(ur, uz, uz, ) + Bw(ur, 0)x; + Cw(uy, uz, T)v;
+ Dy (ur, us, T)rt), (30)

where the coefficients of the ChF are here obtained via the following ODEs:

dBw (1, 7) = 0, (81)
dt
dCy _ _ - _
0 (u1,u2,7) = Byw(r) Bw(t) — 1)/2 4 (ypx.oBw(v) — k) Cw(7)
+y°Cy(0)/2. (82)
D - _
O .7 = 1+ Btur. 7) — Dl . ). (83)
dAw

Jt (u1,ur,u3,7) = A+ 0(T — 1) - Dy (ur, u3, 7) + k0 Cy(u, 2, 7)
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1 ,- - -
+ 2 UZD%V(ML u3)+77px,vE [\/UT|Ur] BW(”ls T)DW
X(I/l],l/l3, T)? (84)

\yhere t = T — t and initial c_ondition Bw(ul, t=0)=iu, C‘W(ul, ur, T =0) =iuy,
Dy (uy,us, t =0) =iuz and Ay (uy, up, u3, t =0) = 0. The solution is given by:

By (uy. 1) = iuy, (85)
- 2D,
Cw(u,uz,7) =ry — V2 (1 — geDit)’ (86)
_ i — 1
Dw (i, u3, 7) = ““A (1—e7*7) + iuze™", (87)
Aw(ur,up,uz, vy =1 + 1) + 1) + 17, (88)
where expressions g, D and r4 are the same as in (64), and
IYV = / (T —s) -DW(ul,ug;,s)ds, (89)
0
_ 2 1 —ge Drr
I = t— 1 , 90
; Kv(” o (17 )) ©0)
7 (2
Y= o (A(ul + i) (e = 1)(Auz —uy — i) 91)
1
+,5 (e —1) (Aus — uy —i)* — (uy + i)%), (92)
iuy + u?
L' = nps (— LG ) —nusGa(r. v») , 93)
where
Gi(t,v) @ = / E [Vvr—|v] (1 —e ™) dx, (94)
0
Gy(t,vy) : = / E [\/vT_x|v,] e Mdx. 95)
0

When 6(t) = 6 is a constant, /; can be integrated by

V=6 ((iul — D+ i(e—*f — D(iuy — 1) — iuz (77 — 1)) . (96)
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It is computationally expensive to calculate the integral for G; and G, over
[t, + T]. We use an approximation where, for a fixed v,, values of the conditional
expectation E [\/Ur.l,_r |v,] over a short time period can be approximated by a linear
function w.r.t. time.

We will use the approximation that

E [Jv,+t‘v,] ~ a(v) + b(v,, AN, T < At 97)

where a(v;) = /v, b(v, Ar) = "F97" At = 0.05. Various experiments have
shown that this approximation is sufficiently accurate in the present context.

The integrals expressed in (94) and (95) can be approximated by an analytic
formula with the approximation in (97). To further enhance the of SGBM, we
compute the integrals on a volatility grid based on the minimum and maximum
values of the variance on the simulated paths. At each time step ¢,,, the discounted
moments on all paths are computed with the help of the volatility grid plus a spline
interpolation technique.

Appendix 4: Errors of Approximation of the Option Function

There are two types of errors when approximating the option function on the
bounded domain Ujm 41 at time f,41. The first type of error €; is the difference
between the real option function and its projection on the polynomial space
22U, +1-P), and the second type of error €, is the difference between the real
projection on the polynomial space and its statistical approximation given a data
set {0m+1(0), Ym+1(i)}. Measured in L, norm within the j-bundle, these two errors
can be expressed by

€1 = [|[Vmt1,2) = Zi(tmtr, ), - (98)
€ = |Zi(tnt1.°) — Zo(tmt1, )|l , - 99)

where the L, norm is defined by the conditional probability measure iy, |y, i-€.
for any L, measurable function f(Y,,+1), its L, norm is defined by [29]

1

I, = (/ lf(Ym+1)|2dlL(Ym+1|Ym)) . (100)
Y41 €ER"

It is trivial to see that the total error of approximation of the option function is
bounded by the sum of these two types of error, i.e.

2
E? |:(V(tm+lv Yit+1) — Zo(V(tmt1, Ym+l))

Ym} <€ +e, (101)



Calculation of Exposure Profiles and Sensitivities of Options under the Heston. . . 299

and we will discuss them respectively.

* For the first type of error €;: The well-known Weierstrass approximation theorem
states that any continuous function defined on a closed interval can be uniformly
approximated as closely as desired by a polynomial function [24]. It can ensure
that €; will go to zero as the order of the monomial basis goes to infinity.

More specifically, the error € is involved with the property of the polynomial
space 2 (U, ,,p), i.e. the size of the domain U, , and the order of the
monomial basis p. Theorems 1.2 in [24, p.12] and Theorem 3.2 in [24, p.59]
provides a priori error estimate in L, norm when the function needs to be
approximated is twice differentiable. _

To reduce error €|, we can either reduce the size of the domain U/, or increase
the order of the basis functions. By using bundles we can achieve the former goal.

* For the second type of error €;: Assuming that the function Z, is an unbiased
statistical estimator of Z;, i.e.

Zi(tmt 1, Yr1) = Zo(tmt 1, Yo 1) + Oyt (102)

where the error term 8,41 ~ 4(0, crr%l +1) i.i.d, where crr%l 41 is the constant
variance. By central limit theorem the error satisfies with probability 1 that

€& — U’”J]rv‘ , as the number of paths N; — oo. It implies that the error €,

j
approaches zero as the number of paths goes to infinity with probability 1. Error
€, can be reduced by increasing the number of paths N;.

As a conclusion, the SGBM approach converges as the number of bundles, the
number of paths within each bundle and the polynomial order p of the basis
functions go to infinity.

Appendix 5: Proof of Proposition 1

Proof By Jensen’s inequality:
2
(C(tms Ym) - CZ(tmv Ym))
2
= (EQ [D(tm7 tm+l)v(tm+1 ’ Ym+1) iYm]_EQ [D(tma tm+1)Z2 (tm+1 s Ym+1) |Ym])

2
<E® |:(D(lm, bt )V U1, Y1) — Zo (g, Ym+1))) \Ymi|

2
<EQ |:(V(tm+lem+l) - ZZ(tm-Hva-i-l)) Ym:| : (103)
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A Note on Independence Copula for Conditional
Markov Chains

Tomasz R. Bielecki, Jacek Jakubowski, and Mariusz Nieweglowski

Abstract Given a family (Y", k = 1,2,...,N) of conditional Markov chains,
we construct a conditional Markov chain X = (X!,...,X") such that X*, k =
1,2,...,N, are conditional Markov chains, which are conditionally independent
given the information contained in some filtration I, and such that for each & the
conditional law of X* coincides with the conditional law of Y*. This is a new
result that can be used to model different phenomena such as the gating behavior
of multiple ion channels in a membrane patch, or credit ratings migrations.

1 Introduction

The main objective of this note is to construct the conditionally independent Markov
copula, which we also call the conditionally independent multivariate Markov
coupling, for a family Y*, k = 1,2,...,N, of conditional Markov chains (CMCs
for short). That is, to construct an N-variate conditional Markov chain X =
(X', ..., X"), so that each X*, k = 1,2,..., N, is a conditional Markov chain, and
such that the conditional law of X* coincides with the conditional law of Y*, and,
moreover, X’ and X’ for i # j are conditionally independent given the information
contained in some filtration FF.
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Thus, the paper provides a contribution to the theory of structured dependence
between conditional Markov chains. The conditioning is done with respect to
o-fields comprising the so called reference filtration, which is denoted by F.
Typically, inclusion of a reference filtration in a dynamical stochastic model is aimed
at accounting for random factors that are believed to affect evolution of the processes
of primary interest.

The conditionally independent copula models dependence between processes X,
k=1,2,...,N, via their dependence on the common information, but, at the same
time, features conditional independence property between X k= 1,2,...,N,
when conditioning is done with respect to this information. Often this information
is generated by stochastic processes.

In a very special case when the filtration F is trivial, the conditionally inde-
pendent copula X reduces to the family of independent Markov chains X*, k =
1,2,...,N. Such families have been quite extensively studied and applied in
modeling of gating behavior of multiple ion channels in a membrane patch (see
Dabrowski and McDonald [7], Kijima and Kijima [11], Ball and Yeo [2]).

Using the theory of CMCs and the respective conditionally independent copula,
we can model conditional independence between multiple ion channels that are
otherwise linked via common stochastic factors, embedded in filtration F, which
models a random environment. Ball, Milne and Yao [1] considered a special case of
CMCs. They have assumed that single ion channels are independent, conditionally
on some environmental process, which is a Markov chain. Thus, this note provides
a theoretical foundation for generalization of the model studied in [1]. It is worth to
note that Biagini, Groll and Widenmann in a recent paper [3] considered an appli-
cation of CMC:s for the evaluation of rational premia for unemployment insurance
products. They were assuming that the processes representing employment status
of individuals in a pool of employable individuals are conditionally independent
CMCs.

Consequently, this note does not only provide the theoretical contribution in the
area of structured dependence of conditional Markov chains, but also a potential
contribution to the area of modeling of gating behavior of multiple ion channels in
a membrane patch.

We close this brief introduction by noting that, in general, if the conditional
Markov chains Y%, k = 1,2,...,N, admit intensity processes, say ¥*, k =
1,2,...,N, then the structured dependence between Y, k = 1,2,...,N, can
be modeled by appropriate perturbation of the conditionally independent Markov
copula. Specifically, structured (conditionally Markovian) dependence between
CMCs Y*, k = 1,2,...,N, can be modeled in terms of a matrix valued stochastic
intensity process, say I, ¢+ > 0, which is represented as a sum

I, = @ lllrk + dependence terms,

conditionally independent Markov copula

where the formula for @Q’: ! lI’," is given in (17). This is another good reason for the
importance of the contribution of this note.
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2 CMCs and Their Structured Dependence

Let us recall the basic set-up and the basic definitions from Bielecki, Jakubowski
and Nieweglowski [5, 6].

Let T > 0 be a fixed finite time horizon. Let (£2, o/, P) be the underlying
complete probability space, which is endowed with two filtrations, the reference
filtration F = (%):e0,r] and another filtration G = (%):epo,17, that are assumed
to satisfy the usual conditions, i.e. they are right-continuous and complete. So,
processes considered in this paper are defined on (£2, 7, P) with the time interval
[0, T]. Moreover, for any process U we denote by FU the completed right-continuous
filtration generated by this process.

In addition, we fix a finite set S, and we denote by d the cardinality of S. Without
loss of generality we take S = {1,2,3,...,d}.

Definition 2.1 An S-valued, G-adapted cadlag process X is called an (F,G)-
conditional Markov chain if for every xj,...,x; € S and for every 0 <t < £
<... =<t <Titsatisfies

PX, =x¢..... X, =x1|F VY) =PX, =x,.... X =x1|F VvoX)). (1)

As in [5] we write (F, G)-CMC, for short, in place of (IF, G)-conditional Markov
chain.

Given an (F, G)-CMC process X, we define its indicator process,
H =1y, xe€8, tel0,T] 2)
Accordingly, we define a column vector H, = (H;, x € S)T, where T denotes

transposition. For x,y € S, x # y, we define the process H* that counts the number
of transitions of X from x to y,

HY =#u<rt1:X,— =xandX, =y} = | H,_dH), 1€][0,T]. 3)
10.4]

Definition 2.2 We say that an F-adapted matrix valued process A, = [A;]cyes
satisfying

AP =0, VxyeSxs#y and Y AP =0. VxeS, 4)
y€ES

is an F-intensity matrix process for X, if the process M = (M?, x € S) T defined as
t

M, =H, — / ATH,du, 1€][0,T], (5)
0

is an IF v G —local martingale with values in R?.
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Now recall the concept of (IF, G)-doubly stochastic Markov chain, (F, G)-DSMC
for short, that was introduced in Jakubowski and Nieweggtowski [9].

Definition 2.3 A G-adapted cadlag process X = (X)o7 is called an (IF, G)-
DSMC with state space S if forany 0 < s < ¢t < T and every y € § we have

PX,=y| Frv¥) =PX =y| F Vo). (6)

Most of the analysis done in [5] regards (IF, G)-CMCs that are also (F, G) doubly
stochastic Markov chains. This is because doubly stochastic Markov chains enjoy
very useful analytical properties. We recall that with any X, which is an (F, G)-
DSMC, we associate a matrix valued random field P = (P(s,f), 0 < s <t < T),
called the conditional transition probability matrix field (c—transition field), where
P(s,1) = (Pxy(s, 1))x yes is defined by

PX, =y.X,=x| %)

Lpx,=x Ty Lpgmdzy=0y. (7
P(X, = x|.7) p=2)>00 T Lo=pp Lipat=v.7)=03-  (7)

px,y(sv t) =

By [5, Proposition 4.2] we know that forany 0 < s < ¢ < T and for every y € S we
have

PX, =y | Frv ) =) Lix=npu(s,D. ®)

x€S

Moreover, the F—adapted matrix-valued process I' = (Iy)s=0 = ([V;”]xyes)s=0 is
the intensity of an (F, G)-DSMC X if:

)
[ Yllas<e o)
10.7] x€S
2)
Y’ >0 Vx,yeSx#y, yi=-— Z vy VxeSs. (10)
YES:yF#x

3) The Kolmogorov backward equation holds: for all v < ¢,

P(v,t)—1= /trup(u,t)du. (11)

4) The Kolmogorov forward equation holds: forall v < ¢,

P(,f)—1= /tp(v,u)rudu. (12)
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We refer to [5] for discussion of the notion of intensity process of an (F, G)—
DSMC, as well as for a discussion of the relationship between the concept of the
(F, G)-CMC and the concept of (F, G)-DSMC. In particular, sufficient conditions
under which an (F,G)-DSMC is an (F, G)-CMC are given in [5]. Moreover, it
is shown in [5] that one can construct an (F, G)-CMC, which is also an (F, G)-
DSMC. It is done for A satisfying canonical conditions.

Condition 2.1 We say that a matrix valued process A = [A)cyes satisfies
canonical conditions relative to the pair (S, ) if:

(Cl) Ais an F-progressively measurable and it satisfies (4).
(C2) The processes MY, x,y € S, x # y, have countably many jumps P-a.s., and
their trajectories admit left limits.

Any F-adapted cadlag process A, = [A;]; es, for which (4) holds, satisfies
canonical conditions.

In what follows, we will use the acronym (IF, G)-CDMC for any process that is
both an (F, G)-CMC and an (IF, G)-DSMC.

Let X be an (F, FX)-CDMC. Let us note that in view of [5, Theorem 4.15],
the intensity of X considered as an (F,FX)-DSMC coincides, in the sense of
[5, Definition 2.5], with the F-intensity A of X considered as an (F, FX)-CMC.
Consequently, we will say that X is an (IF, FX)~CDMC with intensity A.

In this paper we consider processes X satisfying the following assumptions

Assumption 2.1 (i) X is an (F,FX)-CDMC admitting an intensity.
(ii) P(Xy = xo|Fr) = PXo = x0|-F0) for every xo € S.

2.1 Strong Markovian Consistency of Conditional Markov

Chains

We consider multivariate processes, so that the state space S := Xivzl Sk, where
Sk is a finite set, k = 1,...,N and X being a multivariate (IF, FX)-CDMC can be
written as X = (X oooxN ). Now we introduce the notion of strong Markovian
consistency.

Definition 2.4 Letus fix k € {1,..., N}. We say that process X satisfies the strong
Markovian consistency property with respect to (X¥, F) if for every x’f e x’r‘n € Sk
andforall0 <r <t <...<t, <T,itholds that

P(X) =xh.....X} =X|FHVF) =P (X =x.... X =XF VX)),

(13)
or, equivalently, if X* is an (F, F¥)-CMC.!

'In more generality, one might define strong Markovian consistency with respect to a collection
X' :={X*, keI C{l1,2,...}} of components of X. This will not be done in this paper though.
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The next definition extends the previous one by requiring that the laws of the
marginal processes Xk k=1,...,N, are predetermined. This definition will be a
gateway to the concept of strong CMC copula that we introduce in Sect. 3.1.

Definition 2.5 Let # = {Y',..., Y"} be a family of processes such that each Y*

is an (F, F¥*)-CMC with values in S.

(1) Let us fix k € {1,2,...,N} and let process X satisfy the strong Markovian
consistency property with respect to (X, ). If the conditional law of X* given
Zr coincides with the conditional law of Y* given .%7, then we say that
process X satisfies the strong Markovian consistency property with respect to
(XK T, Y5).

(i) If X satisfies the strong Markovian consistency property with respect to
(X, TF, Y*) for every k € {1,2,...,N}, then we say that X satisfies the strong
Markovian consistency property with respect to (F, %¢).

Now we provide sufficient and necessary conditions for strong Markovian consis-
tency property of X with respect to (F, %).

Theorem 2.1 ([6, Theorem 3.6]) Let % = {Y',... . YN} be a family of processes
such that each Y* is an (F, Fyk)-CDMC, with values in Sy, and with F-intensity

vk = [I//tk;x’cy‘c]xk'ykesk. Let process X satisfy Assumption (A). Then, X satisfies the
strong Markovian consistency property with respect to (F, %) if and only if for all
k=1,2,...,N, the following hold:

(i) Forevery x*,y* € Si,xF # y*

1 5 O XXX )
{xk=xt} E '

V'ESy,
n=12,...N.n#k

= ﬂ{th=xk}l//k;xky"’ dt @ dP-a.e. (14)

(ii) The law of X given Fr coincides with the law of Y& given Fr.

The necessary and sufficient condition for strong Markov consistency of X with
respect to (IF, #) formulated in Theorem 2.1 may not be easily verified. Here, we
provide an algebraic sufficient condition for that, which typically is easily verified.
We illustrate this in Sect. 3.2, where Theorem 2.2 will play the key role.

Theorem 2.2 ([6, Proposition 3.9) Let & = {Y'.....YN} be a family of
processes such that each Y* is an (F, Fyk)-CDMC with values in Sy, and with

ok k
F-intensity lI/,k = [wtk’x} lx¢ ykes,- Let process X satisfy Assumption (A). Assume
that
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(i) There exists a version of F—intensity A which satisfies the following condition:
foreachk =1,2,... N, x*,y* € Si, 2 # %,

by Lok, B [ LI R )
tk7xy — Z /\gx, YOy ™) (15)

V'ESy,
n=1,2,....N.n#k

(ii) The law of Xlg given Fr coincides with the law of Y(/)‘ given Fr for all
k=1,2,...,N.

Then, X satisfies the strong Markovian consistency property with respect to (F, %).

In general, condition (15) is not necessary for the strong Markovian consistency
property. However, it needs to be stressed, that this condition is so powerful that it
implies strong Markovian consistency property regardless of the initial distribution
of process X. On the other hand, whether or not condition (14) holds depends also
on the initial distribution of X.

In the next section we will give a construction of a conditionally independent
strong CMC copula, which, as stated in the Introduction, finds applications in
physics and chemistry, as well as in other disciplines.

3 Conditionally Independent Strong CMC Copula

We first introduce the concept of strong CMC copula, and then we proceed with
construction of a conditionally independent strong CMC copula.

3.1 Strong CMC Copulae

We begin with

Definition 3.1 Let & = {Y' ..., Y"} be a family of processes, defined on some
underlying probability space (£2,.27,Q), such that each Y* is an (FF, Fyk)-CMC
with values in S;. A strong CMC copula between processes Y!,..., YV is any
multivariate process X = (X',...,X"), given on (£2,.%7) endowed with some
probability measure PP, such that X is an (F, F¥)-CMC, and such that it satisfies
the strong Markovian consistency property with respect to (I, %).

The methodology developed in [5] allows us to construct strong CMC copulae
between processes Y!,...,Y", that are defined on some underlying probability
space (£2,.97,Q) endowed with a reference filtration IF, and are such that each
Y* is (F, F"")-CDMC with F—intensity, say, ¥* = [y**"]« ses,. The additional
feature of our construction is that, typically, the constructed CMC copulae X are
also (F, F¥)-DSMC.
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According to [6] a natural starting point for constructing a strong copula between
Y',...,Y"N is to determine a system of stochastic processes [A™],yes and an
S-valued random variable £ = (£!,...,£") on (£2,.27), such that they satisfy the
following conditions:

(CMC-1)
o b 1) xX"eS,,n=1,...,N,
[, Y = Z A‘T ......... o P ’ ykeskvyk;éxkv
V'ESp, k=1,...,N,t€[0,T].
n=12,...Nn#k
(CMC-2)  The matrix process A, = [A} lxyes satisfies canonical conditions
relative to the pair (S, F) (cf. Condition 2.1).
(CMC-3)
Q¢ =y|Fr) = Q¢ = y|F), VyeS.
(CMC-4)

QE* =y .71 = QY =Y Fr), Yy eSuk=1,...,N.

We will call any pair (A, &) satisfying conditions (CMC-1)-(CMC-4) strong CMC
pre-copula between processes Y, ..., Y. Given a strong CMC pre-copula between
processes Y',...,Y"Y, we can construct on (§2,./) probability measure P and
process X, starting from measure Q as above, such that, in view of Theorem 2.2,
it satisfies the strong Markovian consistency property with respect to (IF, #'). Thus,
it is a strong CMC copula between processes Y, ..., YV,

Moreover for P constructed in [5] we have

P = y|Fr) =P(E =y[F0), VyeSs.
P(E* = .7r) = QYK =Y. Fr), Yy eSuk=1,...,N.

Remark 3.1 (i) Note that in the definition of strong CMC copula it is required that
Fr-conditional distribution of X’S coincides with .Z#r-conditional distribution
of Y(’)‘, fork € 1,...,N, but, the F#r-conditional distribution of the multivariate
random variable Xo = (X/,... ,X(I)V ) can be arbitrary. Thus, in principle, a
strong CMC copula X between processes Y!, ..., YV can be constructed with
help of a strong CMC pre-copula between processes Y',..., YV, as well as a
copula between the .#7-conditional distributions of X’gs, forkel,...,N. The
constructed CMC copulae X are also (F, FX)-CDMC.

(i) In general, there exist numerous systems of stochastic processes that satisfy
conditions (CMC-1) and (CMC-2), so that there exist numerous strong pre-
copulae between conditional Markov chains Yl ..., YV, and, consequently,
there exists numerous strong CMC copulae between conditional Markov chains
Y', ..., YV, This is an important feature in applications (see e.g. [4] and [6]).
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3.2 Construction of Conditionally Independent Strong
CMC Copula

Let Y, ..., YN be processes such that each Y* is an (F, F¥")-CDMC with values in

<k k
Sk, and with F—intensity ¥ = [1//,k Y lx¢ ytes, - Assume that for each k the process
Wk satisfies canonical conditions relative to the pair (Si,F). Additionally assume
that

Q(Yy = xFr) = QY = X|F), Vx'eSi k=1,....N.  (16)

Consider a matrix valued random process A given as the following Kronecker
sum

N

N
A=Pu=> 1. QL 1®¥URL®...0y. t€[0.7]. (17)
k=1 k=1

where [ denotes the identity matrix of dimensions |Si| % |Sk| and & is the Kronecker
product of two matrices.? Moreover, let us take an S-valued random variable
£ = (£',...,EV), which has .#7-conditionally independent coordinates, that is

N
QE' = ...V =iN|Fp) = H@(éi =x|Zr), VYx=(@G' .. ..M es.
i=1
(18)
Additionally assume that .#r-conditional distributions of coordinates of £ and ¥,
coincide, meaning that

Q" =X F7) = Q(YE =X Fr), Vi eSS, k=1,...,N. (19)

Now our goal is to prove that

1. (A,£) is a strong CMC pre-copula between CDMC Y!, ..., YV,

2. The multivariate process X, that is a strong CMC copula constructed from (A, £)
in a way described above, has components which are conditionally independent
given Fy.

The process X in 2 above is called conditionally independent strong CMC copula
or independence strong copula for CMCs.
In what follows, we denote by I the identity matrix of dimension |S]|.

2Let us recall that for two given matrices, say A = [ayyly.er, and B = [by,ylynymek
indexed by elements of some finite sets Ej,E,, its Kronecker product is the matrix A ® B =
[(@ ® D).y ywekr <] With entries defined by (@ @ b) gy (.00 = @i Dyy, - See, e.g., Horn
and Johnson [8].
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Theorem 3.1 Suppose that we are given an N-tuple of process Y', ..., YV
such that each Y* is an (IF,IFYk)-CDMC with values in Sy, and with F—intensity

vk = [I//'tk;Xkyk]xk’ykESk which satisfy canonical conditions relative to the pair (Si, F).
Moreover, suppose that & satisfy (18) and (19) and let A be given by (17). Then
(A, §) is a strong CMC pre-copula between Y, ..., YN,

Proof In what follows, we will use a convention that for A C § where S is a finite
set, the characteristic function

. 1 ifjeA,
1,40G) = J
0 ifjé¢A,

is interpreted as a vector in R‘S|, written as 135; for simplicity, we will also denote
Iz = ]l%. By 05, we denote zero vector indexed by elements of S,.

First we prove that A satisfies (CMC-1). Let us fix k € {l,...,N}, x",yk € 5.
Fixx = (x',... ,X¥) € S such that ¥* = x*. Now we observe that

L o (LI L T vk
Z A;x TR A [ AR AR A B (]lgi}) AV,

Y'ESy,
n=12,....N.n#k

where
Wislg®.. . @l @1}, ®...8 1y, (20)

Next, we see that

N
k
A[V} == E @rm,
m=1

where @™ are defined by
m m— m k
®t = ((®p=11117) ® l]/t ® (®qu=m+1ln)) v

We have for m = k, by using (20) and the mixed-product rule (cf. [8,
Lemma 4.2.10]),

of = (@211 @ ¥ @ (@) 111) (@1 15) @ 13, ® (®)_411s,))

((®’,§;‘11p115p) ® U1, ® (®) 4 Iq]lsq))

= (@}2i15) @ w1, ® (@) ls,).-
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Analogously, we have, for m > k,

(R0 ® W' 8 (®),11) (®F 1) © 13 ® (801 15,))

(@2 01s) @ (135 ® @)=/ 1s,) ® (¥"1s,) & (R, 1,1s,))

(@2i1s) ® () ® (@515) ® 05,) ® (®)-1115,)

= ® lOSp OXQ’:]S;;

and, for m < k,

(@=i1) @ 9" @ (®)yy11) ((®ZiLs) ® 1y ® (@sp 1)
((®’”—11 1s,) ® (¥"1s,) ® ()2}, 11 1s,) ® (il k})(®‘1 wily ]lsq))
((@m‘l]lsp) ® (0s,) ® (® ) 1 11s,) ® (]lf;k})(®;v=k+1]15q))

= ®)_,05, = O,v

—ISP

Consequently, for any X = (x',...,x"V) € S such that ¥* = x* and y* € S}, we have
that

N
(ﬁ}})TAtVyk = Z (]lf:g})T@t (]lf{gx}) A
m=1
k—1 N ok
= (TTrs @), @( TT 15,69) = v
p=1 q=k+1

This finishes the prove that A satisfies (CMC-1).
The fact that A satisfies (CMC-2) follows from the assumption that lI’," =
[1//,k o lxyes, satisfies canonical conditions relative to the pair (S, F) for every

k=1,...,N, and from the following representation of the entries of A;:
N
A,EXI ..... Aol Z ( l—[ ]l{ }) myx"y"
}n_xn .
m=l n;m

It is clear from Assumption 2.1, that any & satisfying (18) and (19) satisfies (CMC-3)
and (CMC-4). Therefore (A, ) is a pre-copula between processes Yyh...,YN O

Our next aim is to demonstrate that components of the process X constructed from
(A, &) are conditionally independent given .%7. We start with
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Lemma 3.1 Suppose that we are given an N-tuple of matrix valued processes W* =
[I/Itk;xy]x,yGSkr k = 1,...,N, which satisfy canonical conditions relative to the pair

Sk, F) and

ds <oo, Vk=1,...,N. 1)

> /0 ' [y

xkesy

Let us fix s € [0, T], and let P(s, -) be the solution of
dP(s,t) = P(s,t)A,dt, P(s,s) =1, tel]sT], (22)
where A is defined by (17). Then,

N
P(s,1) = (X) Pi(s. 1), (23)

k=1

where
dPi(s,1) = Pi(s, )Wk dt, Pi(s,s) =1L, te]s,T]

fork=1,...,N.
Proof We will verify that P defined by (23) satisfies (22), which, by uniqueness of

solutions of (22), will imply the desired result. We will proceed by induction on N.
First, we take N = 2 and we prove that P?) (s, -) given as
PO(s,1) := Pi(s.)®Ps(s. 1),
satisfies (22), which takes the form
dPP(s,1) = PO, ) (W' @ L + 1, @ WHdt, PP (s,s) =1. (24)
By the mixed-product rule (cf. [8, Lemma 4.2.10]) we can write POs, 1) as
P (s,1) = (P1(s.01)) ® (LP(s. 1)) = Q1(s.0)Qa(s. 1), (25)
where
0i(5,0) =P1(s,) ® L, Oa(s,1) =11 ® Pa(s,1).

Thus, to show (24) we need to prove that

d(Q1(s,1)0x(s.1)) = (Qi1(5,)02(s, D) (¥ ® L + I} ® ¥})dt.
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We have
dQi(s.1) = d(Pi(s.1) ® b) = (dP\(s.1)) ® I, = (P1 (s, )¥,!dt) ® I
= (Pi(s,0) ® L)(¥! ®@ L)dt = Q1 (s,1)(¥! ® L,
and, similarly,
dQs(s,1) = Qx(s, (1) ® ¥P)dt.

The matrices Q»(s,7) and (¥ ® I,) commute, because definition of O, and the
mixed-product property imply

(s, ) (¥ L) = (1 ®P2(s, 1)) (¥ ® D) = (L") ® (Pa(s, N]2) = W @Ps(s,1),
and analogously
W' ®0L)0:(s,1) = (V' @L) (I ®Pa(s, 1)) = (W) @ (IP2(s, 1)) = ¥ @P1(s,1).

Using the above results and integration by parts we get

d(Q1(s,1)Qa(s, 1)) = (dQi(s,1) Qa2 (s, 1) + Q1 (s, )dQa(s, 1)
= 01(s. (¥ ® L)Qs(s. D)t + Q1 (5.))Qa(s. )(I) ® ¥)dt
= 01(5.0Q2(s. )W ® L)dr + 01(5, )0 (s, DIy ® WP)dt
=015, 006N L + 1) ® W)dt,

where the third equality follows since the matrices Q,(s, f) and (¥ ® I,) commute.
This demonstrates that P2 (s, -) satisfies (24). Consequently, in view of the unique-
ness of the solution of (24), the result of the lemma is proved in case N = 2.

Now, let us assume that the assertion of the lemma holds for some N > 2. We
want to show that

N+1
PN (s, 1) i= (X) Pils. 1)
k=1
satisfies
dPN (s, 1) = PNV (5, ANV gy,
where

N+1

A§N+1) — le Q... ®Ik_1®lp,k®lk+l® v Oyt
k=1
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Note that using

™= élk
k=1
we have
PN (s, 1) = PM (s, 1) @ Pygi(s.8) = (PN (s, )I™) & (In41Py+1(5.1))
= PY(5,0) @ In+ ) U™ ® Py41(s5.1)), (20)

where the third equality follows from the mixed product rule. Now, we will calculate
the differentials of components of (26). We have

dPM(s,1) ® In41) = (PN (s5,1) ® In+1) (A" ® Iys1)dr,
PM(s,5) ® Iygy = 1VHD,
and

d(I™ @ Pyy1(5,0) = IY & Py1(s, ) (IY @ ¥V )d,

I™M @ Pyyi(s,s) = 1VHD.

In a similar way as before we prove that matrices (AEN) ® Iy+1) and IV ®
Py+1(s, 1)) commute. Integration by parts in (26) yields

dPN (s, 1) = PY* D (5 (AN @ Iy + (1h® ... ®Iy) @ N ydr,
PN+ (5 5) = [N+D.

Since we have
AT = AN @ Iy + (1® ... ®lIy) @ ¥,

this completes the proof. O

Theorem 3.2 Suppose that X = (X',...,X") is an S-valued (F,G)-DSMC with
c-transition field of the form

N
P(s. 1) = Q) Pi(s. ). 27)
k=1

where Py = [piyylxyes, is a stochastic matrix valued random field, fork = 1,...N.
Moreover assume that for all x = (x', ..., x") € S it holds
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P ((Ii] (xk = xk}‘%) = ﬁ P (X5 = ¢|7r) (28)

k=1 m=1
Then, the components X', ..., X" of X are conditionally independent given Fr.
Proof 1t suffices to prove that for any ¢4, ..., 1, € [0, T], and for any sets A}’ C S,,,,

m=1,...N,k=1,...,nitholds

P (ﬁ ﬂ (X e Akm})%) - ﬁ P (ﬂ (X e A;"})%). (29)

m=1 k=1 m=1 k=1

For simplicity, we will give the proof of (29) for N = 2. The proof in the general
case proceeds along the same lines and will be omitted. We prove (29) in three steps.

Step 1:  Let us first note that (27) and the definition of the Kronecker product
imply that for any (x!,x?), (y',y?) € S x S, we have

Pt 2y y2) (85 1) = Pyt (8, DPas2y2 (s, 7). (30)

In addition, as we will show now, if Py(s, ) and P,(s, t) satisfy .#r-conditional
Chapmann-Kolmogorov equations (cf. [9, Theorem 3.6]), then (P(s, 1))o<s<i<T
defined by (27) satisfies .#r-conditional Chapmann-Kolmogorov equations as
well. Indeed, applying the mixed-product rule to the right hand side of (27) we
obtain
P(s,t)P(t,u) = (P1(s,1) @ Pa(s, 1)) (P1(t,u) @ P(t,u))
= (Pi(s, )P1(t,u)) ® (P2(s, )P2(1, u))
= Pi(s,u) ® Pa(s,u) = P(s, u).

Step 2:  We will show that X' and X? are (IF, G)-DSMC with c-transition fields P;
and P,. We first observe that

PR = Y170V G om ey

= Liyima =y 2 B =)' X = 15 v )

2 €Sy

= ]l{XS‘=x1,X§=x2} Z Dyl (s, t)pz;xzyz(s, 1)
y2ES,

= H{XYI =x1,XX2=x2}p1;X1yl (S, t) Z pz;xzyz (S, t)

y*ES,

= ]l{X} =X1’X§=xz}p1;x1y1 (s, 1),
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where the second equality follows from (30). Now, summing this equality over
x? € 8, yields

]P)(th = yllng \4 gx)]l{XSIZXI} = ﬂ{X31=x1}pl;X1yl (S, t),

which means that X! is an (F, G)-DSMC with c-transition field P;. Analogously
we can prove that X? is an (IF, G)-DSMC with c-transition field P,.
Step 3:  Now, we will prove that (29) holds.

Let us restate (29) in the following equivalent form: for every y, ..., y} € S; and
¥, ..., y2 €S, itholds

(ﬂ {(X).X2) = Ok )}%)

k=1

=P((n\{X3k m) (ﬂ - =)l ) (31)

k=1

Next, using the tower property of conditional expectations, the definition of (F, G)-
DSMC, [5, Proposition 4.6], and (28) we can rewrite the left hand side of (31) as
follows

1@((}(1 X2)= (), (XL X2) = ;,yn)uT)

= B(B((X}.X2) = 010D (X} X2) = 030D Fr v %) | 7 )

n
— [
-5 ¥ 1{x&=y:),x5=ys}1_[l’<yzl,yz1><y;,yi>(fk—lﬁfk)|ff)
k=1

(VY3 ESIXS2

1 2
Z P (X = yO,X = yOlJT l_[p(}k 0 >k)(tk L.
(V) ESIXS, k=1

Now, employing (28), (30) and some elementary manipulations we obtain

P01 X2) = 01D (XL X2) = 610D )

n
Z Z P (X, = yolZr) P (X5 = y5|-Fr) l—[pl;y}c_lyll(tk—lytk)pz;yi_l,y%(tk—lytk)

}0551 }OESZ k=1
= (X P03 =020 TTruap o)
yoesl

( Z P X2 —yolﬁr HPZM 1}2(fk 1,lk))

)’OESZ
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Summing the above equality over all y% cees yi € S, yields

n
PX, =y, Xp =0l P = Y P (Xy = yolFr) [ [ Pr (et 10).
1 k=1
YoESI

Applying analogous reasoning to X we obtain

n
]P)(szl = y%, . ,Xé = )’i|§T) = Z JP’(XS = )’3|9T) l—[Pz;yg_l,yg(fk—l,l‘k)-
2 k=1
YoES2

These facts conclude the proof of (31). O
Finally, using the above facts, we derive the main theorem:

Theorem 3.3 Suppose that we are given processes Y', ..., YN such that each Y*
is an (F, F")-CDMC with values in Sy, and with F—intensity wk = [yf y k]xk,yke 5
which satisfy canonical conditions relative to the pair (S¢, F). Let X = (X', ..., X")
be a CMC copula constructed from a strong CMC pre-copula (A, €) between Y!,
.., YN where £ satisfy (18) and (19) and A is given by (17). Then the components
of X are (F,FX)-CMCs conditionally independent given Fr.

Proof In view of our assumptions, using Theorem 3.1, we see that (A,§) is
pre-copula. Therefore, X is a copula between Y!, ..., YV by construction (see
Remark 3.1.(i)). Moreover, X is (I, ]FX)-CDMC. Thus, the conditional independence
of components of X follows from Lemma 3.1 and Theorem 3.2. (]

Remark 3.2 Ball, Milne and Yao [1] considered a model that corresponds to a
special case of CMCs. They were assuming that single ion channels X!, ... X" are
independent conditionally on an environmental factor process, say ZF, which is a
Markov chain. Their model corresponds to setting the FZ" intensity of X* as

vt =w(zf)

and the FZ* intensity of the joint process X as

N

AZH) =) 1 ®.. . @L1®¥(ZN)®L1®...®ly. t€[0.T].
k=1

In our setting, of course, a random environmental factor process driving the
intensities of channels between open and closed states can be far more general.

Remark 3.3 Biagini, Groll and Widenmann [3] studied a model for the rational
evaluation of premia for unemployment insurance products. They were assuming
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that the employment status process XX of a single individual in the pool of
employable individuals is a CMC process with state space Sy = {1,2}, where 1
stands for employed and 2 for unemployed. The matrix intensity process of X* is of
the form

o (—wk;“(z,) wk“(zr))
T @)y z))

where Z is a multidimensional process of covariates influencing the modeled
evolution of the employment statuses. These covariates represent macro- and micro-
economic risk factors, as well as individual-related risk factors. Assuming the
conditional independence, and assuming that

yhii(z,) = ai‘i(t)e(ﬁ"‘-’ﬂlx)7 i # ],

the authors were able to estimate the stochastic intensities of individuals using Cox
proportional hazards model. In [6] we suggest a possible generalization, using CMC
copulae, of the model studied in [3]. This generalization, we believe, may provide a
more adequate way to deal with computation of the premia.

4 Conclusion

To a great extent, the progress in the emerging theory and practice of structured
dependence between stochastic processes will be measured by our ability to
construct all sorts of Markov copulae. The present note provides a considerable
contribution in this direction.

In particular, in this note we constructed the conditionally independent Markov
copula for a family of conditional Markov chains. As mentioned in the Introduction,
this is important since conditionally independent Markov copula serves as starting
point for modeling structured dependence between CMCs.

In addition, construction given here may be applied, for example, in modeling
of gating behavior of multiple ion channels in a membrane patch or in the problem
of evaluation of premia for unemployment insurance products. Also, calculation
of decision functions, discussed in Jakubowski and Pytel [10], may be undertaken
using conditionally independent Markov copula.

There is much more to be done, though. For example, the great challenge is
posed by effective construction of weak Markov copulae and weak CMC copulae,
that were studied in [4] and in [6], respectively. This will be objective of our future
work.
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The Construction and Properties of Assortative
Configuration Graphs

T.R. Hurd

Abstract In the new field of financial systemic risk, the network of interbank
counterparty relationships can be described as a directed random graph. In cas-
cade models of systemic risk, this skeleton acts as the medium through which
financial contagion is propagated. It has been observed in real networks that such
counterparty relationships exhibit negative assortativity, meaning that a bank’s
counterparties are more likely to have unlike characteristics. This paper introduces
and studies a general class of random graphs called the assortative configuration
model, parameterized by an arbitrary node-type distribution P and edge-type
distribution Q. The first main result is a law of large numbers that says the empirical
edge-type distributions converge in probability to Q as the number of nodes N goes
to infinity. The second main result is a formula for the large N asymptotic probability
distribution of general graphical objects called configurations. This formula exhibits
a key property called locally tree-like that in simpler models is known to imply
strong results of percolation theory on the size of large connected clusters. Thus
this paper provides the essential foundations needed to prove rigorous percolation
bounds and cascade mappings in assortative networks.

Keywords Skeleton ¢ Systemic risk ¢ Banking network ¢ Configuration graph e
Assortativity * Random graph simulation ¢ Large graph asymptotics ¢ Laplace
method ¢ Locally tree-like ¢ Percolation theory

The skeleton of a financial network at a moment in time is the directed graph
whose directed edges indicate which pairs of banks are deemed to have a significant
counterparty relationship at this time. The arrow on each edge points from debtor
to creditor. It has been often observed in financial networks (and as it happens, also
the world wide web) that they are highly disassortative, or as we prefer to say,
negatively assortative (see for example [14] and [1]). This refers to the property
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that any bank’s counterparties (i.e. their graph neighbours) have a marked tendency
to be banks of an opposite character. For example, it is observed that small banks
tend to lend preferentially to large banks rather than other small banks. On the other
hand, social networks are commonly observed to have positive assortativity: the
friends of highly popular people are more likely to be highly popular. Structural
characteristics such as degree distribution and assortativity are felt by some (see
[10, 12] ) to be highly relevant to systemic risk, meaning the stability properties
of financial networks, notably their susceptibility to the propagation of contagion
effects, that are the subject of the book [9].

The present paper introduces and studies a general class of assortative directed
random graphs that is both rich enough to describe real financial, engineered
and social networks, and amenable to analytic treatment. In this class, one can
determine the relationships between local network topology and global connectivity
properties (a theory that is called percolation) and ultimately to understand what
essential graph characteristics control the stability of systems such as financial
networks that rest on such a skeleton. The main aim here is to put a firm theoretical
foundation under the class of configuration graphs on N nodes with arbitrary node
type distribution P and edge type distribution Q. The class of configuration graphs
with general Q has not been well studied previously, and we will generalize some
of the classic large N asymptotic results known to be true for the nonassortative
configuration graph construction introduced by [2] and others, and described in
Sect. 1.2. To this end, an analytical technique based on the Laplace asymptotic
method is developed. These techniques turn out to be powerful enough to prove
a property we call locally tree-like that is known to be key to understanding the
percolation properties of graph models similar to the ACG model. Finally, at the end
of the paper, an approximate Monte Carlo simulation algorithm for assortative
configuration graphs is proposed.

1 Definitions and Basic Results

This section provides some standard graph theoretic definitions and develops an
efficient notation for what will follow. Since this paper deals only with directed
graphs rather than undirected graphs, the term graph will have that meaning.
Undirected graphs fit in easily as a subcategory of the directed case.

Definition 1.1 1. For any N > 1, the collection of directed graphs on N nodes
is denoted ¢(N). The set of nodes .# is numbered by integers, i.e. A =
{1,...,N} := [N]. Then g € ¥(N), a graph on N nodes, is a pair (A, &)
where the set of edges is a subset & C .4/ x .4 and each element { € & is an
ordered pair £ = (v,w) called an edge or link. Links are labelled by integers
£ e {1,...,E} := [E] where E = |&|. Normally, self-edges with v = w are
excluded from &, that is, & C A" x A\ diag.
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2. A given graph g € ¢(N) can be represented by its N x N adjacency matrix M(g)
with components

1if (v,w) eg
Mvw = . .
) %Olf(v,w) EN XN \g
3. The in-degree deg™ (v) and out-degree deg™ (v) of a node v are

deg™(v) = ) My(g), deg™(v) = ) Muu(e).

4. A node v € A has node type (j, k) if its in-degree is deg” (v) = j and its out-
degree is deg™ (v) = k. The node set A = Uy partitions into sets .45 with
the given node type. One writes k, = k, j, = jforany v € .4} and allow degrees
to be any non-negative integer.

5. Anedge £ = (v,w) € & is said to have edge rype (k,j) with in-degree j and out-
degree k if it is an out-edge of a node v with out-degree k, = k and an in-edge of
a node w with in-degree j,, = j. The edge set & = Uy;&; partitions into sets &
with the given edge type. One writes deg™ (£) = k; = kand deg™({) = j, = j
whenever £ € &.

6. For completeness, an undirected graph can be defined as a directed graph g for
which M(g) is symmetric.

The standard visualization of a graph g on N nodes is to plot nodes as dots with
labels v € .4/, and any edge (v, w) as an arrow pointing “downstream” from node
v to node w. In the financial system application, such an arrow signifies that bank
v is a debtor of bank w and the in-degree deg™ (w) is the number of banks in debt
to w, in other words the existence of the edge (v, w) means “v owes w”. Figure 1
illustrates the labelling of types of nodes and edges.

There are constraints on the collections of node type (j,, ky)ve_s and edge type
(ke,je)eee if they derive from a graph. By computing the total number of edges
E = |&|, the number of edges with k; = k and the number of edges with j, = j, one
finds three conditions:

Fig. 1 A type (3, 2) debtor
bank that owes to a type (3, 4)
creditor bank through a type
(2, 3) link
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E:=|6=) k=Y j

ef =108l =) ke =k) =Y Kk, = k) (1)

4

& = Uyl = 1Ge =) =Y _jlGy = j).
V4 v

where I(-) denotes the indicator function.

It is useful to define some further graph theoretic objects and notation in terms

of the adjacency matrix M(g):

1.

2.

The in-neighbourhood of a node v is the set A~ := {w € A|M,,,(g) = 1} and
the out-neighbourhood of v is the set A" := {w € A |M,,(g) = 1}.

One writes &7 (or &) for the set of out-edges (respectively, in-edges) of a given
node v and vZ’ (or v;") for the node for which £ is an out-edge (respectively,
in-edge).

. Similarly, second-order neighbourhoods A4,~~, A=+ At~ 4+ have the

obvious definitions. Second and higher order neighbours can be determined
directly from the powers of M and its transpose M | . For example, w € N
whenever (M M),,, > 1.

. One often writes j, ', j”, 1, etc. to refer to in-degrees and k, k', k", k1, etc. refer to

out-degrees.

Financial network models typically have a sparse adjacency matrix M(g) when N

is large, meaning that the number of edges taken to be a small O(N) fraction of the
N(N — 1) potential edges. This reflects the fact that bank counterparty relationships
are expensive to build and maintain, and thus #,* and .4, typically contain
relatively few nodes even in a very large network.

1.1 Random Graphs

Random graphs are probability distributions on the sets 4 (N):

Definition 1.2 1. A random graph of size N is a probability distribution PP on the

finite set ¢ (N). When the size N is itself random, the probability distribution P
is on the countable infinite set 4 := Uy%(N). Normally, it is assumed that [P is
invariant under permutations of the N node labels.

. Given IP, the node-type distribution is defined to have probabilities Py := P[v €

] for a randomly drawn node v and the edge-type distribution is defined to
have probabilities Qy; := P[{ € &;] for a randomly drawn edge £.
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P and Q can be viewed as bivariate distributions on the natural numbers, with
marginals P 1= Y P, Py = Y Py and Q) = Y, 04,07 = Y, Q.
Edge and node type distributions cannot be chosen independently however, but must
be consistent with the fact that they derive from actual graphs which is true if one
imposes that equations (2) hold in expectation, that is, P and Q are consistent :

2=y kPP =) jP;
k j

Of =kPf/z. Q7 =jPj [z Yk

2

Thus z is both the mean in-degree and mean out-degree.

A number of random graph construction algorithms have been proposed in
the literature, motivated by the desire to create families of graphs that match the
types and measures of network topology that have been observed in nature and
society. The present paper focusses on so-called configuration graphs. The textbook
“Random Graphs and Complex Networks” by van der Hofstad [15] provides a
complete and up-to-date review of the entire subject.

In the analysis to follow, asymptotic results are expressed in terms of convergence
of random variables in probability, defined as:

Definition 1.3 A sequence {X,},>1 of random variables is said to converge in

probability to a random variable X, written lim,— oo X, L X or X, i> X, if for
anye > 0

P[|X, — X| > €] — 0.

Recall further standard notation for asymptotics of sequences of real numbers
{Xn}n>1,{Vn}n>1 and random variables {X,},>:

1. Landau’s “little oh”: x,, = o(1) means x,, — 0; x,, = o(y,) means x,/y, = o(1);

2. Landau’s “big oh”: x, = O(y,) means there is N > 0 such that x,/y, is bounded
forn > N;

3. x, ~ y, means x,/y, — 1;

4. X, £ o(y,) means X,,/y, N 0.

1.2 Configuration Random Graphs

In their classic paper [7], Erdos and Renyi introduced the undirected model G(N, M)
that consists of N nodes and a random subset of exactly M edges chosen uniformly
from the collection of (AA;) possible such edge subsets. This model can be regarded
as the Mth step of a random graph process that starts with N nodes and no edges,
and adds edges one at a time selected uniformly randomly from the set of available
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undirected edges. Gilbert’s random graph model G(N, p), which takes N nodes and
selects each possible edge independently with probability p = z/(N — 1), has
mean degree z and similar large N asymptotics provided M = zN/2. In fact, it
was proved by [3] and [13] that the undirected Erdos-Renyi graph G(N, zN/2) and
G(N, py) with probability py = z/(N — 1) both converge in probability to the same
model as N — oo for all z € R4. Because of their popularity, the two models
G(N,p) ~ G(N,zN/2) have come to be known as “the” random graph. Since the
degree distribution of G(N, p) is Bin(N — 1, p) ~y— o0 Pois(z), this is also called
the Poisson graph model. Both these constructions have obvious directed graph
analogues.

The well known directed configuration multigraph model introduced by Bollobds
[2] with general degree distribution P = {Pj}jk=o0.1... and size N is constructed by
the following random algorithm:

1. Draw a sequence of N node-type pairs (j1, k1), ..., (jn, ky) independently from
P, and accept the draw if and only if it is feasible, i.e. ZnE[N] (jn —kn) = 0. Label
the nth node with k,, out-stubs (a half-edge with an out-arrow) and j,, in-stubs.

2. While there remain available unpaired stubs, select (according to any rule,
whether random or deterministic) any unpaired out-stub and pair it with an in-
stub selected uniformly amongst unpaired in-stubs. Each resulting pair of stubs
is a directed edge of the multigraph.

The algorithm leads to objects with self-loops and multiple edges, which are
usually called multigraphs rather than graphs. Only multigraphs that are free of self-
loops and multiple edges, a condition called simple , are considered to be graphs.
For the most part, one does not care over much about the distinction, because the
density of self-loops and multiple edges goes to zero as N — oo. In fact, Janson
[11] has proved in the undirected case that the probability for a multigraph to be
simple is bounded away from zero for well-behaved sequences (gn)n-o of size N
graphs with given P.

Exact simulation of the adjacency matrix in the configuration model with general
P is problematic because the feasibility condition met in the first step occurs only
with asymptotic frequency ~ J;nN’ which is vanishingly small for large graphs.
For this reason, practical Monte Carlo implementations use some kind of rewiring
or clipping to adjust each infeasible draw of node-type pairs.

Because of the uniformity of the matching in step 2 of the above construction,
the edge-type distribution of the resultant random graph is

kP, P
0,=""5"7 =ofg; 3)

which is called the independent edge condition. For many reasons, financial and
otherwise, one is interested in the more general situation when assortativity, defined
to be the Pearson correlation of Q:
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_ Xyhki(Qy— 070
V/VartVar~

Vart := ) KROf - Q kO, Var =) P07 - (Y i)
k k J J

po:

is not zero. We will now show how such an extended class of assortative con-
figuration graphs can be defined. The resultant class encompasses all reasonable
type distributions (P, Q) and has special properties that make it suitable for exact
analytical results, including the possibility of a detailed percolation analysis.

2 The ACG Construction

The assortative configuration (multi-)graph (ACG) of size N parametrized by the
node-edge type distribution pair (P, Q) that satisfy the consistency conditions (2) is
defined by the ACG algorithm:

1. Draw a sequence of N node-type pairs X = ((ji, k1), ..., (jv, kn)) independently
from P, and accept the draw if and only if it is feasible, i.e. Zne[N] Jn =
Zne[N] k,, and this defines the number of edges E that will result. Label the
nth node with k, out-stubs (picture each out-stub as a half-edge with an out-
arrow, labelled by its degree k,) and j, in-stubs, labelled by their degree j,.
Define the partial sums u;” := 3, 1(j, = Dot =3 Iky = k),up =Y, 1
(ju = j, kn = k), the number e,:r = ku;r of k-stubs (out-stubs of degree k) and
the number of j-stubs (in-stubs of degree j), e = ju; .

2. Conditioned on X from Step 1, Step 2 matches k-stubs to j-stubs to form edges
of type (k,j), with matching probabilities determined by Q. Given an arbitrary
ordering £~ and £ of the E in-stubs and E out-stubs, the matching sequence or
wiring W of edges is selected by choosing a pair of permutations 0,6 € S(E)
of the set [E]. This leads to the edge sequence £ = ({~ = o({), L = &({))
labelled by £ € [E], to which is assigned a probability weighting factor

1_[ Qka(wj&(e) . “)

telE]

Given the wiring W determined in Step 2, the number of type (k, j) edges is

ey = ey(W) ==Y kst = k. Jotty = J)- 3)
(e

The collection e = (ey;) of edge-type numbers are constrained by the e,j', e; that
are determined by Step 1:
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ef = Ze"f’ e = Zekj, E= Zekj- (6)
k ki

J

This construction serves to characterize the precise class of random graphs that
shall be called ACG. Its large group of permutation symmetries make it amenable
for proving the basic properties of the ACG class, as shall be done in this and the
following two sections. However, this defining algorithm is not intended to be an
efficient method for simulating random graphs. Efficient approximate simulation
methods will be discussed in detail later on in Sect. 5.

Intuitively, since Step 1 leads to a product probability measure subject to a single
linear constraint that is true in expectation, one expects that it will lead to the
independence of node degrees for large N, with the probability P. Similar logic
suggests that since the matching weights in Step 2 define a product probability
measure conditional on a set of linear constraints that are true in expectation,
it should lead to edge type independence in the large N limit, with the limiting
probabilities given by Q. However, the verification of these facts is not so easy,
and their justification is the main object of this paper. First, certain combinatorial
properties of the wiring algorithm of Step 2, conditioned on the node-type sequence
X resulting from Step 1 for a finite N will be derived. One result says that the
probability of any wiring sequence W = (£ € [E]) in step 2 depends only on the set
of quantities (ey) where for each k. j, ey := [{£ € [E] | £ € &}|. Another is that
the conditional expectation of ey;/E is the exact edge-type probability for all edges
in W.

Proposition 1 Consider Step 2 of the assortative configuration graph construction
for finite N with probabilities P, Q conditioned on the X = (j;, k;),i € [N].

1. The conditional probability of any wiring sequence W = ({ € [E]) is:

PIW | X] = C' [ J(@p)™. @)

kj
C=C e =EY [] (Qf(), TIEHTTED.  ®
e ki J* j k

where the sum in (8) is over collections e = (ey;j) satisfying the constraints (6).
2. The conditional probability p of any edge of the wiring sequence W = (£ € [E])
having type k,j is

p = Eley | X]/E. ©)
Proof of Proposition 1 The denominator of (7) is C = Za,ﬁeS(E) nze[E] Oko iz

from which (8) can be verified by induction on E. Assuming (8) is true for £ — 1,
one can verify the inductive step for E:
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C = Z Z H(ka(E) = /},J.&(E) =J~) l—[ an(z)ja(z)

kj 0.0€S(E) I€[E]

— + - N .
- Z €% & O Z ] l Qs v 0
kj

o’,0'€S(E—1) IE[E—1]

=Yg oy -1 I (Qkf) [1(67) TT(+7).

e J

Here, e; = ey — L(k = k.j=)). e}‘ =e —I( =), e,/f = e —1(k = k). After
noting cancellations that occur in the last formula, and re-indexing the collection ¢’
one finds

C’ZZMEWH%”H,HWM

J k

€ kj kj J
A1 Tl [T
e J J

which is the desired result.
Because of the edge-permutation symmetry, it is enough to prove (9) for the last
edge. For this, one can follow the same logic and steps as in Part 1 to find:

1

P= Cle ,eh) Z ko) = kojoe) =J) 1_[ Oksis
’ 0.5 €S(E) I€[E)
= z%n@w“n@onwwﬂkmm
Cle~ e+) 1y exy! X i ¥ K- kj .
7

|

An easy consequence of the above proof is that the number of wirings W
consistent with a collection e = (ey;) is given by

EN(TTe!) (TTeeit)
[T ex! ‘

Because of the permutation symmetries of the construction, a host of more
complex combinatorial identities hold for this model. The most important is that

KW :e(W) = ej| = (10)
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Part 2 of the Proposition can be extended inductively to determine the joint edge
distribution for the ﬁrst M edges conditioned on X. To see how this goes, define two
sequences e; (m), e; F(m) for 0 < m < M to be the number of available j-stubs and
k-stubs avallable after m wiring steps.

Proposition 2 Consider Step 2 of the assortative configuration graph construction
for finite N with probabilities P, Q conditioned on X from Step 1. The conditional
probability p of the first M edges of the wiring sequence W = (£ € [E]) having
types (ki, ji)ie[m) is
— M)
Pltkiiep 1 X1 = © M T Bles 1= D=1
) i€[M]

Proof of Proposition 2 Note that Part 2 of Proposition 1 gives the correct result
when M = 1. For any m, an extension of the argument that proves Part 2 of
Proposition 1 also shows that

Pl(ki,ji)iepm | X] (12)

1
T C(em (0),€%(0)) Z Hﬂ(kg(é) = ke.jswy = Je) l_[ Qs evis o

0,0 €S(E) =1 l€[E]

1 meo £
- C(e=(0),e1(0)) Zl—[ [6,-,5 (£~ 1)815 (=1 Quye] Z l—[ Qv y°
=1

o' &' €S(E—m) L=m~+1

Now assume inductively that the result (11) is true for M — 1 and compute (11) for
M:

Pl(ki, j)iep | X] =
P[(ki, j)iep | X] 8 (E — M+ !

1) et(i—
P[(ki, ji)iepr—1) | X] l_[ Elew, | e (i —1),e"(i—1)].

i€M—1]

The ratio in the first factor can be treated using (13), and the resulting cancellations
lead to the formula

(E—M + 1)!

Pl(ki, ji)iepn | X] = £l

[ Elew | e Gi—1).e"i—1)]

i€[M—1]

[%’L (M — l)e,j['w (M—-1) QkMiM] Za '€S(E—M) 1_[[ —m+1 Gk /(Ngf(z)
X

Dot Gl eS(E—M+1) [Ti—w O o 50
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The desired result follows because Part 2 of Proposition 1 can be applied to show

_ E
[ejM (M — l)elj,—l,, (M—1) QijM] Za/,&’ES(E—M) 1_[£=M+1 Qko’(l)i&’(é)

E
Za/,&’eS(E—M+l) nz=M an/m/'a/(z)

= E—M4+ IE[eijM | e” (M — 1),e+(M— 1)].

3 Asymptotic Analysis

It is quite easy to prove that the empirical node-type distributions (., u; u,:L)
resulting from Step 1 of the ACG algorithm satisfy a law of large numbers:
L

—1 P 1. - P —1
N Ujp = ij, N I,{j = P s N uz—

: Py, (13)

as N — oo. In this section, we focus on the new and more difficult problem to
determine the asymptotic law of the empirical edge-type distribution, conditioned
on the node-type sequence X. To keep the discussion as clear as possible, we confine
the analysis to the case the distributions P and Q have support on the finite set
(. k) € ({0} U [K])? for a fixed K. This technical restriction should be removed in
future work, since it precludes graph models with fat-tailed degree distributions that
are of interest in network applications.

One can see from Proposition 2 that the probability distribution of the first M
edge types will be given asymptotically by ]_[ie[M] Oy, provided our intuition is

correct that E[E™!ey] = 0O4i(1 + o(1)) asymptotically for large N. To validate
this intuition, it turns out one can apply the Laplace asymptotic method to the
joint cumulant generating function for the empirical edge-type random variables e,
conditioned on any feasible collection of (e}, e;") with total number E = ef =
j% -
F(wie™,et) := logE[eXs"v% | ™. et], VW= (wy)kelx) (14)

(Qye")Y - +
Ze nk] kakj! l_[] (e] ') nk (ek ')

= log i
D ij (Q;i,-)! J l_[j (ej_!) [T (elj—!)

. 5)

The constraints on e = (ex;) on the sums in both the numerator and denominator
of (15) can be introduced by auxiliary integrations over 2K new variables v;", v ,j' of
the form

+ 1 2 + -+Z .
I ey =ef) = 271/ dv e (e,
N 0
J
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This substitution leads to closed formulas for the sums over e;; and the expression:

J; d**vexp[H(w, —iv; e)]

F(w;e) __
e = . (16)
[;d?%v exp[H(0, —iv; e)]
where
-
H(w,a; e) = Ze(o‘f +oy )ewk"ij—(Z %-‘%‘+Z%?eﬁ) = Zea.djkewkakj_“'e-
ki J k ki
(17)

The integration in (16) is over the set I := [0, 27]*X.
Here a “double vector” notation has been introduced for v = (v~; v+),

e= (e ;et),a = (@ ;a™) where v—,vT € CX etc. and where K is the number
of possible in and out degrees (which one may want to take to be infinite). Define
double vectors 1~ = (1,1,... 1;0,..., 0),1* = (0,..., 0;1,..., 1), 1 =17+
17,1 =1~ — 1%, For any pair (j, k) € [K]?, let d;” be the double vector with a 1 in
the jth place and zeros elsewhere, let d,j' be the double vector with a 1 in the K + kth
place and zeros elsewhere and dj = d;” + d,j'. Using the natural inner product for

double vectors a-e := Y a7 ¢ + Y, o ¢;f , etc., the number of stubs is -1 = 2E

and the feasibility condition on stubs can be written e - 1=0.

The main aim of the paper is to prove a conditional law of large numbers for
E~'ej as E — oo, conditioned on e = (¢~;e™) satisfying e - 1 = 0. By explicit
differentiation of the cumulant generating function, and some further manipulation,
one finds that

OF [, d*v exp[H(0, —iv; e — dj)]
Eley | €] = =0y’ ! 1
lexj | ] dwyg Iw=0 Qy J; d*v exp[H(0, —iv; e)] (18)
0°F [, d*v exp[H(0, —iv; e —dj)]
Varley; | €] = =0y / 19
ar[Ek/ | e] BW/%I )w=0 ij f[deV exp[H(O,—iv; e)] (19)

(Qk/)2 [,d* - 2K v
[ d*v exp[H(0, —iv; e)] [, d?%v exp[H(0, —iv; e)]

2
[;d*v exp[H(0, —iv; e — 2dj)] (fl d* v exp[H(0, —iv; e — djk)])
Since our present aim is to understand (18) and (19), we henceforth set w = 0
in the H-function. The H function defined by (17) with w = 0 has special
combinatorial features:

Lemma 3.1 Foralle € ZiK satisfying e - 1=0, the Sfunction H = H(«; e) satisfies
the following properties:

1. H is convex for a € R*) and entire analytic for a € C?X;

2. H is periodic: H(a + 2min; €) = H(a; e) foralln € 7K,

3. Forany A € C, H(a + Al; ¢) = H(x; e) ;
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4. Forany A > 0, H(o; Ae) = AH(a — l"";Al; e) — g logAl-e.
5. The mth partial derivative of H with respect to o is given by

a e ¥ Oy —e, m=1;

V"H 5 =
(05 e) Zik(djk)®mea.djk ij’ m=2,3,...

(20)

Here (djk)®m denotes the mth tensor power of the double vector d.

The Laplace asymptotic method (or saddlepoint method), reviewed for example
in [8], involves shifting the v integration into the complex by an imaginary vector.
The Cauchy Theorem, combined with the periodicity of the integrand in v, will
ensure the value of the integral is unchanged under the shift. The desired shift is
determined by the e-dependent critical points ™ of H which by Part 5 of Lemma 3.1
are solutions of

Y e gy =e. 21

Jjk

In view of Parts 1 and g of the Lemma, for each e € Z2X there is a unique critical
point a*(e) such that 1 - «*(e) = 0. The imaginary shift of the v-integration is
implemented by writing v = io* (e) 4+ ¢ where now ¢ is integrated over 1.

To unravel the E dependence, one uses rescaled variables x = E~'e that lie
on the plane 1-x = 2 and by Part 4 of the Lemma with A = E~! one has that
a*(e) = a*(x) + logE 1. Now one can use the third order Taylor expansion with
remainder to write

H(a*(e) —iC; e) = EH(a™ (x) — il;x) — l;logE(l - X)

= —ElogE +E |:H(ot*(x);X) - ;4“@2 -V?H + iéz®3 : vm} + EO0(|¢]")
(22)

where V2H, V?H are evaluated at a* (x) and the square-bracketed quantities are all
E independent. From (17) one can observe directly that |/ | has a unique maximum
on the domain of integration at { = 0:

max | M @it €| — " (@) (23)
€l

The uniqueness of the maximum is essential to validate the following Laplace
asymptotic analysis, and leads to the main result of the paper:

Theorem 3.1 For any double vector x* € (0, DN 14 ler e(E) = EX(E) be a
sequence in Zﬁ_K N 1+ such that

lim x(E) = x*. (24)
E—o0
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Then asymptotically as E — oo,

J(E) = /dZKV exp[H(—iv; e(E))] (25)
1
_ (ZH)K+1/2E1/2—Ke—ElogE+EH(a*(x*);x*) [detOVZH]_l/z [1 + O(E—l)] '
Here detyV2H represents the determinant of the matrix projection onto 1+, the

subspace orthogonal to 1, of V2H evaluated at the critical point a* (x*).

When applied to (18) and (19) this Theorem is powerful enough to yield the
desired results on the edge-type distribution in the ACG model for fixed e =
(e”.e") = Ex for large E.

Corollary 1 Consider the ACG model with (P, Q) supported on ({0} U [K])2.
1. Conditioned on X,

E' ey = [Qyye! O« OOk 1 o(E1/2)]

where x = E-'e and e = (¢~ (X), e (X)).
2. Unconditionally,

E_lekj ; ij[l + O(N_l/z)].

Combining this Law of Large Numbers result with the easier result for the empir-
ical node-type distribution confirms that the large N asymptotics of the empirical
node- and edge-type distributions agree with the target (P, Q) distributions.

Proof of Corollary 1 By applying Part 4 of Lemma 3.1 and the Theorem to (18) one
finds that

[y d*Kv exp[H(—iv; e —dj)]

Eley | €] = Qy [y d*Kv exp[H(—iv; e)]

= Qi exp[—(E — 1)log(E — 1) + ElogE + (E — 1)H(e* (x); X') — EH(a* (x); X)]

1/2
detgV2H (a* (x)) .
x |:det0V2H(a*(x’))i| [1+0(E )]

where x = E-'eand x’ = (E—1)"'(e — dj) are such that Ax = x' —x = O(E™").
Now, one can show that as long as x, x" lie on the plane 1 - x = 2 as they do here,

and AX = x' —xis O(E™") then

H(a*(x');xX') — H(a*(x); X) = a*(x) - AX + O(|Ax]?). (26)
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It is also true that Aa™® = a*(X’) — a™(x) = O(] Ax|) and satisfies
Aa* - x = 0(|Ax]?). (27)
Since detyV?H () is analytic in o with O(1) derivatives, and Aa* = O(| Ax|)

[ detoV2H (a* (x))

1/2
— —1
detOVZH(a*(x’))i| =1 +oED].

Also,
(E— DH(e" (x'):x') — (E = DH(0, " (x); x) = =& (x) - dje + O(| Ax])

and Elog E — (E — 1) log(E — 1) ~ log E + 1 + O(E™"), from which one concludes
Eley | €] = Qy E exp[l — H(o* (x);x) — o*(x) - dy] [1 + O(E™)]. (28)

The conclusion of the Part 1 of the Corollary now follows from the Chebyshev
inequality if one shows that (19) is O(E). Since the first term of(19) equals E[ey; | e],
which is O(E), it is only necessary to show that the O(E?) parts of the second term
cancel. Each ratio in the second term can be analyzed exactly as above, leading to

[QyE exp[l — H(a* (x);X) — a* (%) - dy]]°
x (exp[H(e* (%);X) — H(@* (X):X) — Aa*(X) - di]) [1 + O(E™H)]

= [QuEexp[l — H(e* (x):x) — " (x) - dy]]°
x (exp[—a*(x) - Ax — Ae*(x') - dy] — 1) [1 + O(E™")] = O(E)

where one uses (26) again in the second last equality.
To prove Part 2, it is sufficient to note that E~'(e™ (X), e™ (X)) = (Q~, 0M)[1 +
O(N~'/?)] and that&*(Q~, 0%) = 0, H(@*(Q~,0"); 07, 0") = L. o

Proof of Theorem 3.1 For each E, since the integrand of .#(E) is entire analytic
and periodic, its integral is unchanged under a purely imaginary shift of the contour.
Also, since by Part 3 of Lemma 3.1 the integrand is constant in directions parallel
to 1, the integrand can be reduced to the set I N 1-+. Thus, using (22) for e = e(E)
and x = x(E), . (E) can be written

GRS

N1+

d* 1t exp[H(a* (e) —il; e)] = 271/ L a1

N1

X exp [— ElogE + E (H(a*(x);x) — ;§®2 -V2H + ié§'®3 -V3H + 0(|§|4)):|.
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In rescaled variables E = E'/?{ this becomes
S(E) =2nE"* X exp [~ ElogE + EH(a*(x);x)] x ¥ (E)

where

J(E) := / d**71¢ exp[EH (a* (x) — iE~'/2Z;x) — EH (0 (x): X))
E/2In1L
- 1- E-V/2 .
= / X7 exp[— . £®?% . V?H) (1 +i {®3.V3H + O(E—l)).
EV2IN1L 2 6

In this last integral the O(E~'/?) term is odd in E and makes no contribution.
Now,

| exp[H (e (x) — iE™'/2L; %) — H(e* (x);%)]| =

= exp Zea*(")'dﬂ (cos(E~'/%¢ - dix) — 1) Qi
kj

clearly has a unique maximum at E = 0. Therefore, a standard version of the Laplace
method such as that found in [6] is sufficient to imply that as £ — oo,

F(E) = 2n)< 2 [detyV2H] " [1 + 0(E™)] (29)

where V2H is evaluated at a* (x*). O

4 Locally Tree-Like Property

To understand percolation theory on random graphs, or to derive a rigorous
treatment of cascade mappings on random financial networks, it turns out to be
important that the underlying random graph model have a property sometimes called
locally tree-like. In this section, the local tree-like property of the ACG model will
be characterized as a particular large N property of the probability distributions
associated with graphical objects we call configurations, that are roughly speaking
finite connected subgraphs g of the skeleton labelled by their degree types.

Before the definition of configuration is made clear in the next subsection, first
consider what it means in the (P, Q) ACG model with size N to draw a random
configuration g consisting of a pair of vertices vy, v, joined by a link, that is,
vz € A, . In view of the permutation symmetry of the ACG algorithm, the random
link can without loss of generality be taken to be the first link W(1) of the wiring
sequence W. Following the ACG algorithm, Step 1 constructs a feasible node degree
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sequence X = (j;,k;),i € [N] on nodes labelled by v; = i and conditioned on
X, Step 2 constructs a random Q-wiring sequence W = (6 = (vZ’, v[)) tel] with
E = ) ki = ), ji edges. By an abuse of notation, we label their edge types by
ke = kuj’ Je = juy for £ € [E]. The configuration event in question, namely that
the first link in the wiring sequence W attaches to nodes of the required degrees
(1, k1), (2, k2), has probability p = Plv; € A 1, i = 1,2 | v, € Jl{)l_] To compute
this, note that the fraction jju;,x, / € of available j;-stubs come from a j;jk; node
and the fraction ksuj,i,/ e,j; available k;,-stubs come from a j,k, node. Combining
this fact with Part 2 of Proposition 1, Eq. (9) implies the configuration probability
conditioned on X is exactly

E[ekzil | e, e+]

_ (30)
Ee,j; €

P = Jiltjik kaltjpk,

By the Corollary:

P jlkszlkl Pjrir Okojy

2oto [1+OoW~"2)]. 31)
k21

This argument justifies the following informal computation of the correct
asymptotic expression for p by successive conditioning:

p:P[U,'Ee/%ki,l‘: 1,2|U2€e/1/v1_] (32)

=P € ‘/‘flkl vy € ‘/Vvl_ n ‘/‘fzkz]P[W € ‘/‘fzkz | vy € ‘/Vvl_] (33)

lekl szkz kail

+
szl)jl

= Py, 0), \kzpjz\szl—cZ = (34)

where we introduce conditional degree probabilities Py; = Pjy/P; etc.
Occasionally in the above matching algorithm, the first edge forms a self-loop,
i.e. v = v;. The probability of this event, jointly with fixing the degree of v, can
be computed exactly for finite N as follows:
ik \ Eley | X
ﬁ::]E[Ul:UZ’Ulel/’fklvze%l—IX]z(]u]k) [eké‘| ]

-+
ejek

As N — oo this goes to zero, however Np approaches a finite value:

ikP: .
Np 2/ kO

35
20,07 )
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which says that the relative fraction of edges being self loops is the asymptotically

small ), jkijQk’;. In fact, following results of [11] and others on the undirected
* N20F 0

configuration model, one expects that the total number of self loops in the multi-

graph converges in probability to a Poisson random variable with finite parameter

JkPj Oy

A= .
ik 20, o

(36)

4.1 General Configurations

A general configuration is a connected subgraph g of an ACG graph (A4, &) with
L ordered edges and with each node labelled by its degree type. It results from a
growth process that starts from a fixed node wy called the root and at step £ < L
adds one edge £ that connects a node w to a specific existing node w),. The following
is a precise definition:

Definition 4.4 A configuration rooted to a node wy with degree (j, k) := (jo, ko)
is a connected subgraph g consisting of a sequence of L edges that connect nodes
(We)eeqr) of types (je, ke), subject to the following condition: For each £ > 1, wy is
connected by the edge labelled with £ to a node w;, € {w;}jefouje—1) by either an
in-edge (that points into w),) (w¢, w),) or an out-edge (that points out of w}).

A random realization of the configuration results when the construction of the
size N ACG graph (.4, &) is conditioned on X arising from Step 1 and the first L
edges of the wiring sequence of Step 2. The problem is to compute the probability
of the node degree sequence (j¢, k¢)¢c[r) conditioned on X, the graph g with its root
wp := v having degree (j, k), that is

p="Plw € M. Lel]|ve HgXl. (37)

Note that there is no condition that the node wy at step £ is distinct from the
earlier nodes wy/, £’ € {0} U [¢ — 1]. With high probability each w, will be new, and
the resultant subgraph g will be a tree with L distinct added nodes (not including the
root) and L edges. With small probability one or more of the wy will be preexisting,
i.e. equal to wy for some £ € {0} U [£ — 1]: in this case the subgraph g will have
M < L added nodes, will have cycles and not be a tree.

The following sequences of numbers are determined given X and g:

* ¢ (£) is the number of available j-stubs connected to (j, k) nodes after £ wiring
steps;

* ¢;;(£) is the number of available k-stubs connected to (j, k) nodes after £ wiring
steps.
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* ¢ (0) =) ex)and ef (0) := > ex;j(£) are the number of available j-stubs
and k-stubs respectively after £ wiring steps.

Note that ¢j(0) = juj and e ;(0) = kuy, and both decrease by at most 1 at each
step.
The analysis of configuration probabilities that follows is inductive on the step £.

Theorem 4.2 Consider the ACG sequence with (P, Q) supported on ({0} U [K])>.
Let g be any fixed finite configuration rooted to wy € N, with M added nodes and
L > M edges, labelled by the node-type sequence (ji, km)mep. Then, as N — oo,
the joint probability conditioned on X,

p =Plwn € A1, me[M|ve N g Xl

m?

is given by
I1 Presljn Dl [T PukQu, [1+00)] 38)
me[M),(m’,m) out-edge me[M), in-edge

if L= M and thus g is a tree. If L > M and so g has cycles then
p=O0W"™). (39)

The factors in (38) depend on whether the mth edge is an in- or out-edge and m' €
{0} U [m — 1] numbers the node to which w,, attaches.

Remarks 1 1. Formula (38) shows clearly what is meant by saying that configura-
tion graphs are locally tree-like as N — oo. It means the number of occurrences
of any fixed finite size graph g with cycles embedded within a configuration
graph of size N remains bounded with high probability as N — oco.

2. Even more interesting is that (38) shows that large configuration graphs exhibit
a strict type of conditional independence. Selection of any root node v of the
tree graph g splits it into two (possibly empty) trees g1, g> with node-types
Gmskm),m € [Mq] and (yu, k), m € [My + M) \ [M] where M = My + M,.
When we condition on the node-type of v, (38) shows that the remaining node-
types form independent families:

Plwm € N k- m € [M], g | X, v € Ng] = Plwm € N k,,»m € [M1], 81 | X, v € ]
XPlwm € Ak, m € My + Ma] \ [M1]. g2 | X, v € Al (40)
We call this deep property of the general configuration graph the locally tree-like

independence property (LTI property). In [9], the LTI property provides the key
to unravelling cascade dynamics in large configuration graphs.
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Proof of Theorem 4.2 First, suppose Step 1 generates the node-type sequence X.
Conditioned on X, now suppose the first step generates an in-edge (wy, v). Then, by
refining Part 2 of Proposition 1, the conditional probability that node w; has degree
J1, k1 can be written

Plwi € A, wo € S | g, X]
Plwo € A | 8. X]

C™(e7(0), €*(0))ex, j; (0)€;;(0) Ok, Cle™ (1), ™ (1))
C1(e7(0),e*(0)) Xop € (0)€;,(0) Qi Cle= (1), e* (1))

_ (4500 (E{ekl<,~|e—(0),e+(0)]) (e;k«)))‘l
e (0)e; (0) E E

_ ky Uk, jy E[eklj | e_(O), et (O)]
kvt e, (0)
Be aware that C(e~ (1), e™ (1)) in the denominator after the first equality depends
on k' and hence does not cancel a factor in the numerator. Now, for N — oo, Part
2 of the Corollary applies to the second factor, and (13) applies to the first factor,

and shows that for the case of an in-edge on the first step, with high probability, X
is such that:

Plwi € S, | v € M, g, X] = Py ley[l + O(N_l/z)].

The case of an out-edge is similar.

Now we continue conditionally on X from Step 1 and assume inductively
that (38) is true for M — 1 and prove it for M. Suppose the final node wy, is in-
connected to the node wyy for some M’ < M. The ratio P[w,, € A x,.m € [M] |
v e N, g X|/Plwn € Njk,.m € [M—1] | v e M, g, X] can be treated just as in
the previous step and shown to be

i M — 1)\ [ Eleryj,, | e~ (M —=1),e"(M —1)]
e (M—1) e, (M—1)
which with high probability equals
Plwi € Ay | v e Ay, 8.X] = Pjyslkn QkM[/‘M/ [1 + O(N_l/z)].

The case wy, is out-connected to the node wyy is similar.

The first step m that a cycle is formed can be treated by imposing a condition
that w,, = w,, for some fixed m” < m. One finds that the conditional probability
of this is
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Plwn = wpr,we € N, L € [m—1] | v € Ny, g, X]

km”
= . x Plwe € ., L em—1]|v e A, g X].
ekm//(m— 1)

The first factor is O(N~') as N — oo, which proves the desired statement (39) for

cycles.
Finally, since (39) is true for cycles, with high probability all finite configurations
are trees. Therefore their asymptotic probability laws are given by (38), as required.
O

5 Approximate ACG Simulation

It was observed in Sect. 1.2 that Step 1 of the configuration graph construction draws
a sequence (j;, k;)iepv) of node types that is iid with the correct distribution P, but
is only feasible, Y ;(k; — j;) = 0, with small probability. Step 2 of the exact ACG
algorithm in Sect. 2 is even less feasible in practice. Practical simulation algorithms
address the first problem by clipping the drawn node bidegree sequence when the
discrepancy D = Dy := ) (ki — j;) is not too large, meaning it is adjusted by
a small amount to make it feasible, without making a large change in the joint
distribution. Step 1 of the following simulation algorithm generalizes slightly the
method introduced by [4] who verify that the effect of clipping vanishes with
high probability as N — oo. The difficulty with Step 2 of the ACG construction
is overcome in this section by an approximate sequential wiring algorithm that
we conjecture has the correct asymptotic properties. An alternative simulation
algorithm that also has the correct asymptotics of the ACG model has been studied
in [5].

The approximate assortative configuration graph (ACG) simulation algorithm
for multigraphs of size N, parametrized by the node-edge type distribution pair
(P, Q) that have support on the finite set (j, k) € {0, 1,...,K 12 involves choosing a
suitable threshold T = T'(N) and modifying the steps identified in Sect. 2:

1. Draw a sequence of N node-type pairs X = ((ji, k1), - . ., (jv, ky)) independently
from P, and accept the draw if and only if 0 < |D| < T(N). When the sequence
(i» ki)iepv) is accepted, the sequence is adjusted by adding a few stubs, either in-
or out- as needed. First draw a random subset 0 C .4 of size |D| with uniform
probability (lg‘)_l, and then define the feasible sequence X = (;i,fq)ie[N] by
adjusting the degree types for i € o as follows:

ji=ji+E: & =lico,D>0) (41)
ki=k+&T & =1ieo,D<0). (42)
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2. Conditioned on X, the result of Step 1, randomly wire together available in
and out stubs sequentially, with suitable weights, to produce the sequence of
edges W. Ateach £ = 1,2,..., E, match from available in-stubs and out-stubs
weighted according to their degrees j, k by

Oy

c ' .
( )Q:Q,-‘

(43)

In terms of the bivariate random process (¢; (£), e,j' (€)) with initial values

(e (1), e,j'(l)) = (e, e,j') that at each £ counts the number of available degree
J in-stubs and degree k out-stubs, the £ dependent normalization factor C(€) is
given by:

- Qi
CO)y =) e Oy 77 . (44)
Jjk o Qj
Remark 5.1 Chen and Olvera-Cravioto, [4], addresses the clipping in Step 1 and
shows that the discrepancy of the approximation is negligible as N — oo:

Theorem 5.3 Fix § € (0, 1/2), and for each N let the threshold be T(N) = N'/>%3,
Then:

1. The acceptance probability P[|Dy| < T(N)] — 1 as N — oo;
2. For any fixed finite M, A, and bounded functionf : (Z4 x Z+)YM — [— A, A]

‘E[f (Gir kiep)] — EIf ((;isi(i)ie[M])]} —0; (45)

where (;,-, /Ac,-) ieim) is an independent sequence of P distributed random variables.
3. The following limits in probability hold:

i 55 Py ;/ﬁ,j = Pt ;]aj— =P (46)

Similarly it is intuitively clear that the discrepancy of the approximation in Step

2 is negligible as N — oo. As long as ej_(e), e,j' (£) are good approximations of

(E-0Q; (E— K)Q,j, (43) shows that the probability that edge £ has type (k, )

will be approximately Qy;. Since the detailed analysis of this problem is not yet
complete, we state the desired properties as a conjecture:

Conjecture 1 In the approximate assortative configuration graph construction with
probabilities P, Q, the following convergence properties hold as N — oo.

1. The fraction of type (k,j) edges in the matching sequence (k¢,j¢)ee[z concen-
trates with high probability around the nominal edge distribution Q;:

Y =04+ o). @7)
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2. For any fixed finite number L, the first L edges £ € [L] have degree sequence
(ke,je)eery that converges in distribution to (kg, j¢)¢efz), an independent sequence
of identical Q distributed random variables.

Although this conjecture is not yet proven, extensive simulations have verified
the consistency of the approximate ACG algorithm with the theoretical large N
probabilities.

6 Conclusions

The ACG algorithm that is the main contribution of this paper, while unwieldy from
the point of view of simulation, has rich combinatorial properties that have made
it amenable to exact study via the Laplace asymptotic method. The consequences
of this approach have not yet been explored in depth. For example, it will be of
interest to get more accurate bounds on the large N asymptotics by using higher
order Laplace methods, allowing us to better understand for example, P and Q
distributions with fat-tails. Such bounds would also give a better understanding of
the locally-treelike property of the model.

Numerous possible methods for efficient simulation of ACG graphs, including
the method conjectured in Sect. 5 to be consistent, and the method studied in [5], can
be imagined. However, it will take some time to decide which simulation methods
are both consistent with the ACG model and computationally efficient.

Given the potential of the ACG model to describe a wide range of real world
networks for which the original configuration graph model is inadequate, including
the cascade models for systemic risk in financial networks that was its original
motivation, future investigations along these lines are likely to prove fruitful.
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Part VII
Life and Environmental Sciences



Coexistence in the Face of Uncertainty

Sebastian J. Schreiber

Lest men believe your tale untrue, keep probability
in view.

—John Gay

Abstract Over the past century, nonlinear difference and differential equations
have been used to understand conditions for coexistence of interacting populations.
However, these models fail to account for random fluctuations due to demographic
and environmental stochasticity which are experienced by all populations. I review
some recent mathematical results about persistence and coexistence for models
accounting for each of these forms of stochasticity. Demographic stochasticity stems
from populations and communities consisting of a finite number of interacting
individuals, and often are represented by Markovian models with a countable
number of states. For closed populations in a bounded world, extinction occurs
in finite time but may be preceded by long-term transients. Quasi-stationary
distributions (QSDs) of these Markov models characterize this meta-stable behavior.
For sufficiently large “habitat sizes”, QSDs are shown to concentrate on the
positive attractors of deterministic models. Moreover, the probability extinction
decreases exponentially with habitat size. Alternatively, environmental stochasticity
stems from fluctuations in environmental conditions which influence survival,
growth, and reproduction. Stochastic difference equations can be used to model
the effects of environmental stochasticity on population and community dynamics.
For these models, stochastic persistence corresponds to empirical measures placing
arbitrarily little weight on arbitrarily low population densities. Sufficient and
necessary conditions for stochastic persistence are reviewed. These conditions
involve weighted combinations of Lyapunov exponents corresponding to “average”
per-capita growth rates of rare species. The results are illustrated with how climatic
variability influenced the dynamics of Bay checkerspot butterflies, the persistence
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of coupled sink populations, coexistence of competitors through the storage effect,
and stochastic rock-paper-scissor communities. Open problems and conjectures are
presented.

Keywords Random difference equations ¢ Stochastic population dynamics ¢
Coexistence * Quasi-stationary distributions ¢ Demographic noise * Environmen-
tal stochasticity ¢ Markov chains

1 Introduction

A long standing, fundamental question in biology is “what are the minimal
conditions to ensure the long-term persistence of a population or the long-term
coexistence of interacting species?” The answers to this question are essential for
guiding conservation efforts for threatened and endangered species, and identifying
mechanisms that maintain biodiversity. Mathematical models have and continue to
play an important role in identifying these potential mechanisms and, when coupled
with empirical work, can test whether or not a given mechanism is operating in a
specific population or ecological community [1]. Since the pioneering work of [35]
and [56] on competitive and predator—prey interactions, [41, 54] on host—parasite
interactions, and [30] on disease outbreaks, nonlinear difference and differential
equations have been used to understand conditions for persistence of populations
or communities of interacting species. For these deterministic models, persistence
or species coexistence is often equated with an attractor bounded away from the
extinction states in which case persistence holds over an infinite time horizon [47].
However (with apologies to John Gay), lest biologists believe this theory untrue, the
models need to keep probability in view. That is, all natural populations exhibit
random fluctuations due to mixture of intrinsic and extrinsic factors known as
demographic and environmental stochasticity. The goal of this chapter is to present
models that account for these random fluctuations, review some mathematical
methods for analyzing these stochastic models, and illustrate how these random
fluctuations hamper or facilitate population persistence and species coexistence.
Demographic stochasticity corresponds to random fluctuations due to popu-
lations consisting of a finite number of individuals whose fates aren’t perfectly
correlated. That is, even if all individuals in a population appear to be identical,
some undetectable differences between individuals (e.g. in their physiology or
microenvironment) result in some individuals dying while others survive. To capture
these “unknowable” differences, models can assign the same probabilities of dying
to each individuals and treat survival amongst individuals as independent flips of
a coin—heads life, tails death. Similarly, surviving individuals may differ in the
number of offspring they produce despite appearing to be identical. To capture these
unknowable differences, the number of offspring produced by these individuals
are modeled as independent draws from the same probability distribution. The
resulting stochastic models accounting for these random fluctuations typically
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correspond to Markov chains on a finite or countable state space' e.g. the numbers of
individuals, 0, 1,2, 3, ..., in a population. When these models represent populations
or communities whose numbers tend to stay bounded and have no immigration,
the populations in these models always go extinct in finite time [10]. Hence,
unlike deterministic models, the asymptotic behavior of these stochastic models
is trivial: eventually no one is left. This raises the following basic question about
the relationship between models accounting for demographic stochasticity and their
deterministic counterparts:

“Any population allowing individual variation in reproduction, ultimately dies out—unless

it grows beyond all limits, an impossibility in a bounded world. Deterministic population

mathematics on the contrary allows stable asymptotics. Are these artifacts or do they tell

us something interesting about quasi-stationary stages of real or stochastic populations?’—
Peter [29]

As it turns out, there is a strong correspondence between the quasi-stationary
behavior of the stochastic models and the attractors of an appropriately defined
mean-field model. Moreover, this correspondence highlights a universal scaling
relationship between extinction times and the size of the habitat where the species
live. These results and their applications are the focus of the first half of this review.

While demographic stochasticity affects individuals independently, environ-
mental stochasticity concerns correlated demographic responses (e.g. increased
survival, growth or reproduction) among individuals. These correlations often stem
from individuals experiencing similar fluctuations in environmental conditions
(e.g. temperature, precipitation, winds) which impact their survival, growth, or
reproduction. Models driven by randomly fluctuating parameters or Brownian
motions, such as random difference equations or stochastic differential equations,
can capture these sources of random fluctuations. Unlike models for demographic
stochasticity, these Markov chains always live on uncountable state spaces where
the non-negative reals represent densities of populations of sufficiently large size
that one can ignore the effects of being discrete and finite. Consequently, like their
deterministic counterparts, extinction in these random difference equations only
occurs asymptotically, and persistence is equated with tendency to stay away from
low densities [11]. Understanding what this exactly means, reviewing methods for
verifying this stochastic form of persistence, and applying these methods to gain
insights about population persistence and species coexistence are the focus of the
second half of this review.

Of course, all population systems experience a mixture of demographic and
environmental stochasticity. While the theoretical biology literature is replete with
models accounting for each of these forms of noise separately, I know of no studies
that rigorously blend the results presented in this review. Hence, I conclude by
discussing some open problems and future challenges at this mathematical interface.

'See, however, the discussion for biologically motivated uncountable state spaces.
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2 Demographic Stochasticity

To model finite populations and account for demographic stochasticity, we consider
Markov chains on a countable state space which usually is the non-negative cone of
the integer lattice. Many of these stochastic models have a deterministic counterpart,
sometimes called the “deterministic skeleton” or the “mean field model”. As I
discuss below, these deterministic models can provide some useful insights about the
transient behavior of the stochastic models and when coupled with large deviation
theory provide insights into the length of these transients.

To get a flavor of the types of models being considered, lets begin with a
stochastic counterpart to the discrete-time Lotka-Volterra equations. This example
motivates the main results and will illustrate their applicability.

Example 1 (Poisson Lotka-Volterra Processes) The continuous time Lotka-
Volterra equations form the bedrock for much of community ecology theory. While
there are various formulations of their discrete-time counterparts, a particularly
pleasing one that retains several key dynamical features of the continuous-
time models was studied by [26]. These models keep track of the densities
Xy = (X14,...,%k,) Of k interacting species, where the subscripts denote the species
identity i and time ¢ (e.g. year or day). As with the classical continuous time
equations, there is a matrix A = (a;);; where a;; corresponds to the “per-capita”
effect of species j on species i and a vector r = (ry,...,r;) of the “intrinsic per-
capita growth rates” for all of the species. With this notation, the equations take on
the form:

Xit4+1 = Xit €Xp | 1i + Zaijxj,, = Fi(xt) with i = 1,2, . ,k. (1)
J

The state space for these dynamics are given by the non-negative orthant
RE = {x € R*: x; > 0 forall i}

of the k-dimensional Euclidean space R,

To define the Poisson Lotka-Volterra process, let 1/¢ be the size of the habitat
in which the species live. Let Ny = (N, ...,N;,) denote the vector of species
abundances which are integer-valued. Then the density of species i is Xi, = &N},.
Over the next time step, each individual replaces itself with a Poisson number of
individuals with mean

exp | ri+ D anX),
j
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If the individuals update independent of one another then Ni ., is a sum of N,
independent Poisson random variables. Thus, N}, | is also Poisson distributed w1th
mean

Nj,exp | ri + Z aiX;, | = Fi(X7)/e.

Namely,

PIX;, 1 = &j|X; = x] = PN}, 4y = jIX] = x] = exp(=F(x)/e )(F (;C)/S)] 2)

The state space for N} is the non-negative, k dimensional integer lattice
Z/; = {(z1,...,2z) : z; are non-negative integers}
while the state space for X is the non-negative, rescaled integer lattice

sZ’fF = {(ez1, ..., €z) : z; are non-negative integers}.

Now consider a solution to deterministic model x; and the stochastic process X
initiated at the same densities xo, = X = x. To see how likely X{ deviates from
x;, we use Chebyshev’s inequality. As the mean and variance of a Poisson random
variable are equal, Chebyshev’s inequality implies

Var[X? £2Var N? ;

P[1X;, x| 2 8]X; = x0 = 2] = 8[2 bl 52[ i 8’;’2(’“) 3)
where Var[X] denotes the variance of a random variable X. In words, provided the
habitat size 1/¢ is sufficiently large, a substantial deviation between X{ and x; is
unlikely. In fact, one can show that over any finite time interval [1, 7], the stochastic
dynamics are likely to be close to the deterministic dynamics over the time interval
[1, T] provided the habitat size 1/¢ is sufficiently large:

lim]P’[ max |Xf, — x| > s‘xg =xo = xi| =0. )
e—>0 I1<i<k1=<t<T ’
Figure 1 illustrates this fact for a Poisson Lotka-Volterra process with two compet-
ing species. Equation (4) is the discrete-time analog of a result derived by [34] for
continuous-time Markov chains. [34] also provides “second-order” approximations
for finite time intervals using Gaussian processes and stochastic differential equa-
tions. While these approximations are also useful for discrete-time models, we do
not review them here.

Despite X; stochastically tracking x; with high probability for long periods of
time, eventually their behavior diverges as Poisson Lotka-Volterra processes go
extinct in finite time or exhibit unbounded growth.
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Fig. 1 Realizations of a Poisson Lotka-Voltera process with two competing species (species 1
on the left, species 2 on the right). The deterministic dynamics are shown as a thick gray line.
Stochastic realizations are shown in red. Each row corresponds to a different habitat size 1/e.
Parameter values: A is the matrix with rows (—0.2,0.1), (—0.15,0.2), and r = (3.25, 3.25) for the
model described in Example 1

Proposition 1 Let X} be a Poisson Lotka-Volterra process with ¢ > 0. Then
P |:{Xf = 0 for some t} U {t1_1>r& ZXfJ = oo}] =

Furthermore, if F is pre-compact i.e. F(R ) C [0, m]* for some m > 0, then
P[{X¢ = 0 for some 1}] =

The strategy used to prove the first statement of the proposition is applicable
to many models of closed populations. The key ingredients are that there is a
uniform lower bound to the probability of any individual dying, and individuals
die independently of one another [10]. Proving, however, that extinction always
occurs with probability one requires additional elements which aren’t meet by all
ecological models, but is meet for “realistic” models.

Proof For the first assertion, take any integer m > 0. Let

B = min P[X]=0|Xj=x] = min exp( ZF(x)/e) > 0.

x€[0,m]k x€[0,m

Next we use the following standard result in Markov chain theory [17, Theorem 2.3
in Chapter 5].
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Proposition 2 Let X be a Markov chain and suppose that

P [U{X,ﬂ X,] > B > 0on{X, €B}.

s=1

Then
P [{X; enters B infinitely often} \ {X, enters C infinitely often}] = 0.

Let B, = {X¢ enters [0, m] infinitely often} and & = {X* = O for some t}.
Proposition 2 with B = [0, m]* and C = {0} implies that

P[%, \ &] = 0. )

The complement of the event U,, 2, equals the event o7 = {lim/—00 ), X;, = oo}.
As %, is an increasing sequence of events,

1 = P/ U {UpBo)]
= lim P[o/ U %,]

m—0o0
< lim Pl U &)
m—>0Q
where the final inequality follows from (5). This completes the proof of the first
assertion.
To prove the second assertion, assume that there exists m > 0 such that F(x) €
[0, m]* for all x € R’; i.e. F is pre-compact. Define

p = inf PIX,, = 01X =

xe T

= mf exp( ZF(x)/e)

xEJr

%

exp(—km/¢)

Applying Proposition 2 with B = Rﬁ_ and C = {0} completes the proof of the
second assertion. O

Equation (4) and Proposition 1 raise two fundamental questions about these
stochastic, finite population models: How long before extinction occurs? Prior
to extinction what can one say about the transient population dynamics? To get
some insights into both of these questions, we build on the work of [21] and
[31] on random perturbations of dynamical systems, and [3] on quasi-stationary
distributions.
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2.1 Random Perturbations and Quasi-Stationary Distributions

The Poisson Lotka-Volterra process (Example 1) illustrates how Markovian models
can be viewed as random perturbations of a deterministic model. To generalize this
idea, consider a continuous, precompact’> map F : .¥ — .%, where .¥ is a closed
subset of R¥. F will be the deterministic skeleton of our stochastic models. A random
perturbation of F is a family of Markov chains {X°}.-o on . whose transition
kernels

P, )= ]P[Xf+1 el | X; = x] forall x € . and Borel sets " C ./

enjoy the following hypothesis:
Hypothesis 2.1 Forany§ > 0,

lim sup p (x,.7 \ N*(F(x))) = 0

=0 e

where No(y) 1= {x€ . : |y —x| < 8} denotes the §-neighborhood of a point
yeZ.

Hypothesis 2.1 implies that the Markov chains X* converge to the deterministic
limit as ¢ | 0 i.e. the probability of X{ being arbitrarily close to F(x) given X{j = x
is arbitrarily close to one for ¢ sufficiently small. Hence, one can view F as the
“deterministic skeleton” which gets clothed by the stochastic dynamic X®. The next
example illustrates how to verify the Poisson Lotka-Volterra process is a random
perturbation of the Lotka-Volterra difference equations.

Example 2 (The Poisson Lotka-Volterra Processes Revisited) Consider the Poisson
Lotka-Volterra processes from Example 1 where F(x) = (F(x),..., Fi(x)) and
Fi(x) = xjexp(r; + Zi a;xj) and & = R’_j_. For many natural choices of r; and a;;,
[26] have shown there exists C > 0 such that F(.#) C [0, C]* i.e. F is pre-compact.
While the corresponding Lotka-Volterra process X° lives on sZﬁ_, the process can
be extended to all of . by allowing X{ to be any point in .’ and update with the
transition probabilities of (2). With this extension, X7 always lies in eZﬁ_ and p° is
characterized by the following probabilities

e toh) = [ exp(—Fico)e e Y oy = c(r....jo) € 67 x € 7

i=1

and 0 otherwise. With this extension, Hypothesis 1 for the Lotka-Volterra process
follows from equation (3).

2Namely, there exists C > 0 such that F(.#) lies in [0, C]*.
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As with the Poisson Lotka-Volterra process, stochastic models of interacting pop-
ulations without immigration always have absorbing states . C .¥ corresponding
to the loss of one or more populations. Hence, we restrict our attention to models
which satisfy the following standing hypothesis:

Hypothesis 2.2 The state space . can be written . = %y U .4, where

o S is a closed subset of ;
o S and S are positively F-invariant, i.e F(.%y) C S and F(S4) C L4,
o the set S is assumed to be absorbing for the random perturbations:

pix, S+) =0, foralle > 0, x € .. (6)
e absorption occurs in finite time with probability one:
P[X; € S for somet > 1|X; = x| =1

forallx € . and e > 0.

The final bullet point implies that extinction of one or more species is inevitable in
finite time. For example, Proposition 1 implies this hypothesis for Poisson Lotka-
Volterra processes whenever F is pre-compact.

Despite this eventual absorption, the process X* may spend exceptionally long
periods of time in the set .4 of transient states provided that ¢ > 0 is sufficiently
small. This “metastable” behavior may correspond to long-term persistence of an
endemic disease, long-term coexistence of interacting species as in the case of the
Poisson Lotka-Volterra process, or maintenance of a genetic polymorphism. One
approach to examining these metastable behaviors are quasi-stationary distributions
which are invariant distributions when the process is conditioned on non-absorption.

Definition 2.1 A probability measure j, on .%; is a quasi-stationary distribution
(QSD) for p* provided there exists A, € (0, 1) such that

/ P (x, I e (dx) = A (I') for all Borel sets I' C .74
s

Equivalently, dropping the & superscript and subscripts, a QSD p satisfies the
identity

wl) =P, [X;el'| X, €.7] forallt,

where [P, denotes the law of the Markov chain {X,}°,, conditional to X, being
distributed according to u.

In the case that the Markov chain has a finite number of states and P is the
transition matrix (i.e. Py = p(i, {j})), [15] showed that the QSD is given by
w({i}) = m; where & is the normalized, dominant left eigenvector of the matrix
Q given by removing the rows and columns of P corresponding to extinction
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states in .%. In this case, A is the corresponding eigenvalue of this eigenvector.
For the Poisson Lotka-Volterra processes in which the unperturbed dynamic F is
pre-compact, Proposition 6.1 from [20] implies the existence of QSDs for these
processes. Examples of these QSDs for these processes are shown in Figs. 2, 3,
and 4. More generally, the existence of QSDs has been studied extensively by many
authors as reviewed by [39].

What do these QSD’s and A tell us about the behavior of the stochastic process?
From the perspective of metastability, QSDs often exhibit the following property:

t—>+00

where the limit exists and is independent of the initial state x € .. In words, the
QSD describes the probability distribution of X;, conditioned on non-extinction, far
into the future. Hence, the QSD provides a statistical description of the meta-stable
behavior of the process. The eigenvalue, A provides information about the length of
the metastable behavior of X,. Specifically, given that the process is following the
QSD (e.g. Xy is distributed like ), and A equals the probability of persisting in the
next time step. Thus, the mean time to extinction is 11 5+ [22] call 11 , » the “intrinsic
mean time to extinction” and, convincingly, argue that it is a fundamental statistic
for comparing extinction risk across stochastic models.

2.2 Positive Attractors, Intrinsic Extinction Risk, and
Metastability

When the habitat size is sufficiently large i.e. ¢ is small, there is a strong
relationship between the existence of attractors in .4 (i.e. “positive” attractors)
for the unperturbed system F and the quasi-stationary distributions of X®. This
relationship simultaneously provides information about the metastable behavior of
the stochastic model and intrinsic probability of extinction, 1 — A,. To make this
relationship mathematically rigorous, we need to strengthen Hypotheses 2.1 and 2.2.
[20] presents two ways to strengthen these hypothesis. We focus on their large
deviation approach as it is most easily verified. This approach requires identifying a
rate function p : ¥ x. — [0, o0] that describes the probability of a large deviation
between F and X°. That is, for a sufficiently small neighborhood U of a point y, the
rate function should have the property

PIX;,, € U|X; = x] =~ exp(—p(x,y)/¢).

Hypothesis 2.3 provides the precise definition and desired properties of p.
Hypothesis 2.3 There exists a rate function p : . x . — [0, +00] such that

(i) pis continuous on Sy x .7,
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(ii) p(x,y) = 0ifand only ify = F(x),
(iii) forany > 0,

inf{p(x,y): xe ¥, ye ./, |F(x)—y| > B} >0, @)
(iv) for any open set U, there is the lower bound

liminfelogp®(x, U) > — inf p(x,y) (8)
e—0 yeU

that holds uniformly for x in compact subsets of .+ whenever U is an open
ball in .. Additionally, for any closed set C, there is the uniform upper bound

lim sup sup elogp®(x,C) < — ing px,y). )
Y€

e—=>0 xe&

Equations (7) and (9), in particular, imply that Hypothesis 2.1 holds. Furthermore,
as .%) is absorbing, equation (8) implies that p(x,y) = +oo forall x € .7,y € 4.
Identifying the rate function p typically requires making use of the Gértner-Ellis
theorem [16, Theorem 2.3.6] which provides large deviation estimates for sums of
independent random variables. Example 3 below describes how this theorem was
used for the Poisson Lotka-Volterra processes.

We strengthen Hypothesis 2.2 as follows:

Hypothesis 2.4 For any ¢ > 0, there exists an open neighborhood Vy of %, such
that

lim inf elogp®(x, %) > —c. (10)

e—=>0xeV)

Equation (10) implies that
PIX7, , € S|X; € Vo] > exp(—c/e)

for ¢ > O sufficiently small. Namely, the probability of absorption near the
boundary, at most, decays exponentially with habitat size. The following example
discusses why these stronger hypotheses hold for the Poisson Lotka-Volterra
process.

Example 3 (Return of the Poisson Lotka-Volterra Process) Using the Gértner-Ellis
theorem [16, Theorem 2.3.6], Faure and Schreiber [20, Proposition 6.4] showed that
plx,y) =Y yilog F?ZX) —7y; is the rate function for any Poisson processes with mean

F: R’; — R’; including the Poisson Lotka-Volterra Process of Example 1. To see
why Hypothesis 4 holds for the Poisson Lotka-Volterra process, assume x is such
that x; < § for some § > 0 and i. Then

elogP[X;,, € A|X; = x] > elogP[X},,, = 0|X; = ]
elogexp(—Fi(x)/e) = —Fi(x)
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Hence, for any ¢ > 0, choose § > 0 sufficiently small to ensure that for all i,
Fi(x) < ¢ whenever x; < §. In which case, choosing Vy = {x € Rﬁ_ tx; < 6 for
some i} satisfies (10).

As many discrete distributions are used in models with demographic stochas-
ticity (e.g. negative binomial, mixtures of Bernoullis and negative binomials), an
important open problem is the following:

Problem 1 For which types of random perturbations of an ecological model F' do
Hypotheses 3 and 4 hold?

To relate QSDs to the attractors of the deterministic dynamics, we recall the
definition of an attractor and weak* convergence of probability measures. A
compact set A C . is an attractor for F if there exists a neighborhood U of A
such that (i) N,>1F"(U) = A and (ii) for any open set V containing A, F*(U) C V
for some n > 1. A weak* limit point of a family of probability measures { ¢ }¢=o on
. is a probability measure 1 such that there exists a sequence &, | 0 satisfying

Tim / hue (dx) = / h)HO ()

for all continuous functions % : . — R. Namely, the expectation of any continuous
function with respect to u® converges to its expectation with respect to u°® as
n — 0o. The following theorem follows from [20, Lemma 3.9 and Theorem 3.12].

Theorem 2.5 Assume Hypotheses 2.3 and 2.4 hold. Assume for each € > 0, there
exists a QSD . for X®. If there exists a positive attractor A C Y4, then

s there exists a neighborhood Vi of .%, such that all weak* limit points u° of
{le}es0 are F-invariant and u°(Vy) = 0, and
* there exists ¢ > 0 such that

e > 1—e "/ foralle > 0. (11)

Alternatively, assume that . is a global attractor for the dynamics of F. Then any
weak*-limit point of {{i¢ }e>0 is supported by %.

Theorem 2.5 implies the existence of a positive attractor of the deterministic
dynamics ensures the stochastic process exhibits metastable behavior for large
habitat size, and the probability of extinction 1 — A, decreases exponentially
with habitat size. Equivalently, the mean time to extinction 1/(1 — A,) increases
exponential with habitat size. These conclusions are illustrated in Fig. 2 with a one-
dimensional Poisson Lotka-Volterra process (the Poisson Ricker process described
below in Example 4).

Even if F has no positive attractors, .¥) may not be a global attractor as there
might be an unstable invariant set in .%;. For example, single species models with
positive feedbacks can have an uncountable number of unstable periodic orbits
despite almost every initial condition going to extinction [46]. Hence, the necessary
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Fig. 2 Extinction probabilities and QSDs for the Poisson Ricker process described in Example 4.
In the left panel, the “intrinsic” extinction probability 1 — A, plotted as function of the habitat size
1/¢ and for different r values. In the right panels, the QSDs plotted for a range of habitat sizes and
two r values

and sufficient conditions for metastability in Theorem 2.5 are not equivalent.
However, if F has no positive attractors, one can show that all points in .4 can
with arbitrarily small perturbations be “forced” to . [47, 48]. Hence, this raises
the following open problem.

Problem 2 If F has no positive attractors, are all the weak*-limit points of the
QSDs supported by the extinction set .#?

While the methodology used to prove Theorem 2.5 provides an explicit expres-
sion for ¢ > 0, this expression is fairly abstract and only provides a fairly
crude lower bound. This suggests the following questions which, if solved, may
provide insights into how extinction probabilities depend on the nature of the
nonlinear feedbacks within and between populations and the form of demographic
stochasticity.

Problem 3 If F has positive attractors, when does the limit
. 1
lim— log(l —A;) =:c
e—0 &

exist? If the limit exists, under what circumstances can we derive explicit expres-
sions for ¢? or good explicit lower bounds for ¢?

Theorem 2.5 only ensures that the metastable dynamics concentrates on an
invariant set for the deterministic dynamics. However, it is natural to conjecture
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Fig. 3 QSDs for the stochastic Ricker model (see Example 4) for r values where F(x) =
xexp(r(1 — x)) has a stable periodic orbit. Habitat size 1/¢ is 2, 500

that the QSDs p, should concentrate on the positive attractors of F. These positive
attractors, however, may coexist with complex unstable behavior. For example, the
Ricker equation F(x) = xexp(r(1 — x)) can have a stable periodic orbit coexisting
with an infinite number of unstable periodic orbits (e.g. the case of a stable period 3
orbit as illustrated in Fig. 3).

To identify when this intuition is correct, a few definitions from dynamical
systems are required. For x € ., let w(x) = {y : there exists ny — oo such that
limg— oo F™(x) = y} be the w-limit set for x and a(x) = {y : there exist ny — 00
and y; € . such that F**(y;) = x and limy— o yx = y} be the a-limit set for x. Our
assumption that F is precompact implies that there exists a global attractor given by
the compact, F-invariant set A = N,>oF"(Y). For all x € A, w(x) and «(x) are
compact, non-empty, F-invariant sets. A Morse decomposition of the dynamics of
F is a collection of F-invariant, compact sets K7, ..., K; such that

* K; is isolated i.e. there exists a neighborhood of K; such that it is the maximal
F-invariant set in the neighborhood, and
o foreveryx e A\ UleK,-, there exist j < i such that (x) C K; and w(x) C K;.

Replacing the invariant sets K; by points, one can think of F' being gradient-like as
all orbits move from lower indexed invariant sets to higher indexed invariant sets.
Finally, recall that a compact invariant set K is transitive if there exists an x € K
such that {x, F(x), F?(x), ...} is dense in K. Faure and Schreiber [20, Theorem 2.7,
Remark 2.8, and Proposition 5.1] proved the following result about QSDs not
concentrating on the non-attractors of F. The assumptions of this theorem can be
verified for many ecological models.
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Theorem 2.6 Assume Hypotheses 2.3 and 2.4 hold. Let K, ...,K; be a Morse
decomposition for F such K;, . .., Ky are attractors. If

e K; C .4 orK; C % foreachi,
e K; C Y4 forsomei > j, and
e K;withi <j—1 is transitive whenever K; C %4,

then any weak*-limit point of {{Ls}e0 is F-invariant and is supported by the union
of attractors in L.

For random perturbations of deterministic models without absorbing states (e.g.
models accounting for immigration or mutations between genotypes), the work of
[31] and [21] can be used to show that the stationary distributions often concentrate
on a unique attractor. However, due to the singularity of the rate function p along
the extinction set .79, the approach used by these authors doesn’t readily extend to
the stochastic models considered here. This raises the following open problem:

Problem 4 If F has multiple, positive attractors, under what conditions do the
QSDs p, concentrate on a unique one of these positive attractors as ¢ |, 0?

Lets apply some of these results to the Poisson Lotka-Volterra processes from
Example 1.

Example 4 (The Ricker Model) The simplest of Poisson Lotka-Volterra processes
is the stochastic Ricker model for a single species where F(x) = xexp(r(1 — x))
with r > 0. [33] proved that for an open and dense set of r > 0 values, the
Ricker map has a Morse decomposition consisting of a finite number of unstable,
intransitive sets (more specifically, hyperbolic sets) and a unique stable period orbit
{p.F(p),...,FT(p)}. As the stable periodic orbit is the only attractor, Theorem 2.6
implies the following result.

Corollary 1 Consider the Ricker process with r > 0 such that F(x) = xexp
(r(1—x)) has the aforementioned Morse decomposition. Then any weak *-limit point
of {[Le }e=0 is supported by the unique stable periodic orbit {p, F(p), ..., FT(p)}.

Figure 3 illustrates this corollary: QSDs concentrating on the stable periodic orbit
of period 1 for r = 1.9, period 2 for r = 2.1, period 4 for r = 2.6, and period 3
for r = 3.15. Remarkably, in the case of the stable orbit of period 3, there exists an
infinite number of unstable periodic orbits which the QSDs do not concentrate on.
We note that [27, 32, 42] proved similar results to Corollary 1 using inherently one
dimensional methods.

Example 5 (Revenge of the Poisson Lotka-Volterra Processes) For higher dimen-
sional Lotka-Volterra processes, we can use properties of Lotka-Volterra difference
equations in conjunctions with Theorems 2.5 and 2.6 to derive two algebraically
verifiable results for the stochastic models. First, if the deterministic map F =
(Fy,...,Fy) with Fi(x) = x; exp(ZjA,;;xj + r;) is pre-compact and there is no
internal fixed point (i.e. there is no strictly positive solution to Ax = —r), then
[26] proved that the boundary of the positive orthant is a global attractor. Hence,
Theorem 2.5 implies the following corollary.



364 S.J. Schreiber

Corollary 2 Let X® be a Poisson Lotka-Volterra process such that F is pre-compact
and admits no positive fixed point. Then any weak*-limit point of {iLe}es0 is
supported by %, the boundary of the positive orthant of Rﬁ_.

On the other hand, [26] derived a simple algebraic condition which ensures that
the deterministic dynamics of F' has a positive attractor. Namely, there exist p; > 0
such that

Z[’i ZAijxj‘+ri >0 (12)

i J

for any fixed point x* on the boundary of the positive orthant. Hence, Theorem 2.5
implies the following corollary.

Corollary 3 Assume F = (Fy,...,Fy) with Fi(x) = x; exp(Zinjxj + r;) is pre-
compact and satisfies (12) for some choice of p; > 0. If X® is the corresponding
Poisson Lotka-Volterra process, then any weak*-limit point of {4 }e~0 is supported
by A where A C /4 is the global, positive attractor for F. Moreover, there exists
¢ > 0 suchthat A, > 1 — exp(c/e¢) for all ¢ > 0 sufficiently small.

Figure 4 illustrates the convergence of the QSDs to the attractor of F for a Lotka-
Volterra process of two competing species. Even for populations of only hundreds
of individuals (¢ = 0.01), this figure illustrates that species can coexist for tens of
thousands of generations despite oscillating between low and high densities, a key
signature of the underlying deterministic dynamics. However, only at much larger
habitat sizes (e.g. 1/e¢ = 1,000, 000) do the metastable behaviors clearly articulate
the underlying deterministic complexities.

3 Environmental Stochasticity

To understand how environmental fluctuations, in and of themselves, influence
population dynamics, we shift our attention to models for which the habitat size
is sufficiently large that one can approximate the population state by a continuous
variable. Specifically, let X; € R’; denote the state of the population or community
at time 7. The components of X, = (X;,,X5,,...,Xk,) corresponds to densities
or frequencies of subpopulations. To account for environmental fluctuations, let
& C R™ (for some m) be a compact set representing all possible environmental
states e.g. all possible precipitation and temperature values. I assume that E;; € &
represents the environmental state of the system over the time interval (¢,¢ + 1]
that determines how the community state changes over that time interval. If the
population or community state X,4| depends continuously on E,4 | and X,, then

Xi+1 = F(Xi, Er1) (13)
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Fig. 4 Numerically estimated QSDs for a Poisson Lotka-Volterra process with two competing
species, and the global attractor of the deterministic map F;(x) = x; exp(ZjA,-jxjx + r;). The
stochastic and deterministic processes were simulated for 50, 000 time steps and the last 17,500
time steps are plotted in the x;—x, plane. Parameters: A is the matrix with rows (—0.2, —0.01),
(—=0.01,—0.2) and r = (2.71,2.71)

for a continuous map F : R’; XE — R’;. If the E, are random variables, then (13) is
known as a continuous, random dynamical system. [2] provides a thorough overview
of the general theory of these random dynamical systems.

To state the main hypotheses about (13), recall that a sequence of random
variables, Ey, E, .. ., is stationary if for every pair of non-negative integers ¢ and s,
Ey,...,E,and E|4q, ..., E/t; have the same distribution. The sequence is ergodic
if with probability one all realizations of the sequence have the same asymptotic
statistical properties e.g. time averages (see, e.g., [17] for a more precise definition).

Hypothesis 3.7 E|,E,,... are an ergodic and stationary sequence of random
variables taking value in &. Let 1w be the stationary distribution of this sequence
i.e. the probability measure w on & such that P[E, € B] = n(B) for all Borel
sets B C &.

This hypothesis is satisfied for a diversity of models of environmental dynamics.
For example, E, could be given by a finite state Markov chain on a finite number
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of environmental states, say ey, es,...,e, € E (e.g. wet and cool, wet and hot,
dry and cool, dry and hot) with transition probabilities p; = P[Ey1 = ¢|E =
e;]. If the transition matrix P = (pj);; is aperiodic and irreducible, then E; is
asymptotically ergodic and stationary. Alternatively, E, could be given by a sequence
of independent and identically distributed random variables or, more generally, an
autoregressive process.

Our second hypothesis simply assumes that population densities remain bounded
and allows for the possibility of extinction.

Hypothesis 3.8 There are compact sets ¥ C Rﬁ_ and S C{xe S [[;x; =0}
suchthat F : ¥ x& - S, F: S xE - Sy, and F . Sy X & — L4 where
Sy =L\ .

For example, . may equal [0, M]* where M is the maximal density of a species
or . may be the probability simplex A = {x € R’; 2y x = 1} wherex € &
corresponds to the vector of genotypic frequencies. As in the case of demographic
stochasticity, .9 corresponds to the set where one or more populations have gone
extinct. Invariance of . implies that once the population has gone extinct it
remains extinct i.e. the “no cats, no kittens” principle. Invariance of .4 implies that
populations can not go extinct in one time step but only asymptotically. This latter
assumption is met by most (but not all) models in the population biology literature.

For these stochastic difference equations, there are several concepts of “per-
sistence” which are reviewed in [49]. Here, we focus on the “typical trajectory”
perspective. Namely, “how frequently does the typical population trajectory visit
a particular configuration of the population state space far into the future?” The
answer to this question is characterized by empirical measures for X;:

HO<s<t:X, €A}

@) = t4+1

where Xy = x and A is a Borel subset of .. IT;(A) equals the fraction of time that
X, spends in the set A over the time interval [0, ¢]. Provided the limit exists, the long-
term frequency that X, enters A is given by lim,.o 7 (A). It is important to note
that these empirical measures are random measures as they depend on the particular
realization of the stochastic process. Figure 5 provides graphical illustrations of
empirical measures for a single species model (top row) and a two species model
(bottom row). For both models, the empirical measure at time 7 can be approximated
by a histogram describing the frequency X, spends in different parts (e.g. intervals
or hexagons) of the population state space ..

Stochastic persistence corresponds to the typical trajectory spending arbitrarily
little time, arbitrarily near the extinction set .. More precisely, for all ¢ > 0 there
exists a § > 0 such that

limsup [T ({x € . : dist(x, /) < 8}) < & with probability one for all x € .74

=00
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Fig. 5 Visualizing the empirical measures [T for two models with environmental stochasticity.
In top row, the time series of a realization of a stochastic, single species model X, = 113’}6)1(’)(1
where 7, is a truncated log normal with log-mean log2 and log-variance 0.01. Histogram to the
right of the time series corresponds to I75,([a, b]) for intervals [a, b] of width 10 from 0 to 140.
In the bottom row, the time series of a realization of a stochastic predator-prey model X, ;,4; =
X exp(n,4-1—0.001X, ,—0.001X5 ), X5 ;41 = 0.5X; ,(1—exp(—0.001X; ,)) here 7, is a truncated
log normal with log-mean log 2 and log-variance 0.04. To the right of the time series, the time spent
in each colored hexagon in Ri is shown. IT3,,(H) for one of the hexagons H C Ri equals the
count divided by 500. The truncated normals are used for these models to ensure that dynamics

remain in a compact set .’

where dist(x, So) = minye o, [[x — y||. In contrast to the deterministic notions of
uniform persistence or permanence, stochastic persistence allows for trajectories to
get arbitrarily close to extinction and only requires the frequency of these events
are very small. One could insist that the trajectories never get close to extinction.
However, such a definition is too strict for any model where there is a positive
probability of years where the population is tending to decline e.g. the models
discussed in Sect. 7. Regarding this point, [11] wrote

“This criterion...places restrictions on the expected frequency of fluctuations to low
population levels. Given that fluctuations in the environment will continually perturb
population densities, it is to be expected that any nominated population density, no matter
how small, will eventually be seen. Indeed this is the usual case in stochastic population
models and is not an unreasonable postulate about the real world. Thus a reasonable
persistence criterion cannot hope to do better than place restrictions on the frequencies
with which such events occur.”

Conditions for verifying stochastic persistence appear in papers by [5, 44,49, 50].
As the results by [44] are the most general, we focus on them. We begin with single
species models and then expand to multi-species models.
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3.1 Single Species Models

Consider a single species for which an individual can be in one of k states.
For example, these states may correspond to age where k is the maximal age,
living in one of k spatial locations or “patches”, discrete behavioral states that
an individual can move between, different genotypes in an asexual population
coupled by mutation, or finite number of developmental stages or size classes. X;;
corresponds to population density of individuals in state i and X, = (X1, ..., Xk,)
is the population state. The population state is updated by multiplication by a k x k
matrix A(X;, E;+1) dependent on the population and environmental state:

Xi+1 = AXs, E )X =: F(X, Erg1). (14)

Assume A(X, E) satisfies the following hypothesis.

Hypothesis 3.9 A is a continuous mapping from ¥ x & to non-negative k x k
matrices. Furthermore, there exists a non-negative, primitive matrix B such that
A(x, E) has the same sign structure as B for all x, E i.e. the i—j-th entry of A(x, E) is
positive if and only if the i—j-th entry of B is positive.

The primitivity assumption implies that there is a time, 7, such that after T
time steps, individuals in every state contribute to individuals in all other states.
Specifically, A(X7—1, E7)A(X7—2, ET—1) .. .A(Xo, E1) has only positive entries for
any Xo,...,Xr—1 € % and E,...,Er € &. This assumption is met for most
models.

To determine whether or not the population has a tendency to increase or decrease
when rare, we can approximate the dynamics of (14) when X, ~ 0 by the linearized
system

Zt+1 = Bt+1Z,« where Z() = X() and Bt+1 = A(O,Et_H). (15)
Iterating this matrix equation gives
Zr == B[B[_]Br_z e BZB]Z().

Proposition 3.2 from [45] and Birkhoff’s ergodic theorem implies there is a quantity
r, the dominant Lyapunov exponent, such that

1
lim . log || Z;|| = r with probability one
—>00

whenever Z; € Rﬁ_ \ {0}. Following [7-9], we call r the low-density per-capita
growth of the population. When r > 0, Z, with probability one grows exponentially
and we would expect the population state X, to increase when rare. Conversely when
r < 0, Z, with probability one converges to 0. Consistent with these predictions
from the linear approximation, Roth and Schreiber [44, Theorems 3.1,5.1] proved
the following result.
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Theorem 3.10 Assume Hypotheses 3.7 through 3.9 hold with ./y = {0}. If r > 0,
then (14) is stochastically persistent. If r < 0 and A(0,E) > A(X,E) for all X, E,
then

lim X, = 0 with probability one.
=00
The assumption in the partial converse is a weak form of negative-density
dependence as it requires that the best conditions (in terms of magnitude of the
entries of A) occurs at low densities. There are cases where this might not be true e.g.
models accounting for positive density-dependence, size structured models where
growth to the next stage is maximal at low densities.

Example 6 (The Case of the Bay Checkerspot Butterflies) The simplest case for
which Theorem 3.10 applies are unstructured models where k = 1. In this case,
B; = A(0, E,) are scalars and

r = E[log By].

The exponential e” corresponds to the geometric mean of the B,. By Jensen’s
inequality, the arithmetic mean [E[B,] is greater than or equal to this geometric mean
e", with equality only if B, is constant with probability one. Hence, environmental
fluctuations in the low-density fitnesses B, reduce r and have a detrimental effect on
population persistence.

To illustrate this fundamental demographic principle, we visit a study by [38]
on the dynamics of Bay checkerspot butterflies, a critically endangered species. In
the 1990s, two populations of this species went extinct in Northern California. The
population densities for one of these populations is shown in the left hand side of
Fig. 6. Both extinctions were observed to coincide with a change in precipitation
variability in the 1970s (right hand side of Fig.6): the standard deviation in
precipitation is approximately 50% higher after 1971 than before 1971.
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Fig. 6 Checkerspot population dynamics (left) and precipitation (right) from Example 6. Model
fit for population dynamics as red diamonds
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Fig. 7 Simulated checkerspot population dynamics with pre-1971 precipitation data (left) and
post-1971 precipitation data (right) from Example 6

To evaluate whether this shift in precipitation variability may have caused the
extinction of the checkerspots, [38] developed a stochastic difference equation of
the following type

ni+1 = nyexp(a — bn, + cE,__fl)

where E; is precipitation in year f. Using linear regression on a log-scale yields
a model whose fit for one-year predictions are shown as red diamonds in Fig. 6.
To compare the pre-1971 and post-1971 population dynamics of the populations,
[38] ran their stochastic difference equations with E; given by independent draws
from the corresponding years of precipitation data. The resulting models satisfy
all of the assumptions of Theorem 3.10. The model with random draws from the
pre-1971 precipitation data yields r = E[a + cE;?] = 0.04. Hence, Theorem 3.10
implies stochastic persistence with this form of climatic variability (left hand side of
Fig. 7). In contrast, the model with random draws from the post-1971 precipitation
data yields r = —0.049. Hence, Theorem 3.10 implies the population is extinction
bound with this form of climatic variability (right hand side of Fig. 7).

Example 7 (Spatially Structured Populations) To illustrate the application of The-
orem 3.10 to structured populations, consider a population in which individuals can
live in one of k patches (e.g. butterflies dispersing between heath meadows, pike
swimming between the northern and southern basin of a lake, acorn woodpeckers
flying between canyons). X;, is the population density in patch i. Let E, ;| =
(E14+1s - - - » Exs+1) be the environmental state over (¢, + 1] where E;,; be the low-
density fitness of individuals in patch i. To account for within-patch competition, let
fi(X;, E;) = E;/(1 + ¢;iX;) be the fitness of an individual in patch i where ¢; measures
the strength of competition within patch i. This fitness function corresponds to the
Beverton-Holt model in population biology.

To couple the dynamics of the patches, let d be the fraction of dispersing
individuals that go with equal likelihood to any other patch. In the words of Ulysses
Everett McGill in O Brother, Where Art Thou?

“Well ain’t [these patches] a geographical oddity! Two weeks from everywhere!”
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Despite this odd geographic regularity, these all-to-all coupling models have proven
valuable to understanding spatial population dynamics. Under these assumptions,
we get a spatially structured model of the form

d
Xir+1 = (1 = d)fiXis, Ei 1) Xis + -1 Z.fj(Xj,nEj,Hl)Xj,t‘ (16)
i

For this model, A(X, E) is the matrix whose i—j-th entry equals kfl fiXi, Ejiy1) for
j#iand (1 — d)fi(Xs, Eyr) forj = i

The low density per-capita growth rate r is the dominant Lyapunov exponent of
the random product of the matrices B, = A(0, E;). Theorem 3.10 implies this model
exhibits stochastic persistence if r > 0 and asymptotic extinction with probability
one if r < 0. In fact, as this spatial model has some special properties (monotonicity
and sublinearity), work of Benaim and Schreiber [5, Theorem 1] implies if » > 0,
then there is a probability measure m on .%; such that

T
im. ; ; h(X,) = / h(x) m(dx) with probability one
for any x € %4 and any continuous function 4 : . — R. Namely, for all
positive initial conditions, the long-term behavior is statistically characterized by the
probability measure m that places no weight on the extinction set. When this occurs,
running the model once for sufficiently long describes the long-term statistical
behavior for all runs with probability one. The probability measure m corresponds
to the marginal of an invariant measure for the stochastic model.

But when is r > 0? Finding explicit, tractable formulas for r, in general, appears
impossible. However, for sedentary populations (d =~ 0) and perfectly mixing
populations (d = 1 — 1/k), one has explicit expressions for r. In the limit of d = 0,

r = max E[log E; ]

as f;(0,E;) = E;. As r varies continuously with d (cf. Benaim and Schreiber
[5, Proposition 3]), it follows that persistence for small d (i.e. mostly sedentary
populations) only occurs if E[logE;;] > 0. Equivalently, the geometric mean
exp(E[log E;,]) of the low-density fitnesses E;, is greater than one in at least one
patch.

When d = 1 — 1/k, the fraction of individuals going from any one patch to any
other patch is 1/k. In this case, the model reduces to a scalar model for which

el 58]
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Namely, e" is equal to the geometric mean of the spatial means [40]. Applying
Jensen’s inequality to the outer and inner expressions of r, one gets

k k
1 1
log (k ZE[E”]) >r> ZE[logEi,t].
i=1 i=1

Hence, persistence requires that the expected fitness in one patch is greater than
one (i.e. E[E;;] > 1 for some i in the left hand side), but can occur even if all the
patches are unable to sustain the population (i.e. E[logE;;] < 0 for all i on the
right hand side). Hence, local populations which are tending toward extinction (i.e.
E[logE;;] < 0 in all patches) can persist if they are coupled by dispersal. Even
more surprising, [51] shows that stochastic persistence is possible in temporally
autocorrelated environments even if E[E;,] < 1 for all patches.

To better understand how r depends on d, I make raise the following problem
which has been proven have an affirmative answer for two-patch stochastic differ-
ential equation models by [18].

Problem 5 If E;, are independent and identically distributed in time and space,
then is r an increasing function of d on the interval (0,1 — 1/k)? In particular, if
E[logE;] <0 < E[log }( > Ei ], then does there exists ad™ € (0, 1 —1/k) such that
the population stochastically persists for d € (d*, 1 — 1/k] and goes asymptotically
extinct with probability one for d € (0, d*)?

3.2 Multi-Species Communities

No species is an island as species regularly interact with other species. To account
for these interactions, lets extend (14) to account for n species. Within species i,
there are k; states for individuals and X;, = (Xi1, ..., Xi,) is the vector of the
densities of individuals in these different states. Then X; = (Xy,,...,X,,) is the
densities of all species in all of their states and corresponds to the community state
at time 7. Multiplication by a k; x k; matrix A;(X;, E;+1) updates the state of species i:

Xi,[+l - Ai(X[, Er-l,-])Xi’[ =: Fi(Xr, E[+1) Wlth i - 1, 2, A (B (17)

Assume that each of the A; satisfy Hypothesis 3.9.

To determine whether each species can increase when rare, consider the scenario
where a subset of species are absent from the community (i.e. rare) and the
remaining species coexist at an ergodic, stationary distribution p for (17). Then,
as in the single species case, we ask: do the rare species have a tendency to increase
or decrease in this community context? Before pursuing this agenda, recall that
stationarity means that u is a probability measure on .%’x& such that (i) the marginal
of won & is mw ie. m(B) = u(¥ x B) for all B C & and (ii) if Xy, Ey are drawn
randomly from this distribution, then E;, X, follows this distribution for all time i.e.



Coexistence in the Face of Uncertainty 373

P[(X;, E;) € B] = u(B) for all r and Borel sets B C . x &. Furthermore, ergodicity
means that u is indecomposable i.e. it can not be written as a convex combination
of two other stationary distributions. Due to compactness of & x ., stationary
distributions always exist see, e.g., Arnold [2, Theorem 1.5.8].

By ergodicity, there exists a set of species I C {1,2,...,n} such that u is only
supported by these species i.e. u({x € . : ||x;|| > Oif andonly ifi € I} x &) = 1.
Suppose i ¢ I is one of the species not supported by p and the sub-community
I follows the stationary dynamics i.e. Xy, Eop is randomly chosen with respect to
. To determine whether or not species i has a tendency to increase or decrease
when introduced at small densities x; = (x;1, ..., Xy) ~ 0, we can approximate the
dynamics of species i with the linearized system

Zt+1 = Bt+IZt where Z() = X; and Bt+1 = Ai(Xt, Et+1) (18)

where X;, E; is following the stationary distribution given by . Iterating this matrix
equation gives

Zr == BTBT—IB[—Z e BZBIZ()

As before, Proposition 3.2 from [45] and Birkhoff’s ergodic theorem implies there
is a quantity r;(t) such that

1
lim  log||Z/| = r;(i) with probability one.
t—o00

Lets call r;(1t) the per-capita growth rate of species i when the community is in the
stationary state given by . For species i € I in the sub-community /,7;(j4) can be
defined in the same manner, but it will always equal zero [44, Proposition 8.19].
Intuitively for species not going extinct or growing without bound, the average per-
capita growth rate is zero. In the words of [24],

“a finite world can support only a finite population; therefore, population growth must
eventually equal zero.”

Using these per-capita growth rates, [44] proved the following theorem.

Theorem 3.11 Let .y = {x € ./ : [ llx:|| = O}. If there exist py, ... ,p, > 0 such
that

> piri(w) > 0 (19)

for all ergodic stationary distributions |1 supported by %, then (17) is stochasti-
cally persistent.

The stochastic persistence condition is the stochastic analog of a condition
introduced by [25] for ordinary differential equation models. The sum in (19) is
effectively only over the missing species as r;(t) = O for all the species supported
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by w. As the reverse of this condition implies that the extinction set .% is an attractor
for deterministic models, it is natural to raise the following question:

Problem 6 Let . = {x € .% : []|lx]| = 0}. If there exist py,...,p, > 0 such
that

Y piri(p) <0

for all ergodic stationary distributions p supported by .#, then does it follow that
for all & > O there exists § > 0 such that

P[lim dist(X;,.70) = 0[Xo =] = 1 —&

whenever dist(x, %) < §?

For stochastic differential equations on the simplex, Benaim et al. [6, Theorems
4.2,5.1] proved affirmative answers to this problem for systems with small or large
levels of noise. In their case, .#) was shown to be a global attractor with probability
one. This stronger conclusion will not hold in general.

We illustrate Theorem 3.11 with applications to competing species and stochastic
Lotka-Volterra differences equations. In both examples, the interacting species are
unstructured i.e. k; = 1.

Example 8 (Competing Species and the Storage Effect) One of the fundamental
principle in ecology is the competitive exclusion principle which asserts that two
species competing for a single limiting resource (e.g. space, nutrients) can not
coexist at equilibrium. However, many species which appear to be competing for a
single resource do coexist. One resolution to this paradox for competing planktonic
species was suggested by [28] who wrote

“The diversity of the plankton [is] explicable primarily by a permanent failure to achieve
equilibrium as the relevant external factors changes.”

Intuitively, if environmental conditions vary such that each species has a period
in which it does better than its competitors, then coexistence should be possible.
Understanding exactly when this occurs is the focus of a series of papers by Peter
Chesson and his collaborators [7, 11-14]. We illustrate one of the main conclusions
from this work using a model from [12].

Consider two competing species with densities X, = (X!, X?) in year 1. Let E;, be
the low-density per-capita reproductive output of species i, s; € (0, 1) the probability
of adults surviving to the next year, and f : [0,00) — (0,00) a continuously
differentiable, decreasing function accounting for negative effects of competition
on reproduction. If C;, = E; X, , + E, X, represents the “intensity of competition
among the offspring”, then we have the following model of competitive interactions

X1 =X, (Ei,t+ ]f(Ct) + s;) where C, = E X1+ Ey Xo . (20)
N————

Ai(XtaEt+ 1 )
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To ensure that stochastic dynamics eventually enter a compact set .¥, assume that
lim,— 00 f(x) = 0 and there exists M > 0 such that E;;, € [0, M] for all i and ¢.
The first assumption is satisfied for many models in population biology e.g. f(x) =
exp(—cx) or !, withc > 0,b> 0.

To apply Theorem 3.11, we need py, p» > 0 such that p;ri (1) + p1ra(n) > 0 for
all ergodic stationary distributions p supported by % = {x € S : x;x, = 0}. There
are three types of u to consider: u supports no species (i.e. I = @), u only supports
species 1 (i.e. I = {1}), or u only supports species 2 (i.e. I = {2}). For u supported
on {(0,0)} x & i.e. no species are supported, the persistence condition demands

Y piri(w) = ) piEllog(Eif (0) + s7)] > 0. @1

For p supported by {(x1,0) : x; > 0} x &, ri(i) = 0 and the persistence criterion
requires

> piri() = para () = pa / log(Eof (E\X1) + s2)pu(dXdE) > 0. (22)
As f is a decreasing function, this condition being satisfied implies

/log(Ezf(O) + $2)u(dXdE) = E[log(E,.f(0) + s7)] > 0.

Similarly, for x supported by {(0,x;) : x, > 0} x &, we need
i) = pin ) = [ 109 (EX) + so(axe) = 0. (23)
which implies

/ log(Evf(0) + s1)t(dXdE) = Eflog(E1(0) + 51)] > 0.

As inequalities (22) and (23) imply inequality (21) for any p,p, > 0, inequali-
ties (22) and (23) imply stochastic persistence. These inequalities correspond to the
classical mutual invasibility criterion [55]: if each of the species can increase when
rare, the competing species coexist.

To verify whether or not these conditions are satisfied is, in general, a challenging
issue. However, [12] developed a formula for the r;() when the competition is
symmetric. Namely, s; = s, =: s, E, are independent and identically distributed,
and Ey,, E,, are exchangeable i.e. P[(Ey,, E>;) € B] = P[(E»,, E1,) € B] for any
Borel B C & x &. Before describing Chesson’s formula, lets examine the dynamics
of the deterministic case. Exchangeability and determinism imply there exists a
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constant E > 0 such that |, = E,, = E for all ¢. Hence, the deterministic model
is given by

Xit+1 = Xiy (Ef(Exl,t + Exz,,) + S) withi =1,2.

AS X1 41/X241 = Xx1./x2, for all ¢, all radial lines in the positive orthant are
invariant. Provided Ef(0) + s > 1 (i.e. each species persists in the absence of
competition), there exists a line of equilibria connecting the two axes. Regarding
these neutral dynamics, [12] wrote
“Classically, when faced with a deterministic model of this sort ecologists have concluded
that only one species can persist when the likely effects a stochastic environment are
taken into account. The reason for this conclusion is the argument that environmental

perturbations will cause a random walk to take place in which eventually all but one species
becomes extinct.”

Dispelling this faulty expectation, [12] derived a formula for the r;(u). To
describe this formula, assume inequality (21) holds and p is an ergodic, stationary
distribution supporting species 1. As the E; are independent in time, (4 can be written
as a product measure m X 7 on . x & where 7 is given by Hypothesis 3.7. Define

h(EL Es) = / log (Eof (x1E1) + ) mi(d).

[12] showed that

Ex: prEx:
= E, E>)dE\dE
ra(je) /E /E BEIBE( 1, E2)dE dE,

As f is a decreasing function,

0%h F(x1E))xis
E\ E) =
8E18E2( v E) (Eof (1)) + 5)2

whenever s > 0. Hence, r,(u) > 0 provided that P[E;, > E»,] > 0 (i.e. there is
some variation) and s > 0. As this holds for any ergodic u supporting species 1
and a similar argument yields 7, () > O for any ergodic p supporting species 2, it
follows that this symmetric version of the model is stochastically persistent (Fig. 8).

The analysis of this model highlights three key ingredients required for environ-
mental fluctuations to mediate coexistence. First, there must periods of time such
that each species has a higher birth rate i.e. E;, and E;, vary and are not perfectly
correlated. Second, year to year survivorship needs to be sufficiently positive (i.e.
s > 0in the model) to ensure species can “store” the gains from one favorable period
to the next favorable period. Finally, the increase in fitness due to good conditions
for one species is greater in years when those conditions are worse for its competitor
ie. 8E1 8E2 (E1,E;) < 0. These are the key ingredients of the “storage effect”
introduced by [14].
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Fig. 8 Stochastic persistence of competing species from Example 8. Two simulations of
model (20) with f(x) = exp(—0.001x), E;, truncated log normals with log-mean 1 and log-
variance 0.25 (upper row) and 25 (lower row). Models were run for 1, 000, 000 time steps. Time
series on the left show the first 250 time steps. The two dimensional histograms on the right
correspond to the last 999, 000 time steps

Example 9 (Stochastic Lotka-Volterra Difference Equations) Previously, we stud-
ied the Poisson Lotka-Volterra processes which injected demographic stochasticity
into the discrete-time Lotka-Volterra equations (1). Now, we examine the effects
of injecting environmental stochasticity into these deterministic equations of n
interacting species:

Xirr1 = Xi,exp ZAngt + b + Ej; (24)
=1

where the matrix A = (A;;);; describes pairwise interactions between species, b =
(b1, ...,b,) describes the intrinsic rates of growth of each species in the absence of
environmental fluctuations, and E; ; describes density-independent fluctuations. [55]
used two dimensional versions of (24) to examine niche overlap of competitors in
random environments.
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The following lemma shows that verifying persistence for these equations
reduces to a linear algebra problem. In particular, this lemma implies that the
permanence criteria developed by [26] extend to these stochastically perturbed
Lotka-Volterra systems.

Lemma 3.1 Let i be an ergodic stationary distribution for (24) and I C {1, ...k}
be the species supported by v i.e. u({x € % 1 x* > 0iffi € I} x &) = 1. Define
Bi = b + E[E;]. If there exists a unique solution X to

ZA@;)AQ; +Bi=0foricland% =0fori¢l (25)
jel
then
0 ifiel
ri(n) = > et Ak 4 Bi otherwise.

The following proof of this lemma is nearly identical to the proof given by [50] for
the case E, are independent and identically distributed in time.

Proof Let 4 and I be as assumed in the statement of the lemma. We have

1) = YAy [ 3 inde) + p

jel

foralli. As r;(u) = Oforallie I,

0=7) Ay / x; u(dxdE) + B

jel

for all i € I. Since we have assumed there is a unique solution X to this system of
linear equations, it follows that f xipu(dxdE) = X; for all i and the lemma follows.
O

This lemma implies that verifying the stochastic persistence condition reduces to
finding py, ..., p, > 0 such that

Y Py A+ Bi>0

g1 jel

for every I C {l,...,n} and X € % satisfying equation (25). The next example
illustrates the utility of this criterion.

Example 10 (Rock-Paper-Scissor Dynamics) The Lotka-Volterra model of rock-
paper-scissor dynamics is a prototype for understanding intransitive ecological
outcomes [37, 52]. Here, a simple stochastic version of this dynamic is given
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by (24) with X, X,, X3 corresponding to the densities of the rock, paper, and scissors
populations, and the matrixes A and b given by

0 —62 w3 1
A=—-14+|w 0 —f; and b=|1
—ﬁl %} 0

with 1 > w; > 0 and ¢; > 0. The —¢; correspond to a reduction in the per-capita
growth rate of the population losing against population #, and w; corresponds to the
increase in the per-capita growth rate of the population winning against population
i. Assume that the E;, in (24) are compactly supported random variables with zero
expectation. Under this assumption, §; as defined in Lemma 3.1 equal 1.

Our assumptions about A and b imply that in pairwise interactions population 1 is
excluded by population 2, population 2 is excluded by population 3, and population
3 is excluded by population 1. Hence, there are only four solutions of (25) that need
to be considered: x = (0,0,0),x = (1,0,0),x = (0,1,0),and x = (0,0, 1). Hence,
verifying stochastic persistence reduces to determining whether there exist positive
reals py, p2, p3 such that

p1+p2+p3>0

P10+ pow; —p3ly >0
—pity +p2-0+p3wr, >0
piws —pals +p3-0>0

where these equation come from evaluating ), p;ri(it) at ergodic measures corre-
sponding to (0,0, 0), (1,0,0), (0,1,0), and (0,0, 1). Solving these linear inequali-
ties implies that there is the desired choice of p; if and only if wywows > €153 i.e.
the geometric mean of the fitness payoffs to the winners exceeds the geometric mean
of the fitness losses of the losers. Figure 9 illustrates the dynamics of coexistence
when wiwows > £1£,£3 and exclusion when wiwows < £14,43.

4 Parting Thoughts and Future Challenges

The results reviewed here provide some ways to think about species coexistence
or population persistence in the face of uncertainty. In the face of demographic
uncertainty, species may coexist for exceptionally long periods of time prior to going
extinct. I discussed how this metastable behavior may be predicted by the existence
of positive attractors for the underlying deterministic dynamics, in which case the
times to extinction increase exponentially with habitat size. Alternatively, in the face
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Fig. 9 Stochastic rock-paper-scissor dynamics (Example 10) with stochastic persistence in the
left hand panel (w; = 0.3 > 0.2 = ¢; for all i) and stochastic exclusion in the right hand panel
(w; = 0.2 < 0.3 = {; for all i)

of environmental stochasticity, species may coexist in the sense of rarely visiting low
densities. I discussed how this form of stochastic persistence can be identified by
examining species’ per-capita growth rates r;(t) when rare. Weighted combinations
of these per-capita growth rates can measure to what extent communities move away
extinction as one or more species become rare. Despite this progress, many exciting
challenges lie ahead.

Many demographic processes and environmental conditions vary continuously
in time and are better represented by continuous time models. For continuous-
time Markov chains accounting for demographic stochasticity, [36] proved results
similar to Theorems 2.5 and 2.6 discussed here. For stochastic differential equations
of interacting, unstructured populations in fluctuating environments, there exist
some results similar to Theorem 3.11 by [6, 50] and [19]. These stochastic
differential equations, however, fail to account for population structure or correlated
environmental fluctuations. One step toward temporally correlated environments
was recently taken by [4]. They characterized stochastic persistence for continuous-
time models of competing species experiencing a finite number of environmental
states driven by a continuous-time Markov chain. Generalizing these results to
higher dimensional communities and structured populations remains an impor-
tant challenge. Another exciting possibility is studying stochastic persistence for
continuous-time models with stochastic birth or mortality impulses, as often
observed in nature.

Biologists often measure continuous traits (e.g. body size or geographical loca-
tion of an individual) that have important demographic consequences (e.g. larger
individuals may produce more offspring and be more likely to survive). Unlike
models accounting for discrete traits as considered here, models with continuous
traits are infinite-dimensional and, consequently, even stochastic counterparts only
accounting for demographic stochasticity correspond to Markov chains on uncount-
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able state spaces (see, e.g., [53]). One form of these models, integral projection
models (IPMs), have become exceptionally popular in the ecological literature in
the past decade as they interface well with demographic data sets (see, e.g., [43]
for a recent discussion). Consequently, there is a need for the development of the
infinite-dimensional counterparts to the results presented here (see [23] for results
for structured populations facing uncorrelated, environmental stochasticity).

For both forms of stochasticity, there are few results for demonstrating that
populations are “extinction-prone” (e.g. limiting QSDs being supported by the
extinction set in Theorem 2.5 or Benaim et al. [6, Theorems 4.2,5.1] for stochastic
differential equations). No study of persistence or coexistence is complete without
understanding this complementary outcome. Hopefully, answers to Problems 2
and 6 will narrow our gap in understanding these outcomes. Furthermore, even
when populations aren’t extinction prone in the aforementioned sense, extinction
is inevitable as all real population are finite. Answers to Problem 3 and their
applications to specific models could provide new insights about how feedbacks
between nonlinearities and noise determine the “intrinsic” extinction probabilities,
quantities of particular importance for conservation biology.

Finally, there is the elephant in the review: what can one say for models
accounting for both forms of stochasticity? At this point, all I have to offer is a
natural conjecture which combines the results presented here. Namely, let x| =
F(x;, E;+1) be a random difference equation and {X}}..o be a family of Markov
chains satisfying the environmental dependent versions of Hypotheses 2.3 and 2.4
e.g. the rate function p in Hypothesis 2.3 depends on E € & as well as x,y € .¥.
In light of the results presented here, these models lead to the following challenging
problem:

Problem 7 Is it true that stochastic persistence of x,.+; = F(x;, E.+1) implies the
weak* limit points of the QSDS of {X?},. are supported by .4 and A, > 1 —
exp(—c/¢) for some ¢ > 0?

I believe there should be an affirmative answer to this question. Namely, stochastic
persistence in the face of environmental fluctuations implies long-term, persistent,
metastable behavior for communities of interacting populations of finite size, and
the extinction probabilities decay exponentially with community “size.” Hopefully,
this review will inspire work to address this problem as well as for the other
challenges posed here.
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Computing Elliptic Curves over Q: Bad
Reduction at One Prime

Michael A. Bennett and Andrew Rechnitzer

Abstract We discuss a new algorithm for finding all elliptic curves over Q with a
given conductor. Though based on (very) classical ideas, this approach appears to be
computationally quite efficient. We provide details of the output from the algorithm
in case of conductor p or p?, for p prime, with comparisons to existing data.

Keywords Elliptic curves ¢ Cubic forms ¢ Invariant theory
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1 Introduction

Elliptic curves are ubiquitous objects in pure mathematics, particularly in Number
Theory and Algebraic Geometry. It is therefore of some interest to be able to
generate or tabulate elliptic curves with desired properties. In this paper, we will
describe an algorithm for computing models for all elliptic curves with integer
coefficients and given conductor. This last quantity is an invariant that provides
information about how a given elliptic curve behaves over finite fields [, as p ranges
over all primes. For the purposes of this paper, we will mostly restrict our attention
to the case of conductor p or p?, for prime p.

If K is a number field and S is a finite set of places of K, containing the infinite
places, then a theorem of Shafarevich [42] from 1963 ensures that there are at most
finitely many K-isomorphism classes of elliptic curves defined over K with good
reduction outside S. In the simplest case, where K = Q, an effective version of this
result was proved by Coates [12] in 1970, using bounds for linear forms in p-adic
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and complex logarithms. Early attempts to make such results explicit, for fixed sets
of “small” primes S, have much in common with the arguments of [12], in that they
(often) reduce the problem to one of solving a number of Thue-Mahler equations.
These are Diophantine equations of the form

Fx.y) = u, (1)

where F is a binary form (of degree at least 3) and u is an S-unit, that is, an integer
whose prime factors all lie in S (strictly speaking, for K = Q, we are assuming
here that 2 € S). In case the form F is reducible in Z[x,y] (which turns out to
be the case when the elliptic curves we are considering have at least one rational
2-torsion point), equation (1) typically is somewhat less challenging to solve. The
earliest examples where a complete determination of all elliptic curves E/Q with
good reduction outside a given set S was made were for S = {2, 3} (by Coghlan
[13] and Stevens (see e.g. [7])), and for S = {p} for certain small primes p (by e.g.
Setzer [41] and Neumann [35]).

The first case where such a determination was made with corresponding forms
in equation (1) irreducible was for S = {11}, by Agrawal, Coates, Hunt and van der
Poorten [1]. The reduction to (1) in this situation is not especially problematical, but
subsequent computations (involving the arguments of [12] together with a variety of
techniques from computational Diophantine approximation) are quite involved. For
whatever reason, there are very few if any subsequent attempts in the literature to
find elliptic curves of given conductor via Thue-Mahler equations. Instead, one finds
a wealth of results on a completely different approach to the problem, using modular
forms. This method relies upon the Modularity theorem of Breuil, Conrad, Diamond
and Taylor [9], which was still a conjecture (under various guises) when these ideas
were first implemented. Much of the success of this approach can be attributed to
Cremona (see e.g. [14, 15]) and his collaborators, who have devoted decades of
work to it (and are responsible for the current state-of-the-art). To apply this method
to find all E/Q of conductor N, one computes the space of 'o(N) modular symbols
and the action of the Hecke algebra on it, and then searches for one-dimensional
rational eigenspaces. After calculating a large number of Hecke eigenvalues, one is
then able to extract corresponding elliptic curves. For a detailed description of how
this technique works, the reader is directed to [15]. Via this method (assuming the
results of [9]), all E/Q of conductor N < 380000 been determined by Cremona, as
of April 2016.

In this paper, we will instead return to techniques based upon solving Thue-
Mahler equations. Our goal is to provide a treatment that makes the connection
between the conductors in question and the corresponding equations (1) straight-
forward, and the subsequent Diophantine approximation problem as painless as
possible. We will rely upon a number of results from classical invariant theory
and, for purposes of clarity and simplicity, focus our attention on curves with bad
reduction at a single prime (i.e. curves of conductor p or p? for p prime). We will
unconditionally find all curves of prime conductor up to 2 - 10° (10'? in the case
of curves of positive discriminant) and conductor p? for p < 10°. Conditionally,
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we extend these computations, in the case of prime conductor p, to p < 10'2. The
outline of our paper is as follows. In Sect.2, we will outline some basic facts and
notation about elliptic curves. In Sect. 3, we will discuss the invariant theory of
cubic forms and state our main theorem which provides our algorithm. Section 4 is
devoted to the actual computation of the cubic forms we require. In Sect.5, we
discuss the special cases where N = p or p? for p prime while, in Sect.6, we
provide a variety of computational details for these cases and an outline of a heuristic
approach to the problem. Finally, in Sect.7, we give an overview of our output,
comparing it to previous results in the literature. In this paper, we concentrate on
results specialized to the cases of conductor p and p?, omitting both more general
considerations and any proofs. More general results are described in forthcoming
work of the authors [5]. Readers interested in the proofs of a number of results
stated here as well as more extensive data should consult that paper. We are in the
process of making our data more easily available through the LMFDB. Until this is
completed, anyone interested should feel free to contact the authors.

2 Elliptic Curves

Let S = {p1,p2,...,pr} be a set of rational primes. Suppose that we wish to
find models for isomorphism classes of elliptic curve over Q with given conductor
N = pi'---p*, where the o; are positive integers. Such a curve has a minimal
model

E : y2+a1xy+a3y=x3+a2x2+a4x+a(,
k

with the @; € Z and discriminant Ag = (—1)817’131 pf where the 8; > «; are

again positive integers and § € {0, 1}. Writing

by = @} + 4ay, by = aras + 2as, bs = a3 + 4as,

¢y = b3 —24by and cg = —b3 + 36bsby — 216bs,
we find that
1728Af = ¢} — c?
and
Je =i/ Ag.
We therefore have

g =c;+ (=)L, 2)
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where
L= 26.33.pf1 ...pfk_
For each prime p, since our model is minimal, we may suppose (via Tate’s algorithm;
see e.g. Papadopolous [36]), defining v,(x) to be the largest power of a prime p
dividing a nonzero integer x, that
min{3v,(cs), 2vp(ce)} < 12 4+ 12v,(2) + 6v,(3). 3)
In fact, it is equation (2) that lies at the heart of our approach (see also Cremona

and Lingham [17] for an approach to the problem that takes as its starting point
equation (2), but then heads in a rather different direction).

3 Cubic Forms

Let us suppose that a, b, ¢ and d are integers, and consider the binary cubic form
F(x,y) = ax’ + bx’y + cxy* + dy’, “)
with discriminant
Dp = —27a*d*> + b>c* + 18abcd — dac® — 4b3d.

To such a form we associate a pair of covariants, the Hessian H = Hp(x,y) given
by

1 (R2FF [ 2F\°
H = Hr(x.y) = T4\ a2 dy? B 0x0y

and the Jacobian determinant of F' and H, a cubic form G = G defined via

OF 0H 0F 0H

G = Gr(x,y) = — .
rx.) ox dy  dy Ox

Note that, explicitly,
H = (b* — 3ac)x* + (bc — 9ad)xy + (¢* — 3bd)y*

and
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G = (=27a*d + 9abc — 2b*)x* + (—=3b%c — 27abd + 18ac?)x*y
+(3bc? — 18b°d + 27acd)xy* + (—9bcd + 2¢* + 27ad>)y>.

These covariants satisfy the syzygy
4H(x,y)’ = G(x,y)* + 27DpF (x,y)’. Q)
We further have
Res(F,G) = —SD;’; and Res(F,H) = D%,

We can now state our main result, which leads to our algorithm.

Theorem 3.1 Let E/Q be an elliptic curve of conductor N = 2*3P Ny, where N is
coprime to 6. Then there exists an integral binary cubic form F of discriminant

Dy = (|Agl/Ap)23PN,,
and relatively prime integers u and v with

F(u,v) = oo’ + 01120 + wpuv® + w30’ =2 - 35 T p. (6)
pINo

such that E is isomorphic over Q to Eq where

g — 1‘[ it (e (/21 (s () /30 7)
plged(ca(E) co(E))
and
Eg : 3032 = 33 279?Hp(u, v)x + 272°Gr(u, v).
Here, N1 | Ny,

(2,0)0r (2,3) if a =0,
(3,=3)or(2,24) if a =1,
(2,1),(4,0)or (4,1) if « =2,
(2,1),(2,2),(3,2),(4,0) or (4,1) if a =3,
(o, 1) =1 (2,2 0),(3,22),(4,0)0r (4,1) if a =4,
(2,0)0r (3,1) if a =5,
(2,20),3,21),4,0)0or (4,1) if « =6,
(3,0) or (4,0) if « =17,

3,1) if a =8,
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0,0) if B=0,
0,>1)or(1,20) if B=1,
(3,0),(0,20)or (1,2 0) if B =2,
(B.0)or (B,1) if B=3,

(Bo. B1) =

and k, € Z with k, € {0, 1} if p* | Ny. If Bo > 3, we further have that 3 | @, and
3 | ).

A few observations are worth making here. Firstly, there might actually exist
a cubic form for which the corresponding Thue-Mahler equation has a solution,
where the corresponding E has conductor Ng, # N (this can occur if certain
local conditions at 2 are not satisfied). These local conditions are easy to check
and are a minor issue computationally. In practice, for producing tables of elliptic
curves of bounded conductor, we will typically apply the above result to find all
curves with bad reduction outside a fixed set of primes, working with a number of
conductors simultaneously. For such a computation, every twist we encounter will
have conductor of interest to us. It is also the case, that the cubic forms arising need
not be either primitive (in the sense that gcd(wy, w1, @, w3) = 1) orirreducible. The
former situation (i.e. that of imprimitive forms) can occur if each of the coefficients
of F is divisible by 3. The latter occurs precisely when the curve E has at least one
rational 2-torsion point. We note that necessarily

712°-3°-[]pr. ®)

pINo

so that, given N, there are a finite set of E4 to consider.

In the event that, for a given binary form F(x, y) = ax® + bx?y + cxy* + dy>, we
have 3 | band 3 | ¢, say b = 3by and ¢ = 3¢, then we have that 27 | Dr and can
write Dy = 275F, where

Dr = —d2d® + 6abocod + 3b3c3 — dac) — 4bid.

One may observe that the set of forms with both 3 | b and 3 | ¢ is closed within the
larger set of all binary cubic forms in Z[x, y], under the action of both SL,(Z) and
GL;(Z). Note that, for such a form, we have

HF(xs y)

g = (b2 — aco)x® + (boco — ad)xy + (c3 — bod)y*

Hr(x,y) =
and

Gr(x,y) = o (”) = (—a*d + 3abocy — 2b3)x> + 3(—bco — abod + 2ac})x*y
+3(boc0 2b2d + acod)xy* + (—3bocod + 2c0 + ad?)y?,



Computing Elliptic Curves over QQ: Bad Reduction at One Prime 393

whereby our syzygy now becomes
4Hr(x.y) = Gr(x.y)> + DpF(x.y)*. ©)

Theorem 3.1 is based upon a generalization of a very classical result of Mordell
[32] (see also Theorem 3 of Chapter 24 of Mordell [33]), where the Diophantine
equation X2 4 kY? = Z3 is treated through reduction to binary cubic forms and their
covariants, under the assumption that X and Z are coprime. That this last restriction
could be eliminated, with some care, was noted by Sprindzuk (see Chapter VI of
[44]).

Converting Theorem 3.1 into an algorithm for finding all E/Q of conductor N is
a straightforward exercise. We proceed as follows.

(1) Compute GL,(Z)-representatives for every binary form F with discriminant
Ap = £2%30N,

for each divisor N of Ny, and each possible pair (¢, Bo) given in the statement
of Theorem 3.1. The (very efficient) algorithm for carrying this out is described
in detail in Sect. 4.

(2) Solve the corresponding Thue-Mahler equations. This is a deterministic proce-
dure (see Tzanakis and de Weger [47, 48]) but not, in general, one that could
reasonably be described as routine.

(3) Check “local” conditions and output the elliptic curves that arise.

As we shall see, the first and third of these steps are straightforward (indeed,
the third is essentially trivial). All of the real work is concentrated in step (2). In
Sect. 5, we will focus our attention on carrying out this procedure in the special
case where N = p or N = p? for p prime. For these conductors, we encounter the
happy circumstance that the Thue-Mahler equations (6) reduce to Thue equations
(i.e. where the exponents on the right hand side of (6) are all absolutely bounded).
In such a situation, there are easily implemented computational routines for solving
such equations, available in Pari/GP [37] or in Magma [8]. Further, it is possible
to apply a much more computationally efficient argument to find all such elliptic
curves heuristically (but not deterministically). We will describe such an approach
later in the paper, in Sect. 6.

4 Finding Representative Forms

As we have seen, in order to find elliptic curves over (Q with good reduction outside
a given set of primes, it suffices to determine a set of representatives for GL(Z)-
equivalence classes of binary cubic forms with certain discriminants, and then solve
a number of corresponding Thue-Mahler equations. In this section, we will describe
how to find distinguished reduced representatives for equivalence classes of cubic
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forms with a given discriminant. In each case, the notion of reduction is related to
associating to a given cubic form a particular definite quadratic form—in case of
positive discriminant, for example, the Hessian H defined earlier. In what follows,
we will state our definitions of reduction solely in terms of the coefficients of the
given cubic form, keeping the associated Hessian hidden.

4.1 Forms of Positive Discriminant

In the case of positive discriminant forms, we will appeal to a classical reduction
theory, dating back to work of Hermite [27, 28] and later used by Davenport (see
e.g. [18, 19] and [20]). This procedure allows us to determine a reduced element
within a given equivalence class of forms. We will assume the forms we are treating
are irreducible, (and treat the case of reducible forms somewhat differently). We
follow work of Belabas [2] (see also Belabas and Cohen [3] and Cremona [16]), a
modern treatment and refinement of Hermite’s method.

Definition 4.1 An irreducible binary integral cubic form
F(x,y) = ax® + bx*y + cxy* + dy’

of positive discriminant is called reduced if we have

s |bc —9ad| < b*> —3ac < * — 3bd,

e a>0,b>0,whered < 0 whenever b = 0,

e ifbc =9ad,d <0,

s if b> — 3ac = bc — 9ad, b < |3a — b|, and

s if b> —3ac = ¢* — 3bd, a < |d|, and b < |c| whenever |d| = a.

The main value of this notion of reduction is in the following result (Corollary 3.3
of [2]).

Proposition 4.1 Any irreducible cubic form with positive discriminant is GL,(Z)-
equivalent to a unique reduced one.

To determine equivalence classes of reduced cubic forms with bounded discrimi-
nant, we will appeal to the following result (Lemma 3.5 of Belabas [2]).

Lemma 4.2 Let X be a positive real number and
F(x,y) = ax® + bx’y + cxy* + dy’
be a reduced form whose discriminant lies in (0, X]. Then we have

le/4
33

I<a=x
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and

3 2742\ '?
0<bh< 2a+(~/X— a) .

4

If we denote by P, the unique positive real solution of the equation
—4P3 + (3a + 2b)*P; + 274’Z = 0,
then

b2 —P,

<c¢<b-—3a.
3a

4.2 Forms of Negative Discriminant

In case of negative discriminant, we require a different notion of reduction, as the
Hessian is no longer a definite form. We will instead, following Belabas [2], use an
idea of Berwick and Mathews [6]. We take as our definition of a reduced form an
alternative characterization due to Belabas (Lemma 4.2 of [2]).

Definition 4.2 An irreducible binary integral cubic form
F(x,y) = ax® + bx’y + cxy* + dy®

of negative discriminant is called reduced if we have

o d*—a?® > bd— ac,
e —(a—b)*—ac <ad—bc < (a+b)? + ac,
e a>0,b>0 and d > 0 whenever b = 0.

Analogous to Proposition 4.1, we have, as a consequence of Lemma 4.3 of [2] :

Proposition 4.3 Any irreducible cubic form with negative discriminant is GL,(Z)-
equivalent to a unique reduced one.

To count the number of reduced cubic forms in this case, we use Lemma 4.4 of
Belabas [2] :

Lemma 4.4 Let X be a positive real number and
F(x,y) = ax® + bx’y + cxy* + dy®

be a reduced form whose discriminant lies in [—X,0). Then we have

16x\ 4
1<a<
os (1)
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3 302\ "2
0<b< 2a+(\/X/3— Z)

opee< (X7 (#2320 ifaz26/3,
~— ~\4da b—3a/4 otherwise.

It is worth noting here that a different notion of reduction for cubic forms of
negative discriminant is described in Cremona [16], arising from classical work of
Julia [29]. This definition leads to shorter loops for the coefficient a and a slight
improvement in the expected complexity (though the number of (a,b,c,d) one
treats still grows linearly in the variable X).

The techniques we have described here provide a computationally efficient way
to write down representatives for classes of irreducible cubic form with bounded
absolute discriminant. The problem of finding all such forms of a fixed discriminant
(without computing those of smaller discriminant) is a slightly different one. One
approach would be to loop over the first three coefficients a, b, ¢ of the form as
previously, and then solve the corresponding quadratic equation for d. Even a
relatively simplistic approach like this makes it computationally feasible to find
forms of a desired, fixed discriminant exceeding 10'°.

4.3 Reducible Forms

We can define somewhat similar notions of reduction for reducible forms (see e.g.
[4]). For our purposes, though, it is enough to recall that we may suppose that a
reduced form is equivalent to one of the shape

F(x,y) = bx’y + cxy® +dy* with 0 <d <,
whereby we have
Ap = b*(c? — 4bd).

To determine all elliptic curves with good reduction outside S = {pi1,p2, ..., Pr}s
corresponding to reducible cubics in Theorem 3.1 (i.e. those E with at least one
rational 2-torsion point), it suffices to find all such triples (b, ¢, d) for which there
exists integers x and y with, writing $* = S U {2}, both b?(c? — 4bd) and bx’y +
cxy2 + dy3 S*-units. For this to occur, it is clearly necessary that b, ¢ — 4bd, y and
w = bx? + cxy + dy* are S*-units. Taking the discriminant of this last quadratic as
a function of x, we thus require that

(c* — 4bd)y* + 4bp = 7°, (10
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for some integer Z. This is an equation of the shape
X+Yy=22 (11)

in S*-units X and Y. There is an algorithm for solving such equations described
in detail in Chapter 7 of de Weger [49] (see also [50]), relying upon bounds for
linear forms in p-adic and complex logarithms and various reduction techniques.
As of now, we are unaware of any implementation of this algorithm in available
computational algebra packages. While a priori equation (10) arises as only a
necessary condition for the existence of an elliptic curve of the desired form, given
any solution to (10), the curve

E :y =x4+2Zx" 4 bux
has discriminant
Ap = 160> > (7% — 4bp) = 166 1> (c* — 4bd)y>,

and hence good reduction outside S*.

4.4 A Final Note

One last observation which is necessary here before we proceed is that while G is
GL;(Z)-covariant, the same is not actually true for G (it is, however, an SL;(Z)-
covariant). This may seem like a subtle point, but what it means for us in practice is
that, having found our GL;(Z)-representative forms F and corresponding curves of
the shape E4 from Theorem 3.1, we need also check to see if

Eg o 3032 = 33 _279?He(u, v)x — 272°Gr(u, v),

the quadratic twist of Eg by —1, yields a curve of the desired conductor.

5 Conductors N = p and N = p?

In the case where we want to find elliptic curves E of conductor N = p prime,
as noted earlier, things are especially simple. Suppose that E is such curve with
invariants ¢4 and c¢. From Papadopolous [36], we necessarily have

(vp(ca), vp(cs)) = (0,0) and v, (L) > 1,
(v2(cq), v2(ce)) = (0,0) or (= 4,3), and v,(L) = 6,
(v3(cq), v3(c6)) = (0,0) or (1, > 3), and v3(L) = 3,
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and hence ¥ = 1 or 2. Theorem 3.1 thus implies that there is a cubic form of
discriminant +4 or +4p, and integers u, v, with

1
F(u,v) = p"or 8", ¢4 = 2*Hp(u,v) and cg = —2@3G1:(u, v), 2 €{1,2},

for some integer n. Similarly, if N = p?, we are interested in finding cubic forms of
discriminant +4 - p* for 7 € {0, 1, 2}, and solving F(x,y) = 8- p", where n € {0, 1}
if © = 2. In this situation, we have that & | 2p.

If we first consider the case of a curve E of conductor p, appealing to Théoréme 2
of Mestre and Oesterlé [30] (and using [9]), we either have Ag = =£p, or our prime
p € {11,17,19,37}, or we have p = 1> 4 64 for some integerf = 1 mod 4 and our
curve E is isomorphic to that given by

V4xy=x+ t;1x2+4x+t.
In this case, we have a rational point of order 2 given by (x,y) = (—t/4,t/8) and
discriminant (2 + 64)2. Excluding these latter cases, in the notation of the preceding
section, we thus have o = 2,1 € {0,3}, Bo = B1 = 0,k, = 0and N, € {1,p}. We
are therefore interested in finding all binary cubic forms (reducible and irreducible)
F of discriminant 4 and +4p and subsequently solving

F(x,y) € {1,8}.

Next consider when E has conductor N = p?, so that p | ¢4 and p | ¢6. From (3),
we may suppose that (v,(c4), vy(cs), vp(Ag)) is one of

(2 17 15 2)5 (15 Z 25 3)5 (2 27 27 4)7 (25 37 2 7)7 (Z 35 45 8)5 (35 Z 55 9) or (2 47 55 10)5

or we have that (v,(cs), vp(cs), Vp(AEg)) = (= 2,> 3,6). In this last case, the
quadratic twist of our curve E by (—1)?~1/2p has good reduction at p and hence
conductor 1, a contradiction. If we have (v,(c4), vp(cs), Vo (Ag)) = (2,3, > 7), then
E necessarily arises as the (—1)?~D/2p-twist of a curve of conductor p, say E;, with
corresponding (v,(c4(E1)), vp(c6(Er)), vp(Ag,)) = (0,0,v,(Ag) — 6). Similarly,
curves with (v,(cs), vp(cs), vp(Ag)) = (= 3,4,8) arise as twists of those with
(vp(ca), vp(cs), vp(AE)) = (= 1,1,2), those with (v,(cs), Vp(cs), vp(AE)) = (3,>
5,9) come from ones with (v,(cs), vp(cs), vp(Ag)) = (1,> 2,3), and those with
(vp(ca), vp(cs), vp(AE)) = (= 4,5,10) from ones with (v,(c4), vy (cs), Vp(AE)) =
(=2,2,4).

Supposing we have already computed all curves of conductor p, it remains
therefore, up to twisting, to find E/Q with minimal discriminant

Ap € {£p* +p°, £p*}
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(as noted by Edixhoven, de Groot and Top in Lemma 1 of [21]). In particular, from
Theorem 3.1, we are led to consider equations of the shape

F(x,y) = 8 for F a form of discriminant = 4p?, (12)

F(x,y) = 8p for F a form of discriminant =+ 4p (13)
and

F(x,y) = 8p for F a form of discriminant + 4p?, (14)

corresponding to Ap = £p?, +p* and £p*, respectively.

5.1 Reducible Forms

To find all elliptic curves E/Q with conductor p or p? arising (in the notation of
Theorem 3.1) from reducible forms, we are led to solve the equation

F(x,y) =8p", neZ, gcd(x,y) |2,

for reducible binary cubic forms of discriminant 44, +4p and 44p?. This is an
essentially elementary exercise (if somewhat painful). Alternatively, we may note
that the elliptic curves of conductor p or p? arising from reducible cubic forms are
precisely those with at least one rational 2-torsion point and hence we can appeal
to Theorem I of Hadano [24] to the effect that the only such p are p = 7,17 and
p = > + 64 for integer ¢.

In any case, after a little work, we can show that the elliptic curves of conductor
p or p? corresponding to reducible forms, are precisely those given by

(c4,c6) D Ag |Ng

(273, 4455) 17 17 17
(33, 12015) 17 | —17%17

(p — 256, —t(p + 512)) > + 64| —p* | p
(105, 1323) 7 =7
(1785,75411) 7 AN
(33,-81) 17 173 17
(4353,287199) 17 17 17

(p—16,—t(p+8) ~+64 p p

Here, for the sake of concision, we omit quadratic twists by £p of conductor pz.
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5.2 Irreducible Forms: Conductor p

It is straightforward to show that there are no irreducible cubic forms of discriminant
+4. If we begin by searching for elliptic curves of conductor p coming from
irreducible cubics, we thus need to solve equations of the shape F(x,y) = 8 for
all cubic forms of discriminant +4p.

5.3 Irreducible Forms: Conductor p*

As noted earlier, to find the elliptic curves of conductor p? coming from irreducible
cubics, we need to find those of conductor p and those of conductor p? with Ay =
+p?, +p* and £p* (and subsequently twist them).
5.3.1 Elliptic Curves of Discriminant +p?
For these, we can use the cubic forms of discriminant Ap = +4p we have already
found in the course of computing curves of conductor p, and then solve the Thue
equation F(x,y) = 8p. We can either do this directly, or reduce this problem to
one of solving a pair of new Thue equations of the shape G;(x,y) = 8. To see
how this “reduction” proceeds, note, since we assume that p | Ar, we have, for
F(x,y) = ax® + bx’y + cxy* + dy’,

F(x,y) = a(x—roy)*(x—r1y) mod p,

where, since we may suppose that F is a reduced form (whereby 1 < a < p), we
necessarily have that p t a. We thus obtain

2ro+ri = —b/a mod p,

r(z) + 2rpry = ¢/a mod p
and
r%rl = —d/a mod p.
From the first two of these, we have
3arg + 2brg + ¢ =0 mod p
and so, assuming that > = b*> — 3ac mod p,

(ro.r1) = Ba)"' (=b £ 1,—b F 2r) mod p.
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Given these two pairs, we are left to check to see which one satisfies rﬁrl = —d/a
mod p.

To list our pairs (o, r1), we need to find a square root of 5> — 3ac modulo p.
There are efficient ways to do this via the Tonelli-Shanks algorithm, for example
(and almost trivially if, say, p = 3 mod 4).

Given that we know ry and r;, we thus have, if F(x,y) = 8p, either x = ryy
mod p or x = r;y mod p. In either case, we write x = r;y + pu so that, from
ax® + bx?y + cxy? + dy* = 8p, we are led to solve the two equations G;(u,y) = 8,
where

1
Gi(u,y) = ap’u’ + Bapri+bp)u*y+ (3ari2 +2bri+c)uy’ + (ar? —i—bri2 +eri+d)y’.
p

We observe that Ag, = p*Ar.

In practice, for our deterministic approach, we will actually solve the equation
F(x,y) = 8p directly. For our heuristic approach (where a substantial increase in
the size of the form’s discriminant is not especially problematic), we will reduce to
consideration of the equations G;(x,y) = 8.

We note that there are (conjecturally infinite) families of primes for which we
can guarantee that the equation F(x,y) = 8p has solutions. For example, if we write
prs = r* 4+ 9r2s? + 275, then, if p = p,., for some choice of integers r and s, we
have that the cubic form

F(x,y) = sx° + rxly — 3sxy* — ry®
has discriminant 4p. Further, we have a polynomial identity F(x,y) = 8p for
x=2r"/s+ 6sandy = —2r, orif x = 6s and y = —18s%/r — 2r. In particular, this
provides four one-parameter families of primes for which there exists a cubic form
F of discriminant 4p and integers x and y such that F'(x,y) = 8p. Specifically, we

have, choosing s € {1, 2}, in the first case and r € {1, 2} in the second, i.e.

(P.x.y) = (r* + 97 + 27,21 + 6, =2r), (r* 4 36r% 4+ 432, 7% + 12, -2r),
(27s* 4+ 952 + 1,65, — 185> — 2), (27s* + 365> + 16, 65, —9s% — 4).

Similar, if p,; = r* — 9r2s% 4 27s*, the form
F(x,y) = sx® + i’y + 3sxy> + ry°
has discriminant —4p. The equation F(x,y) = 8p has solutions
(x,y) = (=2r%/s + 6s,2r) and (6s,—18s>/r + 2r)

and hence we again find (one parameter) families of primes corresponding to either
rorsin{l,2}:
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0. x.y) = (r* — 9% + 27, =212 + 6,2r), (r* — 361> + 432, —r* + 12,2r),
(27s* — 9s% + 1, 65, —18s> + 2), (27s* — 365> + 16, 65, =95 + 4).

We expect that each of the quartic families described here attains infinitely many
prime values, but proving this is beyond current technology.

5.3.2 Elliptic Curves of Discriminant p* and p*

Elliptic curves of discriminant p?> and p* arise from solving the Thue equations
F(x,y) = 8 and F(x,y) = 8p, respectively, for cubic forms F of discriminant 4p?.
In order for there to exist a cubic form of discriminant 4p?, it is necessary and

sufficient that we are able to write p = r?> + 27s? for positive integers r and s,
whereby F is equivalent to the form

Fry(x,y) = sx° + rxy — 9sxy? — iy,
From this we are led to solve
Frs(x,y) =8 and Frs(x,y) = 8p.

In the latter case, we may, if we choose, reduce the equation to a single Thue
equation of the form G, ;(x, y) = 8. To see this, note that we may suppose that p 1 y.
It follows that the congruence

3 2 —
su” +ru”—9su—r =0 mod p
has a single solution modulo p (since p> | Ar), given (as is readily checked) by

ro = 9r~'s mod p. We thus have x = roy mod p, so that, writing x = roy + vp,
we have

Frs(roy 4+ vp.y) = plaov® + bov’y + covy” + doy’)
and hence, renaming v,
G,(x,y) = apx® + box*y + coxy* + doy* = 8,
where
ag = spz, by = Bros+r)p, co = 37%s+2rr0—9s and dy = (r8s+rr(2)—9r0s—r)/p.

We observe that
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Once again, for our deterministic approach, we solve the equation F,(x,y) =
8p directly, while, for our heuristic approach, we consider instead the equation
G,s(x,y) = 8.

5.3.3 Elliptic Curves of Discriminant —p? and —p*

Elliptic curves of discriminant —p? and —p* arise from again solving the Thue
equations F(x,y) = 8 and F(x,y) = 8p, respectively, this time for cubic forms
F of discriminant —4p?. For such form to exist, we require that p = |r> — 27s?| for
integers r and s (so that these primes are precisely those of the form =1 mod 12)
and find that F is necessarily equivalent to

Frs(x,y) = o+ rxzy + 9sxy2 + ry3.

If we wish to solve F, ;(x,y) = 8p, as previously, we may note that, if ry = —9r 1
mod p, then

srg + rré + 9srg +r = r3(rF = 2755 (P +275*) = 0 mod p.
Again write x = ryy + vp, so that, renaming v, we have
G,(x,y) = apx® + box*y + coxy* + doy* = 8,
where now
ag = spz, by = Bros+r)p, co = 3r§s+2rr0+9s and dy = (r8s+rr§+9r0s+r)/p.
While it is not immediately obvious that, given we know the existence of integers
r and s such that p = |2 — 27s%|, we can actually find them, it is, in fact,

computationally straightforward to do so, via the following result, an almost direct
consequence Theorem 112 of Nagell [34] :

Proposition 5.1 If p = 1 mod 12 is prime, there exist positive integers r and s
such that

P —27s* = p
and
3 5
< 6p, s < 6p.
r< Ve s<  Vop
Ifp = —1 mod 12 is prime, there exist positive integers r and s such that

P —27s% = —p
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and
r< Z\/Zp, s < ;\/Zp.

As a final comment, we note that if we have two solutions to the equation |r? —
27s2| = p, say (r1,s1) and (ry, 52), then the corresponding forms

s1x3 + rlxzy + 9s1xy2 + r1y3 and s2x3 + r2x2y + 9s2xy2 + r2y3

are readily seen to be GL,(Z)-equivalent.

6 Computational Details

The computations required to generate curves of prime conductor p (and subse-
quently conductor p?) fall into a small number of distinct parts.

6.1 Generating the Required Forms

To find the irreducible forms potentially corresponding to elliptic curves of prime
conductor p < X for some fixed positive real X, arguing as in Sect. 4, we generated
all reduced forms F(x,y) = ax® + bx*y + cxy* + d with discriminants in (0, 4X] and
[—4X, 0), separately, by looping over a finite set of a, b, ¢, d values as prescribed by
Lemmata 4.2 and 4.4, respectively. As each form was generated, we checked to see
if it actually satisfied the desired definition of reduction. Of course, this does not
only produce forms with discriminant £4p—as each form was produced, we kept
only those whose discriminant was in the appropriate range, and equal to +4p for
some prime p. Checking primality was done using the Miller-Rabin primality test
(see [31, 40]; to make this deterministic for the range we require, we appeal to [43]).
While it is straightforward to code the above in computer algebra packages such as
sage, maple or magma, we instead implemented it in c++ for speed. To avoid
possible numerical overflows, we used the CLN library [25] for c++.

Constructing all the required positive discriminant forms took approximately 40
days of CPU time on a modern server, and about 300 gigabytes of disc space.
Thankfully, the computation is easily parallelised and it only took about 1 day of
real time. We split the jobs by running a manager which distributed a-values to the
other cores. The output from each a-value was stored as a tab-delimited text file
with one tuple of p, a, b, ¢, d on each line.

Generating all forms of negative discriminant took about 3 times longer and
required about 900 gigabytes of disc space. The distribution of forms is heavily
weighted to small values of a. To allow us to spread the load across many CPUs
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we actually split the task into 2 parts. We first ran ¢ > 3, with the master node
distributing a-values to the other cores. We then ran a = 1, 2 with the master node
distributing b-values to the other cores. The total CPU time was about 3 times longer
than for the positive case (there being essentially three times as many forms), but
more real-time was required due to these complications. Thus generating all forms
took less than 1 week of real time but required about 1.2 terabytes of disc space.
We then sorted the forms into discriminant order, while keeping positive and
negative discriminant separated. Sorting a terabyte of data is a non-trivial task, and
in practice we did this by first sorting! the forms for each a-value and then splitting
them into files of discriminants in the ranges [nx 10°, (n+ 1) x 10°) for n € [0, 999].
Finally, all the files of each discriminant range were sorted together. This process for
positive and negative forms took around 2 days of real time. We found 9247369050
forms of positive discriminant and 27938060315 of negative discriminant, with
absolute value bounded by 10'2. Of these, 475831852 and 828238359, respectively
had F(x,y) = 8 solvable, leading to 159552514 and 276341397 elliptic curves of
positive and negative discriminant, respectively, with prime conductor up to 10'2.

6.2 Complete Solution of Thue Equations: Conductor p

For each form encountered, we needed to solve the Thue equation
ax®> + b’y +exy’ +dy’ =8

We approached this in two distinct ways.

To solve the Thue equation rigorously, we appealed to by now well-known
arguments of Tzanakis and de Weger [46], based upon lower bounds for linear forms
in complex logarithms, together with lattice basis reduction; these are implemented
in several computer algebra packages, including magma [8] and Pari/GP [37]. The
main computational bottleneck in this approach is typically that of computing the
fundamental units in the corresponding cubic fields; for computations p of size up
to 10° or so, we encountered no difficulties with any of the Thue equations arising
(in particular, the fundamental units occurring can be certified without reliance upon
the Generalized Riemann Hypothesis).

We ran this computation in magma [8], using its built in Thue equation solver.
Due to memory consumption issues, we fed the forms into magma in small batches,
restarting magma after each set. We saved the output as a tuple

p.a,be,d,n, {(x1,y1), ...\ (X, )}

!Using the standard unix sort command and taking advantage of multiple cores.
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where p,a, b, c¢,d came from the form, n counts the number of solutions of the
Thue equation and (x;,y;) the solutions. These solutions can then be converted
into corresponding elliptic curves in minimal form using Theorem 3.1 and standard
techniques.

For positive discriminant, this approach works without issue for p < 10'°. For
negative discriminant, however, the fundamental units in the associated cubic field
can be extremely large (in the neighbourhood of ev?). For this reason, finding all
negative discriminant curves with prime conductor exceeding 2 - 10° or so proves to
be extremely slow. Consequently, for large p, we turned to a non-exhaustive method,
which, though it finds solutions to the Thue equation, is not actually guaranteed to
find them all.

6.3 Non-exhaustive, Heuristic Solution of Thue Equations

If we wish to find all “small” solutions to a Thue equation (which, subject to
various well-accepted conjectures, might actually prove to be all solutions), there
is an obvious and very quick computational approach we can take, based upon the
idea that, given any solution to the equation F(x,y) = m for fixed integer m, we
necessarily either have that x and y are small, or that x/y is a convergent in the
infinite simple continued fraction expansion to a root of the equation F(x, 1) = 0.

Such an approach was developed in detail by Attila Peth6 [38, 39]; in particular,
he provides a precise and computationally efficient distinction between “large” and
“small” solutions. Following this, for each form F under consideration, we expanded
the roots of F(x, 1) = 0 to high precision, again using the CLN library for c++. We
then computed the continued fraction expansion for each real root, along with its
associated convergents. Each convergent x/y was then substituted into F(x,y) and
checked to see if F(x,y) = %1, £8. Replacing (x,y) by one of (—x, —y), (2x, 2y)
or (—2x,—2y), if necessary, then provided the required solutions of F(x,y) = 8.
The precision was chosen so that we could compute convergents x/y with |x|, |y| <
2128 ~ 3.4 x 10%. We then looked for solutions of small height using a brute force
search over a relatively small range of values.

To “solve” F(x,y) = 8 by this method, for all forms with discriminant +4p with
p < 10'2, took about 1 week of real time using 80 cores. The resulting solutions files
(in which we stored also forms with no corresponding solutions) required about 1.5
terabytes of disc space. Again, the files were split into files of absolute discriminant
(or more precisely absolute discriminant divided by 4) in the ranges [ x 10°, (n +
1) x 10%) for n € [0, 999].
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6.4 Conversion to Curves

Once one hasatuplea, b, ¢, d, x, y, one then computes Gr(x, y) and Hr(x, y), appeals
to Theorem 3.1 and checks twists. This leaves us with a list of pairs (cq4, cg)
corresponding to elliptic curves. It is now straightforward to derive a;, a», a3, a4, as
for a corresponding elliptic curve in minimal form (see e.g. Cremona [15]). For each
curve, we saved a tuple p, a1, as, as, as, ag, £1 with the last entry being the sign of
the discriminant of the form used to generate the curve (which coincides with the
sign of the discriminant of the curve). We then merged the curves with positive
and negative discriminants and added the curves with prime conductor arising from
reducible forms (i.e. of small conductor or for primes of the form 2 + 64). After
sorting by conductor, this formed a single file of about 17 gigabytes.

6.5 Conductor p*

The conductor p*> computation was quite similar, but was split into parts.

6.5.1 Twisting Conductor p

The vast majority of forms of conductor p? are quadratic twists of curves of
conductor p. To compute these we took all curves with conductor p < 10'° and
computed c4 and cg. The twisted curve then has corresponding c-invariants

C:; = p2C4 and c/6 = (_1)(‘0_1)/217366.

The minimal a-invariants were then computed as for curves of conductor p.

We wrote a simple c++ program to read curves of conductor p and then twist
them, recompute the a-invariants and output them as a tuple pz, ap, a, as, ds, dg, 1.
The resulting code only took a few minutes to process the approximately 1.1 x 107
curves.

6.5.2 Solving F(x,y) = 8p with F of Discriminant +4p

There was no need to find forms for this computation; we reused the positive
and negative forms of discriminant +4p with p < 10'° from the conductor-
p computations. We subsequently rigorously solved the corresponding equations
F(x,y) = 8p for p < 10%. To solve the Thue equation F(x,y) = 8p for 108 < p <
1010, using the non-exhaustive, heuristic method, we first converted the equation to
a pair of new Thue equations of the form G;(x,y) = 8 as described in Sect.5.3.1

P

and then applied Pethd’s solution search method.
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The solutions were then processed into curves as for the conductor p case above,
and the resulting curves were twisted by %p in order to search for more curves of
conductor p2.

6.5.3 Solving F(x,y) € {8, 8p} with F of Discriminant +4p>

To find forms of discriminant 4p?> with p < 10'° we need only check to see
which primes are of the form p = r? + 27s in the desired range. To do so, we
simply looped over r and s values and then again checked primality using Miller-
Rabin. As each prime was found, the corresponding p, r, s tuple was converted to
a form as in Sect.5.3.2, and the Thue equations F(x,y) = 8 and F(x,y) = 8p
were solved, using the rigorous approach for p < 10° and the non-exhaustive
method described previously for 10° < p < 10'°. Again, in the latter situation, the
equation F(x,y) = 8p was converted to a new equation G(x, y) = 8 as described in
Sect. 5.3.2. The process for forms of discriminant —4p? was very similar, excepting
that more care is required with the range of r and s. The non-exhaustive method
solving both F(x,y) = 8 and F(x,y) = 8p for positive and negative forms took
a total of approximately 5 days of real time on a smaller server of 20 cores. The
rigorous approach, even restricted to prime p < 10° was much, much slower.

The solutions were then converted to curves as with the previous cases and each
resulting curve was twisted by £p to search for other curves of conductor p?.

7 Data

7.1 Previous Work

The principal prior work on computing table of elliptic curves of prime conductor
was carried out in two lengthy computations, by Brumer and McGuinness [10] in
the late 1980s and by Stein and Watkins [45] slightly more than ten years later.
For the first of these computations, the authors fixed the a;, a; and a3 invariants
(12 possibilities) and looped over a4 and a¢ chosen to make the corresponding
discriminant small. By this approach, they were able to find 311243 curves of prime
conductor p < 10% (representing approximately 99.6% of such curves). In the
latter case, the authors looped instead over ¢4 and cg, subject to (necessary) local
conditions. They obtained a large collection of elliptic curves of general conductor
to 108, and 11378912 of those with prime conductor to 10'° (which we estimate to
be slightly in excess of 99.8% of such curves).
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7.2 Counts: Conductor p

By way of comparison, we found the following numbers of isomorphism classes of
elliptic curves over Q with prime conductor p < X:

X | Ap>0 | Ap<0 Ratio’| Total Expected |Total / Expected

10° 33 51 2.3884 84 68 1.2353
10* 129 228 3.1239 357 321 1.1122
10° 624 1116  |3.1986, 1740 1669 1.0425
10° 3388 5912 |3.0450, 9300 9223 1.0084
107 19605 34006 [3.0087| 53611 52916 1.0131
103 114452 198041 [2.9941| 312493 311587 1.0029
10 685278 | 1187686 3.0038 1872964 & 1869757 1.0017

10'°) 4171055 | 7226982 3.0021| 11398037 | 11383665 1.0013
10'' 25661634 | 44466339 [3.0026| 70127973 | 70107401 1.0003
10'2159552514/2763413972.9997|435893911 /435810488 1.0002

The data above the line is rigorous (in case of positive discriminant); for negative
discriminant, we have a rigorous result only up to 2 x 10°. For the positive forms
this took about 1 week of real time using 80 cores. Unfortunately, the negative
discriminant forms took significantly longer, roughly 2 months of real times using
80 cores. Heuristics given by Brumer and McGuinness [10] suggest that the
number of elliptic curves of negative discriminant of absolute discriminant up to
X should be asymptotically +/3 times as many as those of positive discriminant
in the same range—here we report the square of this ratio in the given ranges.
The aforementioned heuristic count of Brumer and McGuinness suggests that the
expected number of E with prime Ng < X should be

3 © 1 © 1
v ( / du + / du) Li(X"/%),
12 \/i Vud-1 -1 Vud+1

which we list (after rounding) in the table above. It should not be surprising that this
“expected” number of curves appears to slightly undercount the actual number, since
it does not take into account the roughly ~/X/ log X curves of conductor p = n?+ 64
and discriminant —p? (counting only curves of discriminant £p).

7.3 Counts: Conductor p*

To compile the final list of curves of conductor p?, we combined the five lists of
curves: twists of curves of conductor p, curves from forms of discriminant +4p and
—4p, curves from discriminant +4p? and —4p?. The list was then sorted and any
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duplicates removed. The resulting list is approximately 1 gigabyte. The counts of
curves are below.

X Ag >0 Agp <0 Total Ratio?
10° 53 93 146 3.0790
10* 191 322 513 2.8421
10° 764 1304 2068 29132
10° 3764 6356 10120 2.8515

107 20539 35096 55635 2.9198
108 116894 200799 317693 2.9508
10° 691806 1195262 1887068 | 2.9851
1010 | 4189445 | 7247980 | 11437425 | 2.9931

Subsequently we decided that we should recompute the discriminants of these
curves as a sanity check, by reading the curves into sage and using its built-in
elliptic curve routines to compute and then factor the discriminant. This took about
1 day on a single core.

The only curves of real interest are those that do not arise from twisting, i.e. those
of discriminant £p?, £p* and +p*. In the last of these categories, we found only 5
curves, of conductors 112, 432, 4312, 4332 and 330132. The first four of these were
found by Edixhoven, de Groot and Top [21] (and are of small enough conductor to
now appear in Cremona’s tables). The fifth, satisfying

(a1, a2, a3, as, ag) = (1,—1, 1, —1294206576, 17920963598714),

has discriminant 33013*. For discriminants p* and #p?, we found the following
numbers of curves, for conductors p < X:

X Ap=—p" |Ap=p" |Ap=—p [Apg=p’
10° 12 4 7 4
10* 36 24 9 5
10° 80 58 12 9
10° 203 170 17 15
107 519 441 24 23
108 1345 1182 32 36
10° 3738 3203 48 58
10'° | 10437 9106 60 86

It is perhaps worth observing that the majority of these curves arise from, in the
case of discriminant :i:pz, forms with, in the notation of Sects. 5.3.2 and 5.3.3, either
ror s in {1, 8}. Similarly, for A = :i:p3, most of the curves we found come from
forms in the eight one-parameter families described in Sect. 5.3.1.
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7.4 Thue Equations

It is worth noting that all solutions we encountered to the Thue equations
F(x,y) = 8 and F(x,y) = 8p we treated were with |x|, |y| < 2%°. The “largest” such
solution corresponded to the equation
355x% 4 293x%y — 1310xy* — 292y° = 8,

with solution

(x,y) = (188455233, —82526573).
This leads to the elliptic curve of conductor 948762329069,

Y +ay+y=x" -2+ ax + a,
with

as = —1197791024934480813341
and

ae = 15955840837175565243579564368641.

In the following table, we collect data on the number of GL,(Z)-equivalence
classes of irreducible binary cubic forms of discriminant 4p or —4p for p in [0, X],
denoted P3(0,X) and P3(—X,0), respectively. We also provide counts for those
forms where the corresponding equation F(x,y) = 8 has at least one integer

solution, denoted P (0,X) and P} (—X,0) for positive and negative discriminant
forms, respectively.

X | P3(0,X) | P;(0.X) | P3(—X,0) |P;(—X.0)

103 23 22 78 61
104 204 163 740 453
10° 1851 1159 6104 2641
108 16333 7668 53202 16079

107 | 147653 49866 466601 97074
103 1330934 | 314722 4126541 582792
10° | 12050910 @ 1966105 | 36979557 | 3530820
10'%1 109730653 | 12229663 | 334260481 | 21576585
10'111004607003 76122366 | 3045402451 133115651
1029247369050 475831852/27938060315/828238359
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Our expectation is that the number of forms for which the equation F(x, y) = 8 has
solutions with absolute discriminant up to X is o(X) (i.e. this occurs for essentially
zero percent of forms).

7.5 Elliptic Curves with the Same Prime Conductor

One might ask how many isomorphism classes of curves of a given prime conductor
can occur. If one believes new heuristics that predict that the Mordell-Weil rank of
E/Q is absolutely bounded, then this number should also be so bounded. As noted
by Brumer and Silverman [11], there are 13 curves of conductor 61263451. Up to
p < 10'2, the largest number we encountered was for p = 530956036043, with 20
isogeny classes, corresponding to [a;, az, az, as, ag] as follows :

[0, — 1,1,—1003 37465, [0, 1,1,—1775,45957L
[0,—1,1,—38939,2970729], [0, —1, 1, —659, —35439],
[0,—1,1,2011,4311], [0, 2,1,—27597 —1746656],

[0, -2, 1,57,35020], [1. —1,0, —13337473, 18751485796],
[0,0, 1, —13921, 633170], [0, 0, 1, —30292, —2029574],
[0.0,1,—6721,—214958],[0,0, 1, —845710, —299350726] ,
[0.0,1,—86411851,309177638530], [0,0, 1, —10717, 428466],
[1,—1,0,—5632177,5146137924], [1,—1,0, 878,33379],
[1,—1,1,1080,32014],[1,—2,1,—8117, —278943],
[1,—3,0,—2879,71732],[1,—3,0,—30415, —2014316].

Of these 20 curves, 2 have rank 3, 3 have rank 2, 9 have rank 1 and 6 have rank 0. All
have discriminant —p. The class group of Q(+/3 - 530956036043) is isomorphic to

Z)32& 7./3Z & 7./ 37Z,

which, via a classical result of Hasse [26], explains the existence of a large
number of cubic forms of discriminant —4p. Elkies [22] found examples of rather
larger conductor with more curves, including 21 for p = 14425386253757 and
discriminant p, 24 for p = 998820191314747 and discriminant —p.

7.6 Rank and Discriminant Records

In the following table, we list the smallest prime conductor with a given Mordell-
Weil rank. These were computed by running through our data, using Rubinstein’s
upper bounds for analytic ranks (as implemented in Sage) to search for candidate
curves of “large” rank which were then checked using mwrank.
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N [a1, a2, a3,a4,a6]  |sign(Ag) rk(E(Q)
37 [0,0,1,—1,0] + 1
389 0,1,1,-2,0] + 2
5077 [0,0,1,—7,6] n 3
501029 [0,1,1,—-72,210] + 4
19047851 [0,0,1,—79,342] — 5
6756532597/(0,0, 1, —547, —2934] + 6

It is perhaps noteworthy that the curve listed here of rank 6 has the smallest
known minimal discriminant for such a curve (see Table 4 of Elkies and Watkins
[23D).

If we are interested in similar records over all curves, including composite
conductors, we have

N [a1,az, az, as, as) sign(Ag) |rk(E(Q)
37 [0,0,1,-1,0] + 1
389 [0,1,1,-2,0] + 2
5077 [0,0,1,-7,6] + 3
234446 [1,—1,0,—79,289] + 4
19047851 [0,0,1,—79,342] - 5
5187563742 | [1,1,0,—2582,48720] + 6
382623908456/[0,0,0,—10012,346900]| + 7

Here, the curves listed above the line are proven to be those of smallest conductor
with the given rank. Those listed below the line have the smallest known conductor
for the corresponding rank.
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Part IX
Sustainability and Cooperation



Sustainability of Cooperation in Dynamic
Games Played over Event Trees

Georges Zaccour

Abstract In this tutorial, we recall the main ingredients of the theory of dynamic
games played over event trees and show step-by-step how to build a sustainable
cooperative solution.

Keywords Dynamic games * Cooperation * Sustainability

1 Introduction

Many problems in economics, engineering and management science have the
following three features in common: (a) They involve only a few agents (players),
which have interdependent payoffs, that is, the action of any player affects the
payoffs of all. (b) The agents cooperate or compete repeatedly over time, and
the problem involves an accumulation process, e.g., production capacity, pollution
stock. (c) Some of the parameter values are uncertain. A natural framework to
deal with such problems is the theory of dynamic games played over event trees
(DGPET). As an illustration of such a setting, consider a region served by a
few electricity producers (players) who compete in one or more market segments
(peak-load, local market, export market, etc.). At each period, the price in each
segment depends on the total available supply and on the realization of some
random events (e.g., weather conditions or the state of the economy). Further,
producers invest in different production capacities (nuclear, thermal, hydro, etc.)
over time. In the terminology of dynamic games, the quantities committed to each
market segment, which are constrained by available capacity, and the investments
in different production technologies are the player’s control variables and the
installed production capacities are the state variables. The players must account for
uncertainty in demand when they make their decisions.

Now, suppose that the players (firms, countries, individuals) involved in an
example of DGPET agree to cooperate, that is, to coordinate their strategies in order
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to maximize their joint payoff over a given time interval [0, 7]. A legitimate question
is then how to ensure that each player will indeed fulfill her part of the agreement
over time? This is the question we deal with in this paper.

It is useful from the outset to make some clarifying observations regarding the
nature of the problem at hand. First, although it may be appealing to favor short-term
agreements to keep all options open, long-term commitments cannot be avoided
when the contracting cost is high. For instance, it is unthinkable that the government
and the civil service union meet every Monday to negotiate that week’s employment
conditions. Common sense clearly suggests that both parties should avoid costly and
time-consuming negotiations and agree on a collective labor agreement that will
remain in place for a number of years.

Second, it is an empirical fact that some long-term agreements are abandoned
before their maturity. A drastic illustration of this is the high level of divorce
observed around the globe. Haurie [19] cites two reasons why an agreement
(contract or cooperative solution), which suits everyone at an initial instant of time
may not reach its maturity date 7: (i) If the players agree to renegotiate the original
agreement at time t € (0, 7], it is not certain that they will all want to continue with
that agreement. In fact, they will not go on with the original agreement if it is not
a solution of the cooperative game that starts out at time 7. (ii) If a player obtains
a higher payoff by leaving the agreement at time 7 € (0, 7] than by continuing to
implement her cooperative strategies, then she will indeed deviate from cooperation.
In the parlance of dynamic optimization and dynamic games, such a breakdown
means that the agreement is time inconsistent. It is important to mention here that
if the cooperative agreement is an equilibrium, then item (ii) above cannot occur
because no player would, by definition, find it optimal to deviate from the solution.
It is well-known that, except in games having very special structures (see, e.g.,
Chiarella et al. [6] and Martin-Herrdn and Rincén-Zapatero [32]), a Pareto-optimal
(or cooperative) solution is not an equilibrium.

The rest of the paper is organized as follows: In Sect. 2, we give a brief account
of the literature dealing with the sustainability of cooperation in dynamic games. In
Sect. 3, we recall the main ingredients of dynamic games played over event trees.
We explain the approach to achieve a node-consistent outcome in DGPET in Sect. 4.
In Sect. 5, we briefly conclude.

2 Brief Literature Review

The literature in dynamic games has followed two streams in its quest of sustain
cooperation over time, namely, building cooperative equilibria or defining time-
consistent solutions.

Through the implementation of some (punishing) strategies, the first stream seeks
to make the cooperative solution an equilibrium of an associated noncooperative
game. If this is achieved, then the result will be at once collectively optimal and
stable, as no player will find it optimal to deviate unilaterally from the equilibrium.
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To build a cooperative equilibrium, players can for instance implement trigger
strategies, which are strategies based on the history of the game. Loosely speaking,
such strategies are defined as follows: At any decision node, if the history of the
game has been till now cooperative, then each player will implement the cooperative
action; otherwise, which means that a player has cheated, then all the other players
implement their punishing strategies, which are set out in a pre-play arrangement.
Intuitively, for such punishing strategies to work, they must be: (i) effective, that is,
the deviator would lose from cheating on the agreement, and (ii) credible, that is, it
is in the best interest of the other players to implement their punishing strategies if
a deviation is observed, rather than sticking to cooperation.

Sustaining a Pareto outcome as an equilibrium has a long history in repeated
games, and a well-known result in this area is the so-called folk theorem, which
(informally) states that if the players are sufficiently patient, then any Pareto-optimal
outcome can be achieved as a Nash equilibrium; see, e.g., Osborne and Rubinstein
[37]. A similar theorem has been proved for stochastic games by Dutta [10]. Trigger
strategies have also been considered in multistage games and in differential games;
see the early contributions by Tolwinski et al. [54], Haurie and Pohjola [20] and
Haurie et al. [21]. The books by Dockner et al. [7] and Haurie et al. [22] provide a
comprehensive introduction to cooperative equilibria in differential games.

Having the same objective of embedding the cooperative solution with an
equilibrium property, Ehtamo and Héamaélédinen [11-13] proposed the concept of
incentive strategies and a corresponding equilibrium in two-player differential
games. A player’s incentive strategy is a function of the other player’s action. In
an incentive equilibrium, each player implements her part of the agreement if the
other player also does. In terms of computation, the determination of an incentive
equilibrium requires solving a pair of optimal-control problems, which is in general
relatively easy to do. A main concern with incentive strategies is their credibility,
since it may happen that the best response to a deviation from cooperation is to
stick to cooperation rather than to also deviating. In such a situation, the threat
of punishment for a deviation is an empty one. In applications, one can derive
the conditions that the parameter values must satisfy to have credible incentive
strategies. For a discussion of the credibility of incentive strategies in differential
games with special structures, see Martin-Herrdn and Zaccour [34, 35]. A further
drawback of incentive equilibrium is that the concept is defined for only two players.
Incentive strategies and equilibria have been applied in a number of areas, including
environmental economics (see, e.g., Breton et al. [3], de Frutos and Martin-Herran
[8]), marketing (see, e.g., Martin-Herrdn and Taboubi [33], Buratto and Zaccour [4])
and in closed-loop supply chains (De Giovanni et al. [9]).

In the second stream, to which this contribution belongs, the idea is to define a
time-consistent decomposition over time of the total cooperative payoff (allocation)
of player j,j € M, over the planning horizon [0, T]. An allocation is time consistent
if at any intermediate instant of time the cooperative payoff-to-go dominates (at least
weakly) the noncooperative payoff-to-go for all players. It is important to mention
that the inequality is verified along the cooperative state trajectory, which means
that cooperation has prevailed up to the time of comparison. A stronger condition is
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used in the concept of agreeability, where the above payoff dominance must hold
along any feasible state trajectory (see Kaitala and Pohjola [28, 29] and Jgrgensen
etal. [25, 26]). The literature on time consistency in cooperative dynamic games has
essentially been in continuous time. The concept was initially proposed in Petrosjan
[40] and Petrosjan and Danilov [43—45]. In these publications in Russian, as well
as in subsequent books in English (Petrosjan [41], Petrosjan and Zenkevich [47]),
and in Petrosjan [40], time consistency was termed dynamic stability. In Yeung and
Petrosjan [57] a proportional time-consistent solution was investigated, whereas
Petrosjan and Zaccour [46] proposed a time-consistent Shapley value. Jgrgensen
and Zaccour [27] and Yeung and Petrosjan [60] derived time-consistent solutions in
environmental and joint-venture games, respectively. Yeung and Petrosjan [58, 59]
and Yeung et al. [61] studied time consistency in stochastic differential games. For a
general discussion of time consistency in differential games, see the book by Yeung
and Petrosjan [59] and the survey by Zaccour [63].

Other papers discussed time-consistent solutions (or very close concepts) for
deterministic or stochastic discrete-dynamic games; see, e.g., Chandler and Tulkens
[5], Filar and Petrosjan [14], Germain et al. [17], Petrosjan et al. [42], Predtetchinski
[51], Lehrer and Scarsini [31] and Xu and Veinott [56]. Finally, Avrachenkov et al.
[2] established conditions for time consistency for cooperative Markov decision
processes.

3 Games Played over Event Trees

In this section, we recall the main elements of DGPET. This class of games was
introduced by Zaccour [62] and Haurie et al. [23], and further developed in Haurie
and Zaccour [24]. The initial motivation was an analysis of the European natural
gas market, and more specifically, the forecasting of long-term deliveries of gas
from four producers (Algeria, Netherlands, Norway and the former USSR) to
nine consuming European regions. The deliveries and investments are the control
variables, and production capacities and reserves of gas are the state variables.
Each consuming region is described by a time-varying demand function whose
parameter values are uncertain, with the stochasticity represented by an event tree.
This is a situation where the three features mentioned in the introduction, that is,
strategic interaction, dynamic, and uncertainty, are clearly present. More recently,
the class of DGPET has been applied to electricity markets in, e.g., Pineau and
Murto [48], Genc et al. [15], Genc and Sen [16] and Pineau et al. [50]. Here, the
main objective is to predict equilibrium investments in different generation tech-
nologies in deregulated electricity markets. Parilina and Zaccour [39] constructed an
e-cooperative equilibrium for this class of games and illustrated their results
using a linear-quadratic game in environmental economics. For a comprehensive
introduction to the class of DGPET, see Haurie et al. [22].

Let 7 = {0, 1, ..., T} be the set periods, and denote by (£ (r) : t € 7) the
exogenous stochastic process represented by an event tree, with a root node n° in
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period 0 and a set of nodes .4 in period t = 0, 1, ..., T. Let a(n’) € A"}
be the unique predecessor of node n' € 4" fort = 0, 1, ..., T, and denote by
S(n') € A"F! the set of all possible direct successors of node n' € A" for t =
0, 1, ..., T — 1. We call scenario any path from node n° to a terminal node n’.
Each scenario has a probability, and the probabilities of all scenarios sum up to 1.
We denote by 7" the probability of passing through node n’, which corresponds
to the sum of the probabilities of all scenarios that contain this node. In particular,
=1, and 7 s equal to the probability of the single scenario that terminates in
(leaf) node n” € AT, Also, Y i 4 " =1,V

Denote by M = {1,...,m} the set of players. Denote by u;(n]) € R"™ the
decision variables of player j at node nj, and let u(n}) = (ul(n,) um(n,)) Let
X CR, withpa grven posrtrve mteger be a state set. For each node ny e N,

t=0,1,...,7T, let U C R" i W1th ,ul a grven posmve integer, be the control set
of player j. Denote by Ut = U1 X X U/ X oo X UW, the product control sets. A

transition function f”; (,): X x U" > X is associated with each node n}. The state
equations are given as

x(n) = 00 (x (a (n])) . (a (). M
u(a(n;)) € Ua(”i), n;EJVt,tzl,...,T. 2)
Ateachnoden),t=0,...,T—1, the reward to player j is a function of the state

and of the controls of all players given by ¢ (x(n 1), u(n})). At a terminal node n!,

the reward to player j is given by the function <1§ (x(n )).

We assume that player j € M maximizes her expected stream of payoffs. The
state equations and the reward functions define the following multistage game,
where we let

:{ (n) :nje N t=0,...,T},
={u(m) :nje N 1=0,...,T—1},

and J;(x, i) be the payoff to player j, that is,

T—1
S i) =y Y am)e) (), u(n)))

1=0 ne N
n! .
+ Y amD@! (x(n])). jeM, 3)
n;GJVT

S.t.
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x(nf) = £ (x(a(n))). u(a(n)))). 4)
u(a(nl)) € U“D, nle V' 1=1,....T,

x(ng) = x"given. (5

Remark 3.1 As we are dealing with a finite horizon, we do not discount future
payoffs. Adding discounting would not cause any conceptual difficulty.

Remark 3.2 The DGPET framework can take into account more complicated
constraints on the control variables than the ones considered here, e.g., constraints
with lags and coupled constraints (see Kanani Kuchesfehani and Zaccour [30]).

As alluded to before, dealing with long-term cooperation involves at intermediate
instants of time, a comparison of noncooperative and cooperative payoffs-to-go.

3.1 Noncooperative and Cooperative Qutcomes

In DGPET, the control and state variables are node dependent, and each node
n' € 4" represents a possible sample value of the history 4’ of the £ (.) process up
to time ¢. Because of this, a strategy in DGPET is referred to as S-adapted strategy,
where the S stands for sample.

Definition 3.1 An admissible S-adapted strategy for player j is a vector i; =
{uj(nj) : nj € A"t = 0,...,T — 1}, that is, a plan of actions adapted to the
history of the random process represented by the event tree.

Denote by it = (it : j € M) the S-adapted strategy vector of the m players. We
can thus define a game in normal form,' with payoffs W;(it, x°) = J;(%, &), j € M,
where X is obtained from i as the unique solution of the state equations that emanate
from the initial state x°.

If the game is played noncooperatively, then the players will seek a Nash
equilibrium in S-adapted strategies defined as follows:

Definition 3.2 An S-adapted Nash equilibrium is an admissible S-adapted strategy
" such that for every player j the following holds:

W@ x%) = W[y, &,].x°),

where u ; is the Nash equilibrium policy vector of all players i 7 j.

We make the following remarks.

'To define a game in normal form, we need three elements: (a) a finite set of players M =

{1,..., m}, (b) a strategy set S; of player i € M, and (c) a payoff function 7; : [] S; = R.
ieM
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Remark 3.3 Although the S-adapted and open-loop equilibria look similar, they
differ in the definitions of the state equations and control variables. In an open-loop
information structure, the control variables and the state equations are defined over
time. Here, as mentioned above, they are defined (indexed) over the set of nodes of
the event tree.

Remark 3.4 As a DGPET has a normal-form representation, the conditions for
existence and uniqueness of a Nash equilibrium are the same as in classical games
with continuous payoffs with constraints as established in Rosen [53].2

If the players agree to cooperate, then they will optimize the sum of their payoffs
throughout the entire horizon,’ that is,

max W = ZWj(ﬁ,xo).

€M emt
Denote by i* (xo) the resulting vector of cooperative controls, i.e.,

i (x°) = argmax Z W; (2. x°) .

jeM

Remark 3.5 The vector ii* (xo) corresponds to the agreement signed by all players
at initial date. This is the vector that we would like to see it implemented throughout
the duration of the game.

Denote by ¥* = {x*(n}):nje A" 1=0,1,...,T} the cooperative state
trajectory generated by i* (x°).

4 Node Consistency

Informally speaking, a cooperative solution in DGPET is node consistent, if the
cooperative payoff-to-go of player j, j € M, in the subgame starting at any node is at
least equal to the noncooperative payoff-to-go in this subgame. We reiterate that this
comparison takes place along the cooperative state trajectory, meaning that at node
of comparison nj,n; € A"t = 1,...,T, the state value is X* (n}). If all players
implement the prescribed actions by joint maximization, then they will collectively
obtain the following outcome:

2For a detailed treatment in the context of this class of games, see Haurie et al. [22].

3We can easily extend our framework to the case where the players maximize a weighted sum of
payofts.
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W= W ().

jeM

Two questions remain unresolved:

1. How can W* be divided among the players? Note that W; (12* (xo)) is the before
side-payment payoff of player j and not what she will actually obtain after side
payments have been made.*

2. How do we design a node-consistent agreement? That is, how is it possible to
allocate each player’s after side-payment payoff over nodes such that all players
stick to the agreement as time goes by?

In order to address these issues, we need to implement the following steps:

1. Define a cooperative game and compute all characteristic function values.

2. Choose a solution concept. This amounts at selecting an imputation, that is, a
vector whose entries correspond to after-side-payment outcomes of the players.

3. Compute for each node of the event tree the cooperative and noncooperative
payoffs-to-go.

4. Define an imputation distribution procedure (IDP) that is node consistent.

4.1 Defining the Cooperative Game

A cooperative game is a triplet (M, v, Y), where M is the set of players; v is the
characteristic function that assigns to each coalition G, G € M, a numerical value,

v(G): PM) - R, v(©)=0,

where P(M) is the power set of M; and Y is the set of imputations, that is,

Y =4 O1,...,Ym) suchthaty; > v({j})andZyj =v (M)
jeM

The characteristic function measures the power or the strength of a coalition. Its
precise definition depends on the assumption made about what the left-out players—
that is, the complement subset of players M\G—will do (see, e.g., Ordeshook
[36] and Osborne and Rubinstein [37]). In their seminal book, von Neumann and
Morgenstern [55] interpreted v (G) as the largest joint payoff that a coalition G can
guarantee its members. In the absence of externalities, i.e., if the payoffs to the
members of a coalition G is independent of the actions of the non-members (M\G),

4The implicit assumption here is that players’ utilities (gains) are comparable and transferable;
otherwise side payments do not make sense.
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then v (G) would be the result of an optimization problem. However, in the presence
of externalities, a prediction of the actions of the non-members of G plays a central
role in the computation of the worth of a coalition. This aspect has led to different
definitions of a characteristic function (see Aumann [1] and Chander and Tulkens
[5]). Note that the developments to come are valid for any choice of v (-).

The definition of the set of imputations involves two conditions, namely,

individual rationality (y; > v ({j})) and collective rationality (Zje uYi ="V (M)).
Individual rationality means that no player will accept an allocation or imputation
that gives her less than what she can secure by acting alone. Collective rationality
means that the total collective gain should be allocated, that is, no deficit or subsidies
are considered. To make the connection with what was said earlier, observe that
v(M) = W* = 3., W (" (x°)), and that player j will get some y;, which is
still to be decided (in the next step) and which will not necessarily be equal to

W; (@ (x7)).

4.2 Selecting Imputations

Game theorists have proposed many solutions for sharing the total cooperative
gain among the players. These solutions are typically based on a series of axioms
or requirements that the allocation(s) must satisfy, e.g., fairness, stability. We
distinguish between solution concepts that select a unique imputation in Y, e.g.,
Shapley value and the nucleolus, and those that select a subset of imputations, e.g.,
the core and stable set. The two most used solution concepts in applications of
cooperative games are the Shapley value and the core. We will use them to illustrate
the process of building a node-consistent cooperative solution.

Definition 4.3 The Shapley value is an imputation 0 = (a1, . . . 0,,) defined by

(m—g)!(g—1)! .
5= , v (G) — v (G\}]. (©6)
m!

GCM

j€G
Being an imputation, the Shapley value satisfies individual rationality, i.e., o; >
v ({j}) for all j € M. The term [v (G) — v (G\{j})] corresponds to the marginal
contribution of player j to coalition G. Thus, the Shapley value allocates to each
player the weighted sum of her marginal contributions to all coalitions that she may
join. The Shapley value is the unique imputation satisfying three axioms: fairness

(identical players are treated in the same way), efficiency | > oj = v (M) | and
jeM

linearity (if v and w are two characteristic functions defined for the same set of

players, then o; (v + w) = 0; (v) + o0 (w) for all j € M).
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To define the core, we need to introduce the concept of dominated imputations.
Lety = (y1,...,¥y) and z = (z1,-..,2,) be two imputations of the cooperative
game < M,v,Y > .

Definition 4.4 The imputation y = (y;,...,y,) dominates the imputation 7z =
(z1, - - -» zm) through a coalition G if the following two conditions are satisfied:

feasibility condition : Z ¥ < v(G),
j€G

preferability condition : y; > z;, Vje€G.

Definition 4.5 The core is the set of all undominated imputations

The following theorem, due to Gillies [18], characterizes the set of imputations
belonging to the core of a cooperative game.

Theorem 4.1 An imputationy = (yi,...,yn) is in the core if

> 3= v(G).¥YG S M.
j€G

In other words, the above condition states that an imputation is in the core if it
allocates to each possible coalition an outcome that is at least equal to what this
coalition can secure by acting alone. Consequently, the core is defined by

C= (yl,...,ym),suchthatZyj >v(G),YVG C M, andZyj =v (M)
j€G jeM

Note that the core may be empty, may be a singleton or may contain many
imputations.’

3The following example illustrates this statement. Consider a three-player cooperative game with
characteristic function values given by

v({1}) = v({2) = v({3}) = 0.
v({1.2}) = v({1.3}) =v({2.3}) =a, v({1.2,3}) =1

where 0 < a < 1. It is easy to verify that three cases can occur: (i) If 0 < a < 2/3, then the core
contains all imputations satisfying y; > 0, > y; > aand ) y; = 1. (ii) If « = 2/3, then the core
JEG jem

is a singleton, that is, the only imputation belonging to the core is (1/3,1/3,1/3). (iii) If a > 2/3,
then the core is empty.
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4.3 Cooperative and Noncooperative Payoffs-to-Go

Introduce the following notation:

it (x* (n?)) : An admissible strategy for player j in the subgame starting in
node nj, with initial state x* (n;), ny € Nt = 1,...,T, and @ (x* (ng)) =
(& (x* (n;)) 1JEM).

EJN (x* (n?)) :  S-adapted equilibrium strategy for player j in the subgame starting
in node nj, with initial state x* (nf), nj € N t=1,...,T, and " (x* (n;)) =

i (x* (n)),[n%,nL]) :  The trajectory of & (x* (n?)) on the path emanating from

j 1 v w J y 'j 1 p g
node n%,n’ € A7, 7 > t, and terminating at node nl, € A#T.

ut (x* (n')) : Cooperative strategy (control) for player j in the subgame startin,

g 1 p gy playerj g g

in node n}, with initial state x* (n), nj € A"t = 1,..., T, and &* (x* (n})) =
(@ (x* (n})) :j € M).
i (x* (n)) . [nf.nT]) :  The trajectory of i (x* (n})) on the path emanating from
node n%,n’ € A7, 7 > t, and terminating at node nl, € 4T,
WY (@ (x* (n]))) - S-adapted equilibrium payoff of player ; in the subgame start-

ing in node n!, with initial state x* (n}), n} € A"t =1,...,T.
W (it (x* (n]))) :  Payoff of player j in the cooperative game starting in node nj,
with initial state x* (n}), nj € 4", 1 =1,....,T.

Remark 4.6 The trajectories i) (x* (n]) ,[nf,nl]) and @ (x* (n}), [n5,nl]) do

not, in general, coincide. One reason is that the trajectory EJN (x* (nf) , [ngnﬂ)
has been computed assuming that the players have cooperated only during the time

interval [0, 7], whereas i)Y (x* (ng), [ng ”5] ) is computed under the assumption of a

J
cooperative mode of play on [0, 7], with T > 7.

If the players adopt the Shapley value, then, in the whole game, player j gets the
following outcome:

o (@) =3 T (G0 () o (@R () @)
=
with

20 (7 (1) = v (M5 ("))

JEM

Similarly, the Shapley value in the subgame starting in node nj and in state X* (nf)
is given by



430 G. Zaccour

m—g)l(g—1)!
o () =3 " e ) - v G\ ()],
GCM ’
j€G

30 (" () = v (M:2* () )

JEM

Now, suppose that the players wish to implement an imputation in the core. The
set of imputations in the core of the whole game is given by

C(xo (no)) = {(yl (xO (no)),...,ym |Zyj n >v(Gx)

Jj€G

VGCM. and Yy (0 (1) = 0020, ©)
jeMm

and in the subgame starting from node nj, with state value x* (nj), given by

O ) = { (1 () -y (D)) 1 3 = 0(Gix* ()

Jj€G

YGCM, and Yy (x*(n) = v(M:x* (n;))} (10)

JEM

A main difficulty in defining a node-consistent core is that C(x° (no)) and C(x*(n}))
are not singletons. This implies that the players must agree, at each node, on the
imputation that they wish to implement in the subgame starting at that node. Further,
we assume that the core of any subgame is nonempty.

4.4 Defining a Node-Consistent Allocation

A cooperative solution in DGPET is node consistent at x° (nO), if the cooperative
payoff-to-go of player j,j € M, in the subgame starting at node nj € A 1t =
1,...,T, is at least equal to the noncooperative payoff-to-go in this subgame. This
will be achieved by introducing an imputation distribution procedure (IDP), that is,
payment functions f; (x* (n})).j € M.n} € 4"t = 1,...,T. The specific values
of an IDP will of course depend on the chosen imputation. The idea of IDP was
originally introduced in Petrosjan and Danilov [43].
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4.4.1 Node-Consistent Shapley Value

Let us suppose that the players choose the Shapley value as solution of the
cooperative game.

Definition 4.6 An imputation distribution procedure of the Shapley value at xq (19)
is given by {8; (x* (7))} sc_yt =y 7 -J € M, satisfying
m =

—1
=Y > am)Bi*(nf)). forallje M. (11)

9=OnZEK/V9

Clearly, an IDP always exists as it simply requires the satisfaction of an
accounting condition stating that any stream of payments to a player is feasible as
long as its total expected value is equal to what that player is entitled to in the whole
game. Note that the payments §;(x* (nk)) are not (necessarily) equal to the realized

payofts, that is, QS;” (x* (n}), u* ”z))- Now, we add the node-consistency condition.

Definition 4.7 The Shapley value o; ()c0 (no)) and the corresponding imputation
distribution procedure {,BJ (x* (n’))}n e N = T r-J € M, are node consistent at

xo (no), if for any (x* (nf)), nj € A", 1 =0,..., T, it holds that

—1
=3 ) 7m)BEE ()

9=OnZEK/V9

+ ) wm)o; (x*()). V¥ jeM. (12)
nEJV’

The definition states that what we allocate till any intermediate node using the
IDP, plus the Shapley value payments in the subgame starting in that node must be
equal to what player j is entitled to in the whole game, that is, her Shapley value
07 (x% (n”)). What remains to be done is to show that there exists an IDP satisfying
the above definition. The following theorem, due to Reddy et al. [52], gives the
result.

Theorem 4.2 The IDP (B (x* (n})). ..., Bw (x* (n}))) defined by

B () =0 () = Y Al oy (¢ (1)) 1 = 0. T =1,

nfrley(n,)

satisfies (12).
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Proof See Reddy et al. [52]. O

The interpretation of this theorem is straightforward. At any terminal node n!,
the IDP payment is exactly the Shapley value in the static game at that node. At all
other nodes, the IDP allocates to player j her Shapley value in the subgame starting
at that node, minus the expected Shapley value in the subgames that are reached in
the sequel. Note that §; (x* (n})) can assume any sign.

4.4.2 Node-Consistent Core

Defining a node-consistent core is more demanding than defining a node-consistent
Shapley value for two main reasons. First, the Shapley value in any subgame,
including the whole game, always exists and is unique. The core may be empty in
some of the subgames, if not in all of them. As we said before, we suppose here that
the cores in all subgames are nonempty; otherwise the construction to follow will
not be feasible. Second, at each intermediate node n§ e N t>0, the players need
to agree on which imputation to select in C(x*(n})), whereas there is no selection
process in the case of Shapley value because o; (x* (n;)) is uniquely defined. Note
that both these issues pertain to cooperative game theory in general and are not
specific to what is done here. Dealing with sets of imputations at each node that
are not singletons leads to the following definition of an IDP, which is clearly more
restrictive than the one stated above.

Definition 4.8 The node payments {f; (x* (nf))}ni N1
IDP of y (x (ng)) € C(x" (n)), if they satisfy the following conditions:

T ,J € M, constitute an

T
Y@ o) =Y Y wm)Bi*n)), (15)
=0 n,e et

DB =D ¢ (x* (). i (n))) . (16)

jeM jeM

VlT

Y Bt (m)) =)0 (x*(n])). (17)

JEM JEM
where the two last conditions are satisfied for any nf e N t=0,...,T—1(for 16),

andany n! € 47

The accounting condition (15) that must be satisfied for the whole game is the
same as (11). The next two conditions in the above definition state that the sum of
payments, at any node, must be equal to the sum of realized cooperative payoffs at
that node. In economic terms, banking payoffs for future use, or borrowing from
future periods are not allowed.
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Definition 4.9 The imputation y(x’) € C(x") and corresponding imputation distri-
bution procedure

are called node consistent in the whole game if for any state x*(nj), nj € A4 =
0,...,T, there exists y(x*(n)) = (1(x*(n))), ..., ym(x*(n))) € C(x*(n})) satisfy-
ing the following condition:

t—1
Y& o) =Y Y wx@DBEEED) + Y @)y (D). (18)

0=0,0 e y0 neN!

If the payoffs in the nodes are allocated according to the imputation distribution
procedure, then node-consistency of imputation y(x”) from the core means that one
can define a feasible distribution procedure under which the continuation values at
every node are in the core of the continuation game.

Definition 4.10 The core C(x°) in the whole game is a node-consistent allocation
mechanism if any imputation y from the core C(x") is node consistent.

Theorem 4.3 If the core C(x°) of the whole game and the core C(x*(n})) of
the subgame starting from any node nj are nonempty, then the core C(x") is
node consistent when the corresponding imputation distribution procedure for each
imputation y(x°) € C(x°) satisfies the following conditions

fort=0,...,T—1:

Bt (D) =y ) = Y w e Iy (), (19)

n;(Jrl ey(n;)
andfort =T:
Bi(x* (n))) = y;(x™ (), (20

where y(x*(n)) = (1 (x* (1), ..., yu(x* (1)) € C(x*(n)) for anyn € N, t =
0,...,T and Jr(n;fl |n}) is the conditional probability that node n,tj'l is reached if
node nj has already been reached.

Proof See Parilina and Zaccour [38]. O

If the core C(x°) of the whole game and the core C(x*(n})) of a subgame
starting from any node nj are nonempty, we can always find at least one impu-
tation y(x*(n})) € C(x*(n})) and, using the given imputations y(x*(n})) for all
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nodes nf € At =0,...,T, construct the imputation distribution procedure

from the core C(x%).
The IDP and the realized outcomes at node nj e N t=0,...,T—1 arerelated
by the following side payments:

(), X (n)) = B () — @) (<" (), " (n)), @1

and for Vn! € #7T:

il 2 (]) = B (1)) — B (& (n])), 22)

where w;(n}, x* (n})) is the transfer payment that player j makes in node nj over the
cooperative trajectory x* (n}), such that

> wi(nf, x*(n})) = 0,

JEM

for any node nj over cooperative trajectory x*(n). Clearly, w;(n}, x*(n})) can assume
any sign depending on the sign of the difference in the right-hand sides of (21)—(22).
O

5 Concluding Remarks

We showed in this paper how to decompose over time the Shapley value and an
imputation in the core such that cooperation is sustained at any node of the event
tree. Many extensions to our framework can be envisioned. First, it should not
be complicated to define node consistency for other solution concepts, such as
proportional payments and a Nash bargaining procedure. Second, we assumed that
the core C(x*(n))) in any subgame is nonempty. An interesting open question is
whether cooperation can still be sustained if the cores in some of the subgames
(not the whole game) are empty. Finally, it would be interesting to consider node
consistency for DGPET when the end of the horizon is random.
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